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Abstract— Diabetic retinopathy is a disease observed among
diabetic people. Diabetic retinopathy dataset contains features
extracted from the Messidor image in order to estimate whether
an image is a DR sign. In this paper, a novel feature weighting
scheme based on the differences between data points and cluster
centers found by using density-based spatial clustering
(DBSCAN), has been proposed. First of all, the cluster centers
belonging to all features in the dataset have been found by
DBSCAN. In the second phase, the differences between data
points and cluster centers for each class in the dataset have been
calculated. Finally, to find the weighting coefficients, the average
values of all the differences for each feature have been computed
and then these obtained average difference values have been
assigned to each feature for each class separately. This weighting
method has been proposed prior to classification or clustering
algorithms. The promising results have been obtained in the
classification of DR disease.
Keywords— Diabetic Retinopathy, Supervised feature weighting
method, classification, pattern recognition

I. INTRODUCTION
The most basic diabetic eye disease, Diabetic retinopathy
(DR), occurs when there is a change in blood veins in the
retina [1, 2]. Sometimes, when these veins swell up, either
there occurs a liquid leakage, or they are blocked off
completely [1]. In other cases, new abnormal blood veins
grow on the surface of the retina [1, 2].
There are various studies in the literature on the detection
and classification of diabetic retinopathy disease. Among
these, Antal et al. [3] suggested an ensemble-based method in
order to monitor Diabetic retinopathy (DR) disease. Their
approach is based on the properties determined from the
output of certain retinal image processing algorithms such as
image-level, lesion-specific and anatomical. They obtained
90% sensitivity, 91% specificity and 0.989 AUC (area under
the ROC curve) values in the classification of DR disease with

the suggested method [3]. Another study was carried out by
Jahiruzzaman and Hossain [4]. In their study, a new hybrid
method based on k-means clustering and fuzzy logic was
suggested in order to classify DR disease. A k-means colour
compression technique was used in order to cluster the fundus
image in a different relevant region to reduce the colour length.
Different parts of diabetic fundus were segmented and
analyzed by using region properties. Consequently, DR was
defined by the information-based fuzzy inference system (FIS)
with its effective properties based on experiments. They
obtained 98.2% sensitivity and 92.3% accuracy in the DR
classification.
In this paper, we have focused on feature weighting
problem based on the differences between each data point and
its cluster center found by density-based spatial clustering
(DBSCAN). The working of the proposed supervised feature
weighting scheme is follows: firstly, the cluster centers
belonging to all features in the dataset have been found by
DBSCAN. Secondly, the differences between data points and
cluster centers for each class in the dataset have been
calculated. Thirdly, in order to find the weighting coefficients,
the average values of all the differences for each feature have
been computed and then these obtained average difference
values have been assigned to each feature for each class
separately. Why does the feature weighting process important
with respect to pattern recognition perspective? There are
some reasons for this response. Let’s talk about that problem.
There are non-linear separable datasets in both in real-world
and in artificial life. To transform from non-linearly separable
dataset to linearly separable dataset, a lot of methods
including data transformation method, feature weighting,
dimension reduction, and etc., have been used in the literature.
The rest of this paper is given as the following. The section
II explains the material. The section III gives the proposed
method and used techniques to classify the DR disease. The
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results are shown in the section of IV. Finally, the conclusion
is given in the Section V.
II. MATERIAL
This dataset contains features extracted from the Messidor
image in order to estimate whether the image is a DR sign. A
new data pre-processing method was suggested in order to
classify DR disease. It was taken from UCI (University of
California at Irvine) machine learning database, which is a
diabetic retinopathy dataset [5]. There are two classes being
normal (healthy) and patient (DR patient) in this dataset. 19
features were extracted from the retina and different places in
order to determine DR disease. There are 540 normal samples
and 611 samples with DR disease. The images of the normal
retina and retina with DR are shown in Figure 1 in order to
demonstrate the state of DR better.

Fig. 1 Sample retina images having normal and DR disease [1]

A three-stage hybrid system was suggested in order to
classify diabetic retinopathy disease. In this suggested hybrid
system, image processing algorithms and 19 features were
first extracted from the images of the normal retina and retina
with DR disease in order to determine DR disease and extract
the features related to the disease. The extraction of 19
features that determine DR disease was performed by Antal
and Hadju [3] [3, 5]. Then, these features extracted were
weighed according to the differences between the cluster
centers and data points. This proposed method is called
“difference based feature weighting by DBSCAN (DBFWDBSCAN) algorithm. At the third stage, DR disease was
determined by giving the weighed datasets as inputs to the
classification algorithms containing Random forest and
bagging. The sub-methods used in the hybrid method
suggested are explained under the following titles.
A. Density-based spatial clustering of applications with noise
(DBSCAN) Algorithm
DBSCAN is a data cluster algorithm that was suggested by
Martin Ester, Hans-Peter Kriegel, Jörg Sander and Xiaowei
Xu in 1996 [6,7]. It is a density-based clustering algorithm: it
works as follows: let us assume that a few points are given in
a particular space, the groups where the points that are close to
each other (those that have many neighbours) are together
mark the lonely points in low-density regions as outliers [6,7].
The flowchart of DBSCAN algorithm is shown in Figure 2.

All of the features in the DR disease dataset either show a
detected lesion, which is a defining feature of the anatomic
part, or an image-level determiner. The names and values of
20 features making up the DR dataset are shown in Table 1.
TABLE I ATTRIBUTE INFORMATION ABOUT DIABETIC RETINOPATHY DISEASE
DATASET

Number
of
feature
in DR
dataset
1
2
3-8

9-16

17

18
19
20

The descriptions of features in the DR dataset taken from
UCI machine learning repository

The binary result of quality assessment. 0 = bad quality 1 =
sufficient quality.
The binary result of pre-screening, where 1 indicates severe
retinal abnormality and 0 its lack.
The results of MA detection. Each feature value stand for the
number of MAs found at the confidence levels alpha =
0.5, . . . , 1, respectively.
Contain the same information as 3-8) for exudates. However,
as exudates are represented by a set of points rather than the
number of pixels constructing the lesions, these features are
normalized by dividing the number of lesions with the
diameter of the ROI to compensate different image sizes.
The Euclidean distance of the center of the macula and the
center of the optic disc to provide important information
regarding the patient’s condition. This feature is also
normalized with the diameter of the ROI.
The diameter of the optic disc.
The binary result of the AM/FM-based classification.
Class label. 1 = contains signs of DR (Accumulative label for
the Messidor classes 1, 2, 3), 0 = no signs of DR.

III. METHOD

Fig. 2 The flow chart of the DBSCAN algorithm [6, 7]

B. The proposed feature weighting method: difference based
supervised weighting by DBSCAN
In this paper, a novel feature weighting scheme based on the
differences between data points and cluster centers found by
using density-based spatial clustering (DBSCAN), has been
proposed. This proposed feature weighting method’s working
consists of three phases. In the first stage, the cluster centers
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belonging to all features in the dataset have been found by
DBSCAN. In the second stage, the differences between data
points and cluster centers for each class in the dataset have
been calculated. Finally, to find the weighting coefficients,
the average values of all the differences for each feature have
been computed and then these obtained average difference
values have been assigned to each feature for each class
separately. This weighting method has been proposed prior to
classification or clustering algorithms. The algorithm of the
proposed feature weighting method is shown in Figure 3.

Fig.3 The algorithm of the proposed feature weighting method

with a different random sampling of the training cluster. The
readers can refer to 10 and 11 references for more information
about the bagging classifier.
IV. EXPERIMENTAL RESULTS
In this study, a new data pre-processing method called
difference based feature weighting by DBSCAN has been
proposed for improving the classification performance of
Diabetic retinopathy disease. Since this disease is very crucial
for people with respect to pre-diagnosis of it, it is important
that the automatic classification of DR disease could be
conducted by the proposed hybrid method.
Before the classification process, the feature weighting
method has been applied to DR disease dataset and then the
weighted dataset has been given to the classifier algorithms
including Random forests and Bagging. To show the
efficiency and performance of the proposed hybrid method, a
lot of performance measure criteria have been used. These
measures are TP (True Positive) Rate, FP (False Positive)
Rate, Precision Recall, F-Measure, and AUC (Area under the
ROC curve) value.
In order to show the superiority of the proposed feature
weighting method, class distributions for both raw DR dataset
and weighted DR dataset have been given according to first
three features of dataset in Figure 4. As can been seen from
this figure, the detection of Diabetic retinopathy disease could
be easily made looking at the weighted first three features of
dataset. So, this data pre-processing method could be
confidently used for other medical datasets.

C. The classification algorithms: Random Forest and
Bagging
Random Forests:
The first algorithm for random decision forests was suggested
by Tin Kam Ho by using the random subspace method [8].
Random forests or random decision forests is an ensemble
learning method for classification, regression or other tasks,
which works in order to obtain the average estimation
(regression) of individual trees, or the class that is the mode of
the classes (classification) and create multiple decision
making trees at the time of teaching [8,9]. The readers can
refer to 8 and 9 references for more details about Random
Forests [8,9].
Bagging:
Bagging [10] is a bootstrap ensemble method which produces
individuals for its own ensemble by training each classifier in
a random distribution of a training cluster [10, 11]. The
training cluster of each limiter is produced through random
extraction, putting it in the place of N examples. N is the size
of the original training cluster. While some are excluded, most
of the original examples can be repeated in the final training
cluster. Each individual classifier in the ensemble is produced

Fig.4 The class distributions for both raw DR dataset and weighted
DR dataset according to first three features of datasets

Table II shows the classification performance results in the
detection of raw DR disease dataset without feature weighting
using Random forests classifier. Table III gives the
classification performance results in the detection of weighted
DR disease dataset without feature weighting using Random
forests classifier. The classification performance results in the
detection of raw DR disease dataset without feature weighting
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using Bagging classifier are shown in Table IV. In the Table
V, the obtained classification results in the weighted DR
disease dataset with Bagging classifier are demonstrated.
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Abstract— Cardiovascular diseases are the major cause of death
in the world. Early diagnose of heart diseases provide an easy
and economic treatment. Heart diseases can be diagnosed easily
using data obtained from heart sounds. Today, heart sounds are
listened by heart auscultation method and heart diseases are
diagnosed according to this process. However since auscultation
method depends on the experience and hearing ability of
physicians, it is not exactly reliable. Therefore a device prototype
that collects the heart sound from human body and also amplifies,
filters, displays and records collected data on digital environment
was designed. Subsequently recordings from 5 different patients
group were collected within clinical application. By the use of
these records, S1 and S2 waves were detected applying discrete
wavelet transform and teager energy operator. As a result S1
and S2 waves were determined with high sensitivity, specificity
and accuracy rates.
Keywords— heart sound recording device, S1-S2 detection,
teager energy operator, discrete wavelet transforms

I. INTRODUCTION
Heart is the most important organ in human body. Heart
consists of 4 chambers the upper chambers are called atria and
the lower chambers are called ventricles. At each contraction
valves between the chambers open and let blood pass through
chambers. Then the valves close to stop blood from moving
backward. Thus, the valves keep blood moving efficiently
through the heart and out to the body [1]. Heart sounds are
associated with heart valves closing and opening. Normally
there are two basic heart sounds, S1 and S2. S1 sound,
corresponds to the start of systole, is the closure of mitral and
tricuspid valves after blood has returned from the body and
lungs. The S2 sound, signaling the end of systole and the
beginning of diastole, is caused by the closing of pulmoner
and aortic valves as blood exits the heart to the body and lungs.
If a valve does not work properly valvular diseases occur [1].
Detection of S1 and S2 waves’ location is significant for
diagnosing these diseases. In the literature there are various
techniques to detect S1 and S2 waves [2, 3, 4, 5]
Heart auscultation is being used for listening to heart
sounds and it is an important technique for diagnosing heart
diseases, especially heart valve diseases [6]. Its origin dates
back to the sixteenth century when William Harvey brought
this concept into limelight for the first time. It was followed
by the advent of stethoscope in 1816 by Aennec [6]. However

since auscultation method depends on the experience and
hearing ability of physicians, it is not exactly reliable.
Nowadays, new techniques have developed such as digital
stethoscopes which can record and replay heart sounds also
known as phonocardiograms (PCG). The PCG shows timings
and relative intensities of heart sounds as a graphic and it may
reveal some information about heart sounds that physicians
cannot [7]. Electrograms (ECG’s), which are the signals that
shows electrical activity of heart, and also echocardiography,
that uses ultrasound waves to create an image of heart, are
other different methods defines the heart conditions [7].
Despite there are lots of techniques that reveal information
about heart sounds each method has its own issues or
challenges [7].
In this study apart from the studies in the literature firstly a
device prototype that collects the heart sounds from human
body, amplifies, filters and displays the collected heart sounds
on digital environment has designed. A mix of normal heart
sounds and sounds from patients with mitral, aorta and
tricuspid insufficiency were recorded using the device
prototype within clinical application. In the second part CWT
and TEO were applied to these records and S1 and S2 waves’
locations were successfully detected.
II. SYSTEM DESCRIPTION
In order to detect S1 and S2 locations a hardware that
collects and records heart sounds from human body was
designed. And a software was written to detect S1 and S2
sounds on the collected heart sounds.

A. Hardware
The device prototype is composed of a stethoscope, a
capacitive microphone, an adjustable amplifier and a filter
circuit, connected computer and an analyse software. The
hardware architecture and system’s block diagram is shown in
Fig.1.
A F.Bosch stethoscope head collects heart sounds and
focuses them through capacitive microphone that converts
sound signal into electrical signal. This electrical signal is
filtered with a high pass filter which has 5 Hz cut off
frequency in order to eliminate DC offset and respiratory
signal. The filtered signal is amplified using THAT1510
amplifier with adjustable gain. The filter and amplifier circuit
is shown in Fig.2. The converted, filtered and amplified signal
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is sent to computers sound card via stereo jack. The analog
sound signal is converted to digital signal by the sound card of
the computer with 16-bit resolution and 44100 Hz sampling
frequency. Designed and produced system is shown in Fig.3.
A MATLAB programme is designed to show and record
the heart signal. The Graphical user interface (GUI) is shown
in Fig.4.
Heart
Sound

Capacitive
Microphone

Filter and
Amplifier
Circuit
Fig. 4 The GUI that showing and recording the heart signal

B. Clinical Studies
MATLAB

Sound Card
of the
Computer

Stereo Jack

Fig. 1 The hardware architecture and system’s block diagram

As a clinical application, heart sound signals are recorded
with the device prototype which was mentioned above. The
recordings are done in cardiology service of Ankara Umut
Hospital under physician’s control. The patient material
consist of 10 heart sound records from 5 different disease
groups which are mitral insufficiency, mitral-aortic
insufficiency, mitral-tricuspid insufficiency, mitral-aortictricuspid insufficiency and normal heart sounds. Patients’ ages
are varied from 58 to 74.
Collected heart sounds consist of 2 normal, 2 from patients
with mitral insufficiency, 2 from patients with mitral-tricuspid
insufficiency, 2 from patients with mitral-aorta insufficiency
and 2 from patients with mitral-aorta-tricuspid insufficiency.

C. Software
Fig. 2 The filter and amplifier circuit

A special software is developed for S1 and S2 waves
detection from collected data. This software can detect the
locations of S1 and S2 waves on the heart signal. For this
purpose discrete wavelet transform (DWT) and teager energy
operator (TEO) are applied to the sound signals respectively.
In Fig.5 the block diagram of the software is shown.
Heart
Sound

Discrete
Wavelet
Transform

Teager
Energy
Operator

S1 and S2
Detection
Fig. 5 The block diagram of the software

Fig. 3 Designed and produced system

1)
Discrete Wavelet Transform: Wavelet transform is
the most effective method for time-frequency analysis of
transient signals. The important advantage of wavelet
transform is the varying window sizes that are narrow for high
frequencies and wide for low frequencies. In this way,
optimum time-frequency resolution can be achieved over all
frequency ranges [11]. Such analysis is obtained from the
discrete wavelet transform (DWT) which is defined as,
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With DWT, the signal is divided into a number of scales.
This process, called the multiple resolution decomposition
[11]. In this process, signal is passed through low-pass and
high-pass filters. The outputs from low pass filters are
approximation coefficients and the outputs from high-pass
filters are detail coefficients [8].
In this study DWT is applied to the heart sound signals and
signals were decomposed into seven sub-band. In the
decomposition process approximation coefficients and
‘dmeyer’ wavelet are used. At the seventh sub-band, signals
frequency ranges were 0-172 Hz hence by this method signals
were downsampled and filtered. Subsequently teager energy
operator (TEO) is applied to the signals that were decomposed
into 7 sub-bands.
2)
Teager Energy Operator: It is experimentally
observed that TEO can suppress the smooth changes and
dominate instantaneous changes in heart sound signal such as
S1 and S2 waves [9].
In continuous-time, the TEO is defined as;

𝜓𝑐 [𝑥(𝑡)] = [𝑥̇ (𝑡)]2 − 𝑥(𝑡)𝑥̈ (𝑡)

Subsequently the S1 and S2 waves’ locations are detected
with the application of DWT and TEO on these signals. Some
samples of detected S1and S2 locations on heart sound signal
are shown in Fig.6, Fig7, Fig.8, Fig.9 and Fig.10 respectively.
Detected S1 and S2 Location on Heart Sound Signal
10
Amplitude

(1)

5
0
-5
1

3

4

5
6
Second
Fig. 6 Normal Heart Sounds
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9
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10

(2)

5
0
-5
-10

where x(t) is a continuous-time signal and ẋ (t) =dx/dt. In
discrete-time, the TEO can be approximated by;

1

2

3

4

5
Second

6

Fig. 7 Mitral Insufficiency

(3)

Detected S1 and S2 Location on Heart Sound Signal

Amplitude

where x(n) is a discrete-time signal [9]. After this procedure
since TEO boosts the sudden changes, S1 and S2 waves has
the highest teager energy.
An adaptive threshold was applied to teager energy signal
to determine the S1 and S2 peaks. The threshold value was
calculated as the %10 of the maximum value of teager energy
signal. And it was accepted that the values, over the threshold
value, are the location of S1 and S2 waves.

10

3)
System Efficiency: To determine the S1 and S2
detection efficiency, the sensitivity, specificity and accuracy
were computed.
There are several terms to calculate sensitivity, specificity
and accuracy of the study, which are true positive (TP), true
negative (TN), false negative (FN), and false positive (FP)
[10]. Sensitivity, specificity and accuracy are computed in
terms of TP, TN, FN and FP.
(4)
(5)
(6)

5
0
-5
-10
1

2

3

4

5
Second

6

Fig. 8 Mitral-Aortic Insufficiency

Detected S1 and S2 Location on Heart Sound Signal
10
5
Amplitude

2

𝜓𝑑 [𝑥(𝑛)] = 𝑥(𝑛) − 𝑥(𝑛 + 1)𝑥(𝑛 − 1)

Sensitivity = TP/(TP + FN)
Specificity = TN/(TN + FP)
Accuracy = (TN + TP)/(TN+TP+FN+FP)

2

Detected S1 and S2 Location on Heart Sound Signal

Amplitude

𝑊𝑥 [𝑛] = ∑∞𝜏=−∞ Ѱ[𝜏]𝑥[𝑛 − 𝜏]

0
-5
-10
1

2

3

4
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Second

6

Fig. 9 Mitral-Aortic-Tricuspid Insufficiency

III. RESULTS
To show the usefulness of the designed device, a clinical
application was done. In this context 10 patients’ data is
collected. A sample recorded heart sound signal using
designed devices is shown in Fig.4.
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As seen in Table 1 S1 and S2 waves’ locations are detected
from collected heart sounds within the clinical applications
with high specificity, sensitivity and accuracy rates.

Detected S1 and S2 Location on Heart Sound Signal
10
8

Amplitude

6
4

IV. CONCLUSION AND DISCUSSION
In conclusion, it was decided that the designed device can
0
visualize and record the heart sounds successfully. And also it
-2
was concluded that this devise can be use in disease diagnosis
-4
under consideration of expert physician.
1
2
3
4
5
6
7
8
9
10
Second
Besides S1 and S2 waves’ locations are detected with high
Fig. 10 Mitral-Tricuspid Insufficiency
specificity, sensitivity and accuracy rates from collected heart
sounds within the clinical applications. Apart from the
techniques in literature DWT and TEO is used. It is observed
The sensitivity, specificity and accuracy were computed as that the S1 and S2 location are detected with 99% accuracy
performance criteria. In this study, if the locations that are rate which is higher than the accuracy rates in the literature.
determined as S1 and S2 by the physician are also indicated as
With the use of these methods S1 and S2 can be determined
S1 and S2 by the system, the results of the system is true easily and detection of these waves may be useful for disease
positive (TP). Similarly, if S1 and S2 waves are proven absent, detection. For this purpose, in further studies disease
the system suggests S1 and S2 waves are absent as well, the detection software may be developed according to these
test result is true negative (TN). Nevertheless there can be outcomes.
some mistakes in this detection test. If the detection test
indicates that there is S1 and S2 waves where there are no S1
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Abstract— This study is aimed at providing an innovative point
for the wind tribunes’ technology to the researchers and the
application engineers dealing with design issue. By this aim,
New Generation Generators (NGG) will be investigated
academically as well as implemented in our country. In this
work, the main goal is increasing the utilization rate of wind
energy which is low for our country and spreading the usage of
this system. A new generation electric generator (NGG) based
on vortex-induced vibration will be design and analyze in
small-scale, compact, light (not heavy), portable and highly
efficient for the usage in rural areas. This new research and
development subject is also aimed to contribute to the
improvement of technological developments and scientific
knowledge in new generations of electricity generators based
on vortex-induced vibrations from wind energy technologies.
Keywords— Bladeless Turbine; Green Energy; Renewable
Energy; Wind energy; Wind Turbines
I. INTRODUCTION
The World energy requirement has been increasing about 45% for every year. On the other hand, comparing the demand
of this need the fossil-fuel reservoirs have been consuming
more rapidly. The optimistic estimates show that oil reserves
will be run out in great extent in the years between 2030-2050
and cannot meet the energy needs. Due to the limited energy
sources, the alternative energy sources become more important.
Nowadays, wind energy is one of the most popular alternative
energy sources. Wind energy is converted to usable form with
wind power plants that have wind turbines as the main elements
of the power plant. The basic working principles of wind
turbines based on energy conversion. First the motion of air
molecule by pressure difference creates kinetic energy on
turbine then this energy convers into electrical energy for
consumers [1].
Wind turbines are classified by the direction of rotation axis
such as horizontal and vertical. Today, in parallel to the
technological developments horizontal axis wind turbines are
used at 1.0-6.0 MW power plants. Any kinds of wind turbine
consist of a body and a rotor were placed on a tower at a height

of no change at speed profile of wind. The wings and hub are
the parts of rotor. The wings having a support of steel backbone
are made of polyester reinforced fiberglass or epoxy reinforced
fiber carbine [2,3].
The blade diameter of the new generation wind turbines with
three wings has reached 100 m. The rotor hubs of modern wind
turbines are located on a tower at 60-100 m above ground level.
Since existing wind turbines have a winged structure, it is
necessary to work at the optimum wind speed level to turn the
wings and generate the power. In addition, investment costs of
common models are very high. To eliminate these drawbacks,
Spanish entrepreneurs have developed electricity producers
that can generate electricity without using propellers.
The initiative company, called the Vortex Bladeless, has
revealed a new design that challenges traditional wind turbines.
The company stated that whatever the severity of the wind, the
electric generator is allowed to shake. When the electric
generator starts to shake, the alternator underneath transforms
the mechanical movement into electricity. These new systems
generate energy by shaking. This system is open for new
developments and scientific research studies.
This study is aimed at providing an innovative point for the
wind tribunes’ technology to the researchers and the application
engineers dealing with design issue. By this aim, New
Generation Generators (NGG) will be investigated
academically as well as implemented in our country. In this
work, the main goal is increasing the utilization rate of wind
energy which is low for our country and spreading the usage of
this system. A new generation electric generator (NGG) based
on vortex-induced vibration will be design and analyze in
small-scale, compact, light (not heavy), portable and highly
efficient for the usage in rural areas. This new research and
development subject is also aimed to contribute to the
improvement of technological developments and scientific
knowledge in new generations of electricity generators based
on vortex-induced vibrations from wind energy technologies.
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II. WIND POWER INSTALLATIONS AND DEVELOPMENTS IN THE
WORLD AND TURKEY
Nowadays wind power technology grows rapidly worldwide
as it becomes challenging renewable power technology [4-6].
Especially, advantages of wind power in terms of economy and
competitiveness compared to the other electricity sources make
its investment appealing globally [7,8]. Wind power is in the
trend of expanding worldwide, and also reflects the reduced
cost of turbines, widening policy support and thriving of the
investor recognition of the positive characteristics of wind
generation [9]. Similar to the most renewable energy sources,
wind power is capital-intensive, and declining of capital costs
is important for realization of wind power projects. Although
fuel costs aren’t valid for wind operations, however it is proper
to lower the operation and maintenance expenses for improving
the economy of wind power. Recently, the initial investments
of wind farm are reduced, mainly competition between
producers and technological advancements which is enhanced
wind turbine capacity factors [10]. The levelised cost of
electricity (LCOE) of typical wind farms in 2014 was in the
range of 0.06–0.10 USD per kWh for onshore wind to 0.120.21 USD per kWh for offshore wind. Some countries have
held out financial supports like feed-in tariffs to keep in safe the
greater income and to reduce investor risk [9].
Wind power has been growing towards a mainstream, as a
competitive and reliable electric producing technology.
Globally, progress continues to be robust, involving more
active countries and players, thus enhancing yearly installed
capacity with new investments. Technological progress has
continuously reduced energy costs, especially on offshore. The
industry has overcome the supply of bottlenecks and expanded
supply chains [11]. It is realized that wind power plays a
significant role in electricity generation by growing number of
countries who pay substantial attention on that. In the EU, wind
power’s share of the electricity production is around 10.4% in
2016. Several EU countries involve in producing electric from
wind power, which corresponds to significant part of total
demand, for example, 36.8% in Denmark, 27% in Ireland, 24.7%
in Portugal, and 19% in Spain. Wind power capacity worldwide,
by the end of 2016 was sufficient to cover 4.0% of cumulative
electricity demands [9].

turbine to generate electricity started its operation in 1897.
After that, energy generation from wind has widened from
Europe and the US to the world. Global installed wind
generation capacity has enhanced nearly 50 times in the last two
decades, from 7.5 GW in 1997 to more than 486.8 GW in 2016.
Nowadays, for electricity generation wind power is the fastest
growing sector and, it has also been seen that the wind power
is the fastest growth among renewable energy sources in recent
years [12]. Figure 1 indicates the total wind power installed
capacity in Europe and the world between 2000 and 2016. The
capacity of wind energy installation within this given interval
has a rapid increasing trend. The cumulative installed wind
power capacity in 2000 was only 17.4 GW globally. The total
worldwide wind power capacity at the end of 2016 was 486.8
GW [13]. Presently, the EU owns 153.7 GW of installed wind
power capacity with a share of 141.1 GW of energy is received
from onshore find farms and 12.6 GW of energy is gained from
offshore find farms [14].
Turkey’s cumulative wind power installed capacity is
reported in Figure 2 including the years from 2005 to 2016.
Capacity of wind energy installation trend rose rapidly
within this range of years. In Turkey, the total wind power
installed capacity in 2005 and 2012 are stated to be 20 MW and
2.312 MW, respectively, denoting the rapid increase in seven
years. In upcoming years, 2013 and 2014, this reaches 2.958
MW and 3.762 MW, respectively. By the end of 2016, as wind
energy installations came up with 5,751.3 MW in total [15].
Wind resources of Turkey are excellent, especially in the
Çanakkale, Izmir, Balıkesir, and Hatay basins. Aegean,
Mediterranean and Marmara regions are more concentrated
according to the geographical wind turbine distributions [13].

Figure 2. The cumulative wind power installed capacity in
Turkey

Figure 1. The total installed capacity of wind power in Europe
and the world
Wind power production was succeeded in the UK and the
US in 1887-1888. Nevertheless, modern wind power is said to
have commenced in Denmark, where horizontal-axis wind
turbines were constructed in Askov in 1891, and a 22.8 m wind

III. WIND TURBINE MODELS
Today, there are various types of wind turbine models in
operation around the world as seen in Figure 3-6. The most
common model is the horizontal axis wind turbine (HAWT). In
this type turbine model, the axis of rotation is parallel to the
ground. HAWT rotors are usually classified according to the
rotor orientation (upwind or downwind of the tower), hub
design (rigid or teetering), rotor control (pitch vs. stall), number
of blades (usually two or three blades), and how they are
aligned with the wind (free yaw or active yaw). This turbine
consists of only a few aerodynamically optimized rotor blades,
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which for the purpose of regulation can usually be turned about
their long axis (Pitch-regulation). These turbine models can
deliver power ranging from 10 kW to some MW. The largest
turbine on the European market has a power of 6 MW. The
efficiency of this type of wind turbine models in comparison
with other types of windmills is very high [3,16].
Wind Direction
Horizontal Axis
Wind Turbine

Wind Direction

Vertical Axis Wind
Turbine

Upwind

Downwind

Figure 5. Horizontal Wind Turbine (upwind/downwind) [3]

Figure 3. Horizontal and Vertical Axis Wind Turbine [3]
Another conventional type of horizontal axis rotor is the
multi-blade wind turbine model. Such windmills have a high
starting torque which makes them suitable for driving
mechanical water pumps. The number of rotations is low, and
the blades are made from simple sheets with an easy geometry.
For pumping water, a rotation regulating system is not
necessary, but there is a mechanical safety system installed to
protect the converter against storm damage. The rotor is turned
in the direction of the wind by using a so called wind-sheet in
leeward direction. The mechanical stability of such “slow speed
converters” is very high. In order to increase the number of
rotations, this type of turbine model had been improved and
equipped with aerodynamically more efficient blades
facilitating the production of electricity, where the area of a
blade is smaller [3,16].

Another concept that appears periodically is the concentrator
or diffuser augmented wind turbine (DAWT) [17]. In both
types of design, the idea is to channel the wind to increase the
productivity of the rotor. The problem is that the cost of
building an effective concentrator or diffuser, which can also
withstand occasional extreme winds, has always been more
than the device was worth [3,16].

Horizontal axis

Figure 6. Concentrator or Diffuser Augmented Wind Turbine
[18].

Single
Bladed

Double
Bladed

Three
Bladed

Multi
Bladed

Figure 4. Horizontal Wind Turbine Bladed Types [3]
A third type of wind turbine model is known as DARRIEUS,
a vertical axis wind turbine (VAWT). Their advantage is that
they do not depend on the direction of the wind. To start, they
need because of their low starting torque the help of a generator
working as a motor or the help of a SAVONIUS rotor installed
on top of the vertical axis. Despite some appealing features,
Darrieus wind turbines had some major reliability problems and
were never able to match corresponding HAWTs in cost of
energy. However, it is possible that the concept could emerge
again for some applications [3,16].

The last technique to deal with is known as Up-StreamPower-Station or thermal tower. In principle, it can be regarded
as a mix between a wind converter and a solar collector. The
top of a narrow, high tower contains a wind wheel on a vertical
axis driven by the rising warm air. A solar collector installed
around the foot of the tower heats up the air. The design of the
collector is simple; a transparent plastic foil is fixed several
meters above the ground in a circle around the tower. Therefore,
the station needs a lot of space and the tower have to be very
high. Such a system has a very poor efficiency, only about 1%.
The advantage of such a design is its technical simplicity,
which may enable developing countries to construct it by
themselves [3,16].
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IV. BLADELESS WIND TURBINE
Today, in parallel with technological developments,
horizontal axis wind turbines are used at 1.0-6.0 MW power. It
consists of a body of wind and a body and a rooftop placed on
a tower at a height where the surrounding obstacles will not
change the wind speed profile. The wings and hub are called
rotors. The wings are made of polyester reinforced fiberglass or
epoxy reinforced fiber carbide and are supported by a steel
backbone. The blade diameters of the new generation wind
turbines with three wings have reached 100 m. The rotor hubs
of modern wind turbines are located on a tower 60-100 m above
ground level. The amount of energy to be obtained from a wind
turbine depends on the wind speed from the first degree.
Increasing the height of the turbine, given the fact that the
resulting wind speed will increase, will ensure maximum
utilization of the current wind power. The following
disadvantages can be seen as the existing wind turbines have
winged structures:
- For the return of the wings, a wind jelly is required at the
optimum level.
- Investment costs are very high.
- Wind roses are causing serious problems for migrating
birds.
To eliminate these drawbacks, Spanish entrepreneurs have
developed electricity producers that can generate electricity
without using propellers. The initiative, called the Vortex
Bladeless, has revealed a new design that challenges traditional
wind turbines shown in Figure 7. The company stated that
whatever the wind intensity, using the magnets enabled the
generator to shake. When the electric generator starts to shake,
the alternator underneath transforms the mechanical movement
into electricity. These new systems generate energy by shaking.
Thanks to the magnets used in the design, it is possible to obtain
energy in all weather conditions. It is stated that it is 40%
cheaper than the system that transforms the shaking motion into
electric energy through alternators and that it provides 50%
lower cost of the new wind turbine, which attracts attention
with its cheap production and maintenance costs. Although
they produce 30% less electricity than poultry wind turbines,
they are wingless and because the distance between the two
masts is reduced, it is possible to install more new types of
electricity generators in the same amount of space.
Advantages of bladeless wind turbines:
- Prevents sound pollution that occurs in the conventional
method.
- It does not hurt the birds because they do not have wings
like roses.
- Thanks to its design, it provides both sea and land
installation.
- According to the simulations made, the system is not
completely dependent on the wind, thus preventing loss or
reduction of energy production. Thanks to the rain water,
energy production can be achieved even if there is no wind.
- 40% cheaper in energy production than conventional
methods.
- Due to its simple design, the production cost of the stands
is 50% cheaper.

- It is thought that the people of the region and tourists will
be interested in the different designs.

Figure 7. Traditional and Bladeless Wind Turbines
V. OTHER TRENDS
Blade Tip Power System (BTPS): Today one of the goals of
research and development is to generate new data and
information on wind turbines with alternator combined rotors
(Figure 8). Here, the cage system includes coils and
neodymium magnets placed around the rotor blades. In this way,
the rotor blades and cage system are used as a resultant
generator, called the closed blade power system [19].

Figure 8. A Miniature Wing Profiled Diffuser Augmented
Wind Turbine: Blade Tip Power System [19].
The world's first typhoon turbine: Designed by Japanese
Atsushi Shimuzi, the world's first typhoon turbine will provide
extra energy to Japan, which receives large typhoon storms. It
is estimated that there is 50 years of energy in a single spectrum.
Ideal design to use this energy source. This design of Shimizu
is a sturdy vertical axis Magnus wind energy generator that is
strong enough to withstand the high winds of the typhoon with
a mechanism that acts like an egg whisker. This design was
successful in achieving promising results in the tests.
A hybrid wind-hydro turbine: This is the world's first hybrid
wind-hydro energy generator, combining hydropower
technology with conventional wing turbines. Germany will
produce 13.6 Megawatts of energy with 4 wind turbines that
will be located in the swabian-francen forests of Germany. In
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Abstract—In this paper harmonic effects of three phase-shift
controllers on full-bridge isolated bidirectional dc-dc converter
are compared. Isolated Bidirectional DC-DC Converter (IBDC)
is one of the power transferring systems in power quality issues
and design of IBDC is expressed. Single Phase-Shift (SPS),
Extended Phase-Shift (EPS) and Dual Phase-Shift (DPS)
controllers are explained and discussed for harmonic elimination.
Furthermore, a novel IBDC with CLLC topology is introduced
and it gives the best harmonic elimination way with DPS control
method. The topology is usable for medium power applications
such as dc power transferring between renewable energy sources.
The cases of study clearly show the capabilities of phase-shift
control methods and IBDC with CLLC topology from the
viewpoint of harmonic elimination in order to obtain clear dclink voltage.
Keywords—Isolated bidirectional dc-dc converter, H-bridge,
phase-shift controllers, harmonics, comparison.

I. INTRODUCTION
Bidirectional DC-DC Converter (BDC) literature has
different converter topologies and control methods for
improving efficiency. On the other hand, transferring power
should be high in power quality issues and harmonics on output
voltage waveforms should be mitigated in order to obtain clear
dc-link voltage. In this way, lifetime of equipments which can
use this dc-link voltage, will be increased.
Lots of control methods are used in isolated BDC topology
and most common phase-shift control methods are Single
Phase-Shift (SPS), Extended Phase-Shift (EPS) and Dual
Phase-Shift (DPS). These phase-shift controllers are used by
changing triggering signals of IGBTs or MOSFETs for
increasing transmission powers between input and output of the
converter. In the beginning of isolated BDC literature [1] are
used SPS control method in H-bridge topology to obtain better
transmission results than conventional PWM converters. Then,
[2-7] references are studied EPS and DPS respectively.
Additionally, [7] use snubber capacitors to provide soft
switching and demonstrate Zero Voltage Switching (ZVS).
Additionally [8] provide both Zero Current Switching (ZCS)
and ZCS without using snubber capacitors. These parallel
connected capacitors decrease switching power losses and
increase efficiency of the system. Therefore, snubber capacitors

should be chosen correctly. Moreover, calculation of DC-link
capacitors and inductors has critical importance to keep
intended output voltage.
The aim of this study is comparing input and output
harmonic levels of isolated BDC by using SPS, EPS and DPS
control methods at same buck mode conditions because of
none of these studies in literature did not searched this issue for
evaluating the harmonic effect on DC grid systems. Especially,
a novel CLLC-IBDC topology is created and operated with
DPS control method by using IGBTs for medium voltage
applications. Because MOSFETs are used in lower power
applications than IGBTs in BDC literature.
In overview of this paper, first of all IBDC is introduced
and its parameters are calculated. After the introduction of
converter topology, comparison of phase-shift controllers are
defined respectively. Then, Total Harmonic Distortion (THD)
results are given for buck and boost operation modes in each
phase-shift control method at fourth chapter. In fifth chapter, a
novel LCL-IBDC topology is presented and given its harmonic
results. Briefly, this paper contributes a comprehensive study
on harmonic effects of phase-shift controllers at literature and
all of the theoretical analysis are validated from
PSCAD/EMTDC simulation program.
II. CONVERTER TOPOLOGY AND OPERATION PRINCIPLES
Fig. 1 shows the IBDC topology and its circuit parameters
are given in Table 1.
Q1

D1

Power Flow 2

D3
Q3
L1

V1

S1

Power Flow 1

1:1

D5

S3

D7

L2

C1

C2
Q2

D2

Stage A

Q4

D4

20 kHz Isolated
Transformer

S2

D6

S4

V2

D8

Stage B

Fig. 1. Circuit Topology of Single-Phase H-Bridge Bidirectional Isolated BuckBoost DC-DC Converter
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In this H-bridge topology, totally 8 IGBTs are connected
with 8 diodes and 8 snubber capacitors. Calculation of DC-link
capacitors C1, C2 and auxiliary inductors L1, L2 are given in
(1), (2) and (3). These values are suitable for each phase-shift
control methods. Thus, phase shift angle δ is chosen similarly
at all of the PS control methods.

VV N
P 1 2
L
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PI

Vdcref
Vdc

Comparator
0
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Q2 , Q4
NOT
Gate
Comparator

I LTsw
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I O DTsw
VO
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0
Cos(2πf- )

Pulses
S1 , S3

C

S2 , S4
NOT
Gate

Fig. 2. SPS Control Block Diagram
Limiter

Controller

In equation (1), when V2>V1 and phase shift angle δ is
used for calculating auxiliary inductances L1 and L2
(L=Ltrans+2L1 or L=Ltrans+2L2 , Ltrans is the inductance of high
frequency transformer) based on power of the converter P,
turn ratio N and  =2πf by considering buck and boost modes
[9].
Equation (2) and (3) provide to calculate dc-link
capacitors. Where ∆Vo is peak-to-peak voltage ripple of the
buck mode of the converter output (1 to 2% of the output
voltage) for (2) and f is switching frequency, Tsw is 1/f .
Moreover, ∆IL is the peak-to-peak current ripple. D is duty
cycle and ∆Vo is peak-to-peak voltage ripple of the boost
mode of the converter output in (3). Other parameters are the
same as (2).
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CIRCUIT AND SIMULATION PARAMETERS OF IBDC
SPS, EPS, DPS

Control Methods & Parameters
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TABLE I.
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Fig. 3. EPS Control Block Diagram

Buck Mode
(PF1)

Boost Mode
(PF2)

Controller
PI

Rated DC Voltages

V1-V2

200V-160V

160V-200V

DC-link Capacitors

C1-C2

70mF-180mF

180mF-70mF

Auxiliary Inductors

L1-L2

18μH-12μH

12μH-18μH

Snubber Capacitors

C

0.068μF

0.068μF

Resistances

R

20Ω

20Ω

Switching Frequency

f

20kHz

20kHz

Proportional Gain

Kp

400

400

Integral Gain

Ki

0.02

0.02

Transformer Turn Ratio

N

1:1

1:1
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III. COMPARISON OF PHASE SHIFT CONTROLLERS

0
Cos(2πf- 1)

SPS, EPS and DPS have different characteristic features
according to their control algorithms and triggering signals.
Thus, these control methods give different efficiency results
and efficiency alignment is DPS>EPS>SPS. On the contrary,
alignment of their error rate is SPS>EPS>DPS for intended
output voltage. In this way DPS is more useful than the other
control methods.
Fig. 2, 3, 4 and 5 show the control block diagrams of PS
controllers and triggering signals of IGBTs for each controllers
respectively.

Pulses
S1

C

S2
NOT
Gate
Comparator
0
Cos(2πf- 1+ 2)

Pulses
S3

C

S4
NOT
Gate

Fig. 4. DPS Control Block Diagram
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Fig. 8. THD spectrum at primary side of the transformer for EPS
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Fig. 9. THD spectrum at load side of the converter for EPS

0.6624

0.6625

Fig. 5. Triggering Signals of SPS, EPS and DPS

IV. THD RESULTS OF EACH PHASE SHIFT CONTROLLER
THD spectrums are obtained from primary side of the
transformer and load side of the converter both buck and boost
modes. THD values decrease gradually in SPS, EPS and DPS
respectively. Fig. 6, 7, 8, 9, 10, 11 demonstrate THD spectrum
for each PS control method.

Fig. 10. THD spectrum at primary side of the transformer for DPS

Fig. 6. THD spectrum at primary side of the transformer for SPS

Fig. 11. THD spectrum at load side of the converter for DPS

Table 2 shows the THD values of the Fast Fourier
Transform (THDFFT) for each PS control method.
TABLE II.

THD VALUES OF EACH PHASE SHIFT CONTROL METHOD

Measurement Point &
Mode Type
Primary Side
(Stage A – Boost Mode)
Load Side
(Stage B – Buck Mode)

Fig. 7. THD spectrum at load side of the converter for SPS
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V. A NOVEL CLLC-IBDC TOPOLOGY
CLLC-IBDC topology is used in [8] with MOSFETs and
achieved ZVS+ZCS. In this topology triggering signals are
produced from IGBTs for being durable in high power
applications. Thus, it provides ZCS because of Stage A and
Stage B are composed of IGBTs. The Novel CLLC resonant
tank is applied by LLC resonant tank Ls, Lm, Cs1 and additional
resonant capacitor Cs2 in Fig. 12.
Q1

D1

Q3

D3

Power Flow 2
Power Flow 1

C1
Q2

D5

S3

C2

Q4

D4

20 kHz Isolated
Transformer

S2

D6

Stage A

S4

Dual Phase Shift

V2

Stage B

Fig. 12. A Novel CLLC Full Bridge Isolated BDC Topology

Actually, full-bridge CLLC-IBDC with IGBTs and snubber
capacitors are available for high power applications. But in this
paper, same V1, V2 values are used for obtaining sturdy
comparison and efficiency result is a little bit lower than
MOSFETs combined topology. In this way, the circuit
parameters are calculated as (4) [8] and (5) [10]. Equation (4)
represents the resonant frequency is dependent with Cs1 and Ls
and these resonant frequency associated with switching
frequency of triggering elements such as MOSFETs or IGBTs.
Equation (5) shows calculation of magnetic inductor and it is
dependent with tdead that is the dead time between the upper and
lower side switches in the same bridge leg, fs switching
frequency and Coss equivalent output capacitance of the
inverting switches. In these calculations show that Lm should be
apparently much larger value, three to five times than Ls.
Moreover, sweep parameter g must be known for calculating
second resonant capacitor Cs2 by using g= Cs2 / Cs1. Sweep
parameter can be chosen from a curve of dc gain against
switching frequency with different load conditions [8]. After
the determination of the dc gain at the resonance frequency M,
transformer turn ratio n can be calculated as (6).
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8. f s .Coss

Buck Mode
(PF1)

Boost Mode
(PF2)

Rated DC Voltages

V1-V2

200V-160V

160V-200V

DC-link Capacitors

C1-C2

70mF-180mF

180mF-70mF

Blocking Capacitors

CS1-CS2

45nF-1150nF

45nF-1150nF

Magnetic Inductor

Lm

225μH

225μH

Auxiliary Inductor

Ls

50μH

50μH

Snubber Capacitors

C

0.068μF

0.068μF

Resistances

R

20Ω

20Ω

Switching Frequency

f

20kHz

20kHz
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0.8

0.8

D8

This topology can be designed either full bridge or half
bridge and Lm must be used to realize magnetic integration in
both topological conditions. Thus, it is named as magnetic
inductor of the transformer. Additionally, Cs1 and Cs2 are
named as blocking capacitors and appropriate for both power
flows.

CIRCUIT PARAMETERS OF CLLC-IBDC TOPOLOGY

Control Method & Parameters

D7

Lm
D2

TABLE III.

Cs2

Cs1 Ls 1:1
V1

S1

Circuit parameters of CLLC-IBDC topology are shown in
Table 3 below.

VI. THD RESULTS OF CLLC-IBDC TOPOLOGY
If CLLC-IBDC topology operates with DPS controller, its
performance results will be increase because of DPS is more
effective controller than SPS and EPS.
THDFFT simulation results are shown in Fig. 13 and 14 for
primary side of the high frequency transformer and load side
respectively. Additionally, boost mode THDFFT value is 18.3%
and buck mode THDFFT value is 9.6% with DPS control
method.
thd spectrum
100.0

0.0

[1] 1.0

Fig. 13. THD spectrum at primary side of the transformer for CLLC-IBDC
with DPS controller
thd spectrum
100.0

(4)

(5)
0.0

[1] 1.0

V
n  M . in
Vo

(6)

Fig. 14. THD spectrum at load side of the transformer for CLLC-IBDC with
DPS controller

- 18 -

6th International Conference on Advanced Technology & Sciences (ICAT'Riga)

Sep 12-15, 2017, Riga/LATVIA

___________________________________________________________________________________________________________

Consequently, three phase shift control methods are
compared based on their harmonic spectrums and THDFFT
values. Table 2 and chapter VI demonstrate boost mode THD
values are higher than buck mode values. Especially, CLLCIBDC topology produce more decent dc-link voltage than
conventional IBDC topology at both power flows. In addition
to this information, efficiency results are shown in Table 4 for
each converter topology and their control methods.
TABLE IV.

EFFICIENCY RESULTS OF EACH CONVERTER TOPOLOGY AND
THEIR CONTROL METHODS

Topologies &
Control Methods
Buck Mode
(PF1)
Boost Mode
(PF2)

Conventional IBDC

CLLC-IBDC

SPS

EPS

DPS

DPS

84.2 %

89.3 %

92.5 %

94.8 %

76.7 %

82.1 %

85.3 %

88.6 %
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Abstract— Today, renewable energy sources are in service
at the level of blackout that makes service restoration
complicated. Presently, this problem cannot be handled (or
solved) employing a single solution technique. Thus, intelligent
techniques for recovering the whole system back to the service
are specifically needed in smartgrid.
K-means Clustering technique is used to identify and detect
the nature of blackouts (also known as line outages) in this
paper. The method is regarded as a signal processing method
and many algorithms have proposed to get a local optimum so
far. Data generation and load flow studies is the first stage of the
detection algorithm and common IEEE buses are used to
achieve it. For load flow studies a common approach known as
Newton Raphson (NR) is employed to calculate bus voltages and
their associated angles. Together with bus voltages and angles
(δ), active/reactive powers are the data that the K-means
Clustering needs.
The results show that the suggested technique is able to
detect line outages prior to the beginning.
Index Terms-- Blackout, K-Means Algorithm, Newton-Raphson
Load Flow Algorithm, Smartgrid

I.

INTRODUCTION

Generally speaking, power systems present a reliable
supply to the customers. However, there is always a
possibility of blackouts in any power network, which
transfers electric power in GW levels. Something has to be
done to prevent the catastrophic effect of blackouts so that its
possibility will be eliminated in the power grid. Some
measures such as prevention, correction, and restorations
should be taken into account even if it causes huge amount of
investments. In the case of blackouts in any power network, it
can be so difficult to restore the grid due to its working
condition i.e. maximum loading status, the condition of
renewable/distributed generations. Therefore, it is a series of
complex and time-consuming operations. To avoid this
condition, current power grids have SCADA software to
monitor and control tasks. Under normal conditions to restore

the power system back to the service is still done manually
according to guidelines and formerly prepared plans [1-3].
As stated above, the power need increases according to
the development level of the country and conventional power
network may not stand the huge amount of load flow due to
loadability level of the transmission lines. Consequently, in
case of any power fail, the whole power grid including
distributed generations may be driven to the blackouts. For a
reliable and continuous operation taking into account of
clients’ demand, this possibility should be eliminated on a
large scale.
It is well-known that a power system is designed in loop
and operated in open loop. Consequently, many switches,
which help to restore the power grid, are used to connect the
feeders [4,5]. As an example, the Turkish national power grid
experienced a severe blackout condition during the Marmara
Earthquake Blackout in 1999. It nearly affected the whole
country and resulted in serious economic loss. Beyond
complex engineering work, reducing the possibility of
blackouts involves economic and even political issues. A
cascade event may begin with a fire, or lightening, or even
repair work, which causes power lines to be disabled.
There can be several events that trigger the blackout in
the power grid such as tripping, loss of synchronism due to
angular instability, and voltage instability due to insufficient
reactive power, etc [6]. Apart from these, attacks can also
cause blackouts i.e., terrorism or crime, rioting, product
tampering, explosions bombing, etc [7]. The power network
has a new closed-loop circuit after a partial blackout and the
new power network with the loss of some lines and/or
sources will have a new power flow solution that is different
the original one. The latest power flow has the possibility of
exceeding the line capabilities. Therefore, the power network
will be shut-down due to the presence of overloaded lines in
minutes, unless proper action is taken. As it continues, the
power network becomes smaller and smaller having a new
power flow solution at each time. At this point, the power
network has reached an unrecoverable phase. This
unrecoverable phase has a high speed that drives the power
network to ‘cascade’ blackout operation. Generators are
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exposed to severe damage during this phase and this cascade
operation should be terminated as soon as possible. This is
usually overcome by switching off much of the loads [8].
Thus, suggesting a computer-based approach for
preventing blackouts still remains a hot-topic for power
system engineers. This study is an extended version of
referenced paper [1]. In [1], a K-means clustering algorithm
is proposed to detect the blackout phenomenon earlier.
However, the proposed one includes the defining voltage
collapse as well as blackout and some PQ loads are assumed
to be statistical ones to represent a more realistic system. An
IEEE-14 bus system is used to evaluate the suggested
technique and data generation (Appendix A). Pattern
clustering with distance calculation is a core procedure in Kmeans algorithm. Distance calculation is achieved using
either Euclidean or Mahalonoubis distances.
These distance patterns represent a power system
topology as healthy (normal working condition) or faulty
which is close to blackout phenomena. Healthy and faulty
conditions are the clusters and also called as dendrograms.

3) Along with PCA decomposition, distance calculation
(representing a power grid how close to line outage)
is done using measuring techniques i.e. Euclidean or
Mahalanobis. Then the closeness criteria is shown
by drawing dendrogram.
4) Finally, three operating conditions of the analyzed
network namely healthy, faulty (which means the
closeness to blackout), and blackout are achieved.
II.

BASIC STAGES OF THE SUGGESTED BLACKOUT
DETECTION TECHNIQUE

The following steps are required to calculate a closeness
criterion for a given power grid including distributed
generation.
A. Load Flow Algorithm Based on Newton-Raphson (NR)
As a computer simulation IEEE 14 bus test system,
which has 14 buses and 20 lines, is analyzed by NR method
to calculate the power flow.
A Slack bus is chosen as Bus 1. Voltage control (PV)
buses are chosen as Bus 2 to Bus 5 and the remaining Buses
(Bus 6 to Bus 14) are chosen as load (PQ) buses [9]. The
proposed solution method is summarized below:
Step 1. Read the data for line, bus PL(x), QL(x) and generator
at Bus (2).
Step 2. Calculate bus admittance matrix, [Y]
Step 3. Calculate power at each bus
Step 4. Voltage and bus angles (v, δ) are assumed as state
variables.
Step 5. Calculate active and reactive powers (P and Q) at ith
bus.

where i and j are the bus labels and slack bus number
excluded from the iterations.
Step 6. Calculate power differences,  P and  Q . If  P and

 Q are small enough, the iteration processes is stopped.
Figure 1. Basic stages of the proposed technique for blackout detection in
power network

Otherwise, Step (7) is run.
Step 7. Bus voltage and angle increments are calculated.

Figure 1 shows the stages of the abnormality detection
for voltage sag in power grid. The required steps of the
proposed K-means Clustering approach can be summarized
as follows:
1) IEEE 14 bus test system is used to obtain node
voltages for healthy and unhealthy (faulty)
conditions. Then these voltage magnitudes are used
for training purposes.
2) The collected data is preprocessed by Principal
Component Analysis (PCA) to obtain score, load,
and eigenvalue matrices.

1
     J1 J 2    P 





V 

  J 3 J 4    Q 
where J 1  P /  , J 2  P / V , J 3  Q /  , and

J 4  Q / V
Step 8. State variables are updated and Step 6 is run. Voltage
magnitudes are used in the further calculations.
B. Data Reduction with (PCA)
PCA is used to reduce the data matrix. The usage of
PCA results faster solution and time efficiency. The
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procedure is as follows: Suppose x  x1 ,..., x m are Nx1
vectors.

1
Step 1. Calculate mean value, x 
M

3.

M

x

(1)

i

4.

i 1

Step 2. Subtract the mean:  i  x i  x
Step 3. Form the matrix A  [  1  2 ...  M ]
(NxM matrix), then calculate:

C 

1
M

5.
6.

M



T
n n

 AA T

(2)

i 1

(sample covariance matrix, NxN, characterizes the scatter of
the data)
Step 4. Calculate the eigenvalues of C, 1   2  ...   N
Step
5.
Calculate
the
eigenvectors
of
C,
u1  u 2  ...  u N Since
C
is
symmetric,
u1 , u 2 ,..., u N outline a basis. Then any vector x or the
variance vector ( x i  x ) is regarded as a linear combination
of the eigenvectors (Eq 3).
N

x i  x  b1u1  b2 u 2  ...  b N u N 

bu

i i

(3)

i 1

Step 6. Size reduction is achieved by keeping only the terms
corresponding to the K largest eigenvalues:
N

xˆ  x 



step also includes calculating and verifying
procedures of centroids.
The distances to the centroids of all clusters are then
calculated by iteratively.
Each object with the nearest centroid is assigned to
the cluster.
Modified clusters are updated.
Finally, Step 3 is repeated until the centroids do not
present any change.

bi u i where K  N

(4)

i 1

The input matrix x is decomposed into two matrices
namely loading ( P ) and scores ( T ). The information about
the variables is extracted in P matrix. Principal components
that are linear combinations of the original x matrix can be
found in P . The object definitions, which are projections of
principal components, is found in T matrix.

X  TP ' E

(5)

The information about ‘unexplained X-variance’ is
called as residual matrix E (Eq 5). Then principal
components of analyzed x matrix are formed as decreasing
order of importance that means the first principal component
has the highest information and so on.

Calculating similarity between the two objects is called
as distance function and the Euclidean approach is the most
common one to calculate it. It is defined in Eq. 6.
m

d ( x, y ) 

 yi ) 2

(6)

where x  ( x1 ,..., x m ) and y  ( y1 ,..., y m ) are two input vectors
with m quantitative features.
The Euclidean approach considers all features to
contribute equally to the function value. To do so, different
metrics or scales represent features and normalization
function is required before applying the distance function.
The Mahalanobis distance function is the alternative one
to Euclidean approach. It uses inverse covariance matrix ( S )
to calculate correlation function between features (Eq. 7).

d ( x, y )  ( x  y)T S 1 ( x  y )

(7)
It must be noted that it is hard to invert and calculate the
covariance matrix since it is time-consuming due to large
matrix size.
D. Clustering analysis with dendrograms
A tree graph representation is usually chosen to
represent a dendrogram in clustering. Using the tree graph
with its leaves (evenly spaced along the horizontal axis) three
information i.e. healthy state, faulty state, and blackout is
obtained. Each leaf is an individual observation. In the graph,
the
vertical
axis
gives
information
about
distance/dissimilarity measure. The height of a leaf is the
distance of the two clusters/stacks at the junction point. To
sum up, the graph gives user to visualize the clusters [11].
III.

The algorithm consists of the following steps:

i

i 1

C. The suggested K-Means clustering technique
It is simply classified as clustering technique. The
method gathers the objects based on their feature values into
K discrete stacks. The objects classifying into same stack
(cluster) can be said to have similar features. The cluster
number is represented by K [10].

 (x

COMPUTER SIMULATIONS

Several experiments are employed to aim visualizing
healthy, faulty and blackout cases for the test system. The
principal components of these three states are formed in
decreasing order of based on quantities in related tables. The
analysis of voltage magnitude on the test system is given with
the related percent variance, eigenvalues of covariance matrix
in Table 1.

1. Number of clusters, K is defined.
2. K cluster centroids is initialized. To achieve it all
objects are randomly grouped into K clusters. This
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PCs

Eigenvalue of Variance
Cov(X)
(%)

Variance
(%)

1

4.38 103

100

100

2

3.22 10-13

0

100

Table 2 shows the percent variance captured by PCA
method and eigenvalues of covariance matrix (two case
(healthy-blackout) voltage magnitudes).

Total

TABLE II.

DISCRIMINATION BETWEEN THE HEALTHY AND FAULTY
CONDITIONS AND RELATED VARIANCE PERCENTAGES

The voltage magnitude at Bus 4 is analyzed and graphed
by dendrograms based on K-Means approach to discriminate
healthy and faulty conditions (Fig. 2 and Fig. 3). As seen in
Figures, the states are represented by U-shape up-down side
lines. The height of the U-shape lines is the distances and
shows the current working state, which gives the distance of
cases to the K-Means nearest group. (Please note that
‘ANCASE1’ is Faulty Case, ‘HSCASE1’ is Healthy Case,
and ‘BLKOUT1’ is Blackout Case in the following figures.

PCs

Eigenvalue Variance
of Cov(X) (%)

Variance
Total (%)

1

3.65 10 3

100

100

2

0

0

100

Figure 2.: Dendrogram Using Unscaled data
Figure 4. Dendrogram Using Unscaled data

Similar to the case of Figures 4-6, Figure 7 and Figure 8
represent the state conditions at Bus 5. Each load buses can
be analyzed to get the current status whether it is close to
blackout or normal working condition. It can be said that
representing by dendrogram plots one can easily analyze the
test system and realize the system topology whether it is close
to blackout or normal operating state.

Figure 3. The analzyed two PCs and their distance to K-means nearest group

In Figures 4-6, the test system is forced to operate
overload and faulty conditions and the analysis of voltage
magnitude at Bus 4 is again investigated. Then the related Ushape figures are obtained with and without pre-processing
(unscaled). Similarly, two different distance calculation
methods (Euclidean or Mahalanobis distance measuring) are
also tested to obtain the nearest group in K-means in Figures
5 and 6. Then, the dendrogram representation is plotted for
the distances between their scores and the means of the
sample groups.
Figure 5. Dendrogram using mean centering and distance on 2 PCs
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represented by dendrograms taking into account voltage
magnitudes.

Figure 6. Representation of Mahalanobis distance on 2 PCs
Figure 8. Representing dendrogram 3 PCs using Mahalanobis distance
TABLE III.

THE PERCENT VARIANCE OF PRINCIPAL COMPONENTS AS
HEALTHY, FAULTHY, AND BLCAKOUT CASES

TABLE IV.

PCs
1
2
3

Eigenvalue
of Cov(X)
3

2.20 10

3

1.60 10

-12

1.15 10

Variance (%)
57.87
42.13
0

Variance
Total (%)
57.87

THE VARIANCES AND THEIR PECENTAGES IN CASE OF
MULTIPLE FAULTS

PCs

Eigenvalue of
Cov(X)

Variance
(%)

Variance
Total (%)

1

1.94 103

60.36

60.36

2

6.01 102

18.69

79.05

3

3.18 102

9.90

88.96

4

2.16 102

6.72

95.67

5

1.00 102

3.12

98.80

6

3.87 101

1.20

100

7

1.81 10-12

0

100

100
100

Table 3 shows the three cascade states i.e. 3 PCs, and
the transition between the states from healthy to blackout
case. The eigenvalues and their related variances give the
information of these cases.

The first 3 principal components are used for analyzing
the whole system against blackout (88.96% total captured
variance). Finally, Figures 9 and 10 demonstrate the
calculated cases from heathy to blackout cases. One
important outcome from the Figure 9 and 10 is that the
system is in healthy state (HSCASE 1) and during the fault it
moves to faulty state (ANCASE 4). If the fault continues
while the other fault develops, the system state is moved from
ANCASE 4 to ANCASE 3, ANCASE 1, and ANCASE 5.
Then the system is transferred such a state that the restoration
is not available and it moves to blackout state (BLKOUT 1).
Figure 7. Dendrogram Using mean centering and distance on 3 PCs

The proposed methodology is also tested against
multiple faults. In this particular example, multiple faults are
created on Buses 4 and 5 and the whole test system is again
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algorithms taking into account of power system disturbances
such as load changes and power transfers.
Consequently, ‘closeness of voltage collapse and
blackout to the system topology’ is investigated. To find out
the distance of the blackout case to the normal condition, Kmeans clustering algorithm with unscaled, PCA, Euclidean
and Mahalonoubis distance options is used. The dendrograms
for various states in the IEEE 14 bus test system are
represented. It has been demonstrated that, with the help of
dendrograms, the proposed technique is able to detect
blackout events earlier.
REFERENCES
Figure 9. Representing dendrogram 3 PCs using Mahalanobis distance during
multiple states

Figure 10. Representing dendrogram 3 PCs using mean centering during
multiple states
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Appendix A. IEEE 14 Test Bus System in Matlab – Simulink
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Abstract— In order to synchronize power electronics converters
with the grid, the knowledge of the phase angle plays a very
important role. In grid connected applications, the phase angle of
grid voltage must be determined accurately and quickly.
Therefore, Synchronous Reference Frame-Phase Locked Loop
(SRF-PLL) technique is extensively used due to the advantages of
its simple structure, easy to implement. Under ideal grid
conditions, the SRF-PLL provides quick and accurate phase
detection. However, under non-ideal grid conditions such as
unbalanced and distorted grid, the dynamic response of the PLL
is failed.
In this study, the SRF-PLL and E-PLL are simulated and
compared under different grid conditions such as unbalanced,
distorted and variable frequency. The simulation results verify
that E-PLL is a very good synchronization technique under nonideal grid conditions for grid connected inverter.
Keywords— E-PLL, grid synchronization, inverter, phase locked
loop, PLL, SRF-PLL

I. INTRODUCTION
Grid synchronization is a quite important issue in the
connection of grid-side converter (i.e. grid interactive inverter)
to the grid. Therefore, an algorithm is needed for the grid
interactive inverter with the electrical grid to operate
synchronously. Thus, synchronization algorithm plays a major
role for renewable energy sources. To get over it, the phase
angle of grid voltages must be accurately and quickly
determined to control the inverter [1], [2].
Nowadays, synchronous reference frame-phase locked loop
(SRF-PLL) algorithm is widely used in three-phase grid
connected systems for grid synchronization due to the
advantages of its simple structure, easy to implement and
robust performance. Under ideal grid conditions, the SRFPLL guarantees quick and accurate phase detection. However,
under non-ideal grid conditions such as unbalanced and
distorted grid, the dynamic response of the PLL does not
reach the desired level [3]-[5].
In order to improve the dynamic response of the SRF-PLL
and estimate the phase angle quickly and accurately under
non-ideal grid conditions, it is necessary to use an adaptive
control algorithm. Enhanced-PLL (E-PLL) has non-linear
adaptive control mechanism and robust performance in
adverse conditions. Thanks to its non-linear and adaptive
structure, the use of the E-PLL is suitable under grid
conditions in which changes may occur such as unbalanced
and distorted grid conditions [6], [7].

This study is organized as follows: In the first section, the
purpose of grid synchronization is given. In the second section,
SRF-PLL and E-PLL methods are introduced. In the third
section, the PLL methods are tested under different grid
conditions. In the last section, the positive and negative
aspects of PLL methods are indicated.
II. ANALYSIS OF PHASE LOCKED LOOPS

A. Synchronous Reference Frame-PLL (SRF-PLL)
The SRF-PLL operates as a feedback system to
instantaneously detect the phase angle (θ) of the grid voltages.
In Fig. 1, basic block diagram of SRF-PLL is shown. In SRFPLL system, firstly, measured three-phase grid voltages (Va,
Vb and Vc) are converted into rotating axes variables (Vd and
Vq) as follows. Moreover, Vd and Vq voltages appear as DC
components [1], [8].
cos(θ)

2𝜋
2𝜋
) cos(θ +  )
3
3
Va
2𝜋
2𝜋
V
[
−sin(θ −  ) −sin(θ +  ) b ] (1)
3
3
Vc
1
1
]
2
2
cos(θ − 

Vd
2
[Vq ] = −sin(θ)
3
V0
1
[ 2

In the control algorithm of the SRF-PLL, it is very
important that the obtained phase angle is locked fast to the
phase angle of the grid and it shows a good filtering
characteristic in terms of the dynamic performance of the
system. A PI controller employs as a loop filter in the system,
which controls Vq voltage and determines the dynamics of the
system [2], [9].
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Under non-ideal grid conditions such as unbalanced and
distorted grid, setting the PI coefficients (KP and KI) can keep
the system stability. But, in different imbalance and distortion
situation, the phase angle (θ*) is calculated incorrectly for
same KP and KI values. Furthermore, even if the KP and KI
values are updated according to variable conditions, the phase
angle is still improperly estimated and also the
synchronization time increases [10], [11].
The determined phase angle (θ*) equals to the grid phase
angle (θ) in ideal grid conditions (𝜃 ∗ = 𝜃). As given from Eq.
2 and Eq. 3, while Vd is equal to peak voltage of the grid, Vq
becomes zero [8], [9], [12].
𝑉𝑑 =  𝑉𝑚 𝑐𝑜𝑠(𝜃 −  𝜃 ∗ )

(2)

𝑉𝑞 =  𝑉𝑚 𝑠𝑖𝑛(𝜃 −  𝜃 ∗ )

(3)

The phase angle obtained in the closed loop control system
is continuously transferred to the abc/dq block by feedback.
The estimated phase angle is the same as the phase angle of
the voltage Va of the grid. The SRF-PLL method also extracts
the amplitude and frequency information of the grid voltage
[4], [10].
In the SRF-PLL method, the error in the estimation of the
phase angle of the grid occurs under non-ideal grid conditions
[10], [11]. In adverse grid conditions, different filtering
techniques are required [2], [3].

In this way, the synchronization efficiency is considerably
improved by means of removing the 2 nd harmonic oscillations.
Unlike the SRF-PLL method, Clarke and Park transformations
are not needed in the E-PLL method. As can be seen from Fig.
2, the input voltage (Vg) is firstly passed through the ANF
structure and the filtered “y =Usin(θ*)” voltage with the same
phase as Vg is obtained. Thus, the U voltage gives the peak
value of the grid voltage, while the θ* gives the grid phase
angle information. Moreover, in this method, 90˚ leadingphase voltage from the “y” voltage is also obtained (Ucos(θ*)).
There are three constants that control the performance of the
E-PLL. μ1 acts like a proportional controller and controls the
convergence speed of U voltage. Increasing the value of μ1
accelerates the convergence speed, but it causes oscillations in
the U voltage. For this reason, it should be provided a balance
between speed and accuracy [6]. μ2 and μ3 control the
convergence rate of the phase angle and frequency of the grid
[7].
In Fig. 3, a three-phase E-PLL structure is shown. In the
three-phase system, each phase is individually processed in
the E-PLL structure, and these phases which are adaptively
filtered and 90˚ leading-phase states are obtained. Then, the 6voltages at the output of the E-PLL (1), E-PLL (2) and E-PLL
(3) blocks are delivered to the computation unit. In the
calculation unit, the "instantaneous symmetrical components
(ISC)" method is used to obtain the positive sequence
components of 3-phase voltages. The positive components
obtained by the ISC method are given as follows [7].

B. Enhanced-PLL (E-PLL)
E-PLL is a non-linear synchronization method that can
adapt to frequency changes. The E-PLL is a combination of
the SRF-PLL structure and adaptive notch filter (ANF)
structure. The PLL algorithm is enhanced by using ANF
structure. Due to the superior filtering capability of the ANF,
the amplitude, phase and frequency information of the grid
can be accurately and quickly determined even under
unbalanced and distorted grid conditions [6], [7].
Fig. 2 shows the block diagram of the single-phase E-PLL.
In this diagram, ANF is used instead of the phase detection
mechanism of the SRF-PLL [13].

+
𝑉𝑎𝑏𝑐

𝑉𝑎+
1
1
=  [𝑉𝑏+ ] =  [𝛽 2
3
𝑉𝑐+
𝛽

𝛽
1
𝛽2

1
√3
𝛽 =  𝑒 ±𝑗120 =  −  ±  𝑒 𝑗90
2
2

ωg

ANF
+-

x

1

μ2

s

∑

y
U
x

1
s

1

f

2π

e

μ1

(4)

Here, β = 𝑒 𝑗120 is a complex phasor. Instead, a 90˚ phase
shifted version of β denoted by Eq. 5 can be obtained.

SRF-PLL

Vg

𝛽 2 𝑉𝑎
𝛽 ] [𝑉𝑏 ]
1 𝑉𝑐

ω*

μ3

x

cos
sin
Fig. 2 Block diagram of the single-phase E-PLL
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E-PLL(1)

Vb

E-PLL(2)

Vc

E-PLL(3)

Computation Unit
Eq. 6
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V+a

θ*
E-PLL(4)
V+b

Vmax

V+c

Fig. 3 Block diagram of the three-phase E-PLL

When Eq. 5 is replaced in Eq. 4, positive sequence
components are obtained as follows.
1
1
1
𝑉𝑎+ =  𝑉𝑎 −  (𝑉𝑏 +  𝑉𝑐 ) − 
𝑞(𝑉𝑏 −  𝑉𝑐 )
3
6
2√3
𝑉𝑏+ =  −(𝑉𝑎+ +  𝑉𝑐+ )

Fig. 5 Response of the SRF-PLL under unbalanced grid condition (a)

(6)

Change of the Vd voltage, (b) Change of the Vq voltage, (c) Phase error

1
1
1
𝑉𝑐+ =  𝑉𝑐 −  (𝑉𝑎 +  𝑉𝑏 ) − 
𝑞(𝑉𝑎 −  𝑉𝑏 )
3
6
2√3
Here, q is the phase shift operator. The 90˚ shifted-phase
of the voltages is stated by the q multiplier.
As shown in Fig. 3, the phase angle (θ*) and amplitude
information (Vmax) of the grid are estimated by adding a
fourth E-PLL system after the positive sequence
components of the input voltages are extracted [7].
III. SIMULATION RESULTS
In this part, the SRF-PLL and E-PLL techniques are
simulated under three different grid conditions such as
unbalanced, distorted, and variable frequency. In the SRFPLL technique, the PI coefficients are calculated (KP=0.74,
KI=85.05) by taking into account that the damping ratio of
the PLL loop filter is "ξ = 0.707", natural frequency is "
ωn=162.63 rad/s" and settling time is two periods time (40
ms). In the E-PLL technique, μ1=325, μ2=170.1, and μ3=2.1
are calculated for a settling time of 40 ms.

Fig. 6

Response of the E-PLL under unbalanced grid condition (a)

Change of the Vd voltage, (b) Change of the Vq voltage, (c) Phase error

Then, the PLL methods are examined under unbalanced
grid condition at 0.1-0.2 s (as the unbalanced grid voltages,
peak value for A-phase is 373 V, peak value for B-phase
and C-phase are 285 V). In Fig. 5, and Fig. 6, performances
of the SRF-PLL and E-PLL are given, respectively.
As shown in Fig. 5 and Fig. 6, the dynamic response of
the SRF-PLL is better than the E-PLL in balanced grid
condition by means of the simple structure of the SRF-PLL.
But, it has a big phase error (max. phase error = 0.08 rad i.e.
4.64°) in case of imbalance. Unlike the SRF-PLL, the
dynamic response of the E-PLL is very good and there is
no phase error under unbalanced grid condition. Also, as
can be seen from Fig. 6 (a), the maximum overshoot value
of the E-PLL is zero.

A. Unbalanced Grid Condition
As shown in Fig. 4, grid voltages are shaped to 311 V
peak value and 50 Hz grid frequency at 0-0.1 s time
interval under balanced grid condition.

B. Distorted Grid Condition
In the second grid condition, the 5th and 7th harmonic
components are added to the grid voltages (the amplitude
of 5th harmonic component is equal to 10% of grid phase
voltage amplitude (31 V) and the other one is 5% (15.5 V)
at 0.1 s) as seen in Fig. 7. In Fig. 8 and Fig. 9, responses of
the SRF-PLL and the E-PLL are shown, respectively.

Fig. 4 Three phase unbalanced grid voltages
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C. Variable Frequency Grid Condition
In the third and last grid condition, frequency of grid
voltages is set to Table I at specific time intervals (see Fig.
10). In Fig. 11 and Fig. 12, the performances of the SRFPLL and E-PLL methods are compared.

Fig. 7 Three phase grid voltages under distorted grid condition

Fig. 10 Three phase grid voltages with variable frequency

Fig. 8

Response of the SRF-PLL under distorted grid condition (a)

Change of the Vd voltage, (b) Change of the Vq voltage, (c) Phase error

Fig. 11 Response of the SRF-PLL under changed grid frequency (a) Real
and estimated grid frequency, (b) Frequency error

Fig. 9 Response of the E-PLL under distorted grid condition (a) Change
of the Vmax voltage, (b) Phase error

As can be seen from Fig. 8 and Fig. 9, the dynamic
response of the E-PLL is superior to the SRF-PLL under
distorted grid condition. The maximum phase error of the
SRF-PLL is 0.021 rad, whereas the maximum phase error
of the E-PLL is 0.012 rad at 0.1-0.2 s. Moreover, the EPLL estimates the grid peak voltage more precisely than
the SRF-PLL.

Fig. 12 Response of the E-PLL under changed grid frequency (a) Real
and estimated grid frequency, (b) Frequency error
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TABLE I
CHANGE OF THE GRID FREQUENCY

Time Interval

Grid Frequency

0-0.1 s

50 Hz

0.1-0.2 s

50 Hz to 55 Hz

0.2-0.3 s

55 Hz to 45 Hz

0.3-0.4 s

45 Hz to 50 Hz

[8]

[9]

[10]

Fig.11 and Fig. 12 show that frequency error does not
occur in both PLL methods. In addition to this, the
maximum overshoot (average overshoot = 5 Hz) of the EPLL method is lower than the SRF-PLL (average
overshoot = 8 Hz). However, while the average settling
time in SRF-PLL is 65 ms, the average settling time in EPLL is 70 ms.

[11]

[12]

[13]

IV. CONCLUSIONS
In this work, the performances of the SRF-PLL and EPLL methods under different grid conditions are examined.
In the case of a balanced and variable frequency grid
condition, the SRF-PLL reacts faster than the E-PLL due to
the simplicity of its structure. However, the SRF-PLL
incorrectly detects the phase angle and the amplitude of the
grid voltage under unbalanced and distorted grid condition.
On the other hand, the performance of the E-PLL is quite
good in such adverse grid conditions. All simulation results
show that grid synchronization capability of the E-PLL is
at the forefront in non-ideal grid conditions.
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Abstract— Estimating the phase angle of grid plays a crucial role
in grid interactive inverter in order to be synchronized the
inverter and the grid. Phase locked loop (PLL) method is usually
used in applications of grid synchronization. The angle
information obtained by the PLL ensures the amplitude, phase
and frequency of the inverter the same as grid. In case of
unbalanced and distorted grid voltages, conventional PLL
method which is called Synchronous Reference Frame (SRF)PLL cannot accurately estimate the phase angle of grid voltages.
So, errors occur in the grid synchronization. To overcome this,
Dual Second Order Generalized Integrator (DSOGI)-PLL is a
suitable synchronization method which determines the phase
angle of grid voltages quickly and precisely.
In this paper, the SRF-PLL and DSOGI-PLL are analysed and
simulated under different adverse grid conditions such as
unbalanced,
harmonics
and
variable
frequency
in
MATLAB/Simulink. Simulation results show that DSOGI-PLL
has provided a very good solution for grid synchronization of
three phase grid interactive inverter.
Keywords— DSOGI-PLL, grid synchronization, phase locked
loop, PLL, SRF-PLL

I. INTRODUCTION
The phase locked loop (PLL) method was first introduced
in 1923 by Appleton [1]. Later in 1932, Bellescize used the
PLL method to synchronize radio signals [2]. With the rapid
development of integrated technology, PLL applications
started to be widely used in modern communication systems
in the 1970s. Today, PLL methods are also being used as a
new field to provide synchronization in grid interactive
inverters. The PLL methods used must ensure synchronization
between inverter and grid quickly and accurately. In addition,
these methods should have a good response to various
disturbing effects such as imbalances, harmonics, frequency
changes, and phase jump in the grid voltages [3].
In Fig. 1, the basic block diagram of the PLL is given. The
PLL scheme includes blocks of phase detector (PD), loop
filter (LF), and voltage-controlled oscillator (VCO) [4].
Vi

Phase
Detector

Loop
Filter

VCO

The difference between the phase angle of the input signal
(Vi) and the phase angle of the output signal is determined
using the PD block. The PD block also generates an
appropriate error signal [5], [6]. This error signal is passed to
the loop filter. The LF block shows the low-pass filter feature
to ensure the stability of the system, and this block usually
composes of the PI controller. That is, the LF block regulates
the dynamic response of the system [7], [8]. The signal at the
LF block output drives the voltage-controlled oscillator. And
it generates the output signal in the same phase as the input
signal. Thus, the output signal is locked to the input signal [9],
[10].
This paper is organized as follows: In the first part, basic
PLL method is introduced. In the second part, SRF-PLL and
DSOGI-PLL methods are mentioned. In the third part, these
PLL methods are simulated under three different conditions
such as unbalanced grid condition, distorted grid condition,
and variable frequency grid condition and their performances
are compared. In the last part, the advantages and
disadvantages of PLL methods are summarized.
II. PHASE LOCKED LOOP METHODS

A. SRF-PLL
Synchronous reference frame (SRF)-PLL method is usually
used in three-phase systems. Fig. 2 shows the block structure
of SRF-PLL. The SRF-PLL operates as a closed loop to detect
the phase angle (θ) of the grid voltage instantaneously. The
measured 3-phase grid voltages are converted to the stationary
frame variables (Vα and Vβ) by means of the Clarke
transformation matrix given in Eq. 1. Then, the obtained Vα
and Vβ voltages are transformed into the synchronous frame
variables (Vd and Vq) by Eq. 2 [11]-[13].

θ*

Va
GRID

Vd

abc

Vb
Vc

Vq
dq
θ*

1
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∑
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Fig. 2 The block structure of the SRF-PLL

Fig. 1 Basic block diagram of PLL
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Fig. 3 The block structure of the SOGI-QSG

Under ideal grid conditions, the estimated phase angle (θ*)
is equal to the phase angle (θ) of the grid. As seen from Eq. 3
and Eq. 4, ideally Vq is zero while Vd is equal to the peak
value of the grid voltage. In addition to the phase angle of the
grid, the SRF-PLL method provides the grid voltage
amplitude (Vd) and frequency (f) information [13]-[16].
∗

𝑉𝑞 = 𝑉𝑚 𝑠𝑖𝑛(𝜃 − 𝜃 )

(3)

𝑉𝑑 = 𝑉𝑚 𝑐𝑜𝑠 (𝜃 − 𝜃 ∗ )

(4)

In the control algorithm of SRF-PLL, PI controller is
generally used. The PI controller also operates as a loop filter
in the system, which controls Vq voltage and determines the
dynamics of the system [3], [15], [17].
While this method has a good response under ideal
conditions, it causes a fault in determining the phase angle of
the grid voltage in case of distorted and/or unbalanced grid
condition [16], [17].

B. DSOGI-PLL
In the DSOGI-PLL method, 3-phase grid voltages are
firstly converted to Vα and Vβ voltages by Clarke
transformation. In this method, two second order generalized
integrator (SOGI) based quadrature signal generator (QSG) is
used. The aim of using SOGI-QSG is to filter Vα and Vβ
signals and to obtain a phase shift of 90˚ form of Vα and Vβ
voltages. In Fig. 3, the block structure of SOGI-QSG is shown
and the characteristic transfer functions are given as follows
[18], [19].
D(s) =

𝑉∗
𝑘𝜔 ∗ 𝑠
= 2
𝑉
𝑠 + 𝑘𝜔 ∗ 𝑠 + 𝜔 ∗ 2
∗

The three-phase voltage vector is expressed by Eq. 7, and
positive sequence components of these voltages are obtained
by Eq. 8.
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In these equations, ω* and k set the resonance frequency
and the damping ratio of SOGI-QSG, respectively. While the
decreasing value of k improves the response of the filter, it
increases the time to reach stability. That is, the value of k
affects the bandwidth of the feedback system [18]-[20].
Therefore, the critical damping response is successful when
k = 2ξ = √2 [18], [19].

𝑎2
1
𝑎

(7)

Vα+ and Vβ+ voltages can be determined as in Eq. 9 using Eq.
1 and Eq. 8 to obtain positive sequence components of Vα and
Vβ voltages.
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Where q is the phase shift operator and provides a 90˚
lagging-phase voltage from the actual phase voltages.
Furthermore, as shown in Fig. 3, the qV* voltage is always 90˚
lagging-phase from the V* voltage, regardless of the k and ω*
values [18]-[21].
In Fig. 4, required block diagram is shown to obtain the Vα+
and Vβ+ voltages. In this diagram, since dual SOGI are used, it
is called as DSOGI [18].
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A. Unbalanced Grid Condition
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*
QSG qVβ
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Fig. 4 Obtained the Vαβ+ voltages of the block diagram

After the Vα+ and Vβ+ voltages are obtained, they are
converted to Vd+ and Vq+ positive sequence components by the
Park transformation in Eq. 2, and the SRF-PLL algorithm is
added to the system. In Fig. 5, the block scheme of the
DSOGI-PLL is given. In this block scheme, the estimated grid
frequency (ω*) is fed back to be synchronized the resonance
frequency of DSOGI-QSG. DSOGI-PLL quickly and
accurately identifies positive sequence components under
unbalanced and distorted grid conditions and provides a good
solution for grid synchronization. Moreover, it is an effective
synchronization method even in case of grid faulty [18].

In this part, the response of PLL methods is tested under
unbalanced grid condition. As shown in Fig. 6, the three-phase
grid voltages are set to 311 V peak value and 50 Hz grid
frequency under balanced condition. In simulations, the grid
phase voltages are comprised imbalance after 0.1 s and the
performances of PLL methods are investigated. As the
unbalanced grid condition, the 373 V peak value is used for
the A-phase and the 285 V peak value is used for the B-phase
and C-phase. Fig. 7 and Fig. 8 show the response of the SRFPLL and DSOGI-PLL to the system under unbalanced grid
voltages, respectively.

III. SIMULATION RESULTS
In this part, the performances of SRF-PLL and DSOGIPLL methods are tested under 3-different conditions. These
are unbalanced grid condition, distorted grid condition, and
variable frequency grid condition.
In Table I, the PI parameters used for PLL methods are
given. The same PI parameters are used for three different
grid conditions. In all simulated PLL methods, 40 ms are
selected as the settling time. In the SRF-PLL method, PI
coefficients are calculated by taking the damping ratio of the
1
PLL loop filter as ξ =
and natural frequency ωn= 162.63
√2
rad/s. In the DSOGI-PLL method, the k coefficient is set to
1
k=√2 , the damping ratio is set to ξ = and the natural
√2
frequency is set to ωn = 81.32 rad/s.

Fig. 6 Three phase unbalanced grid voltages

TABLE I
PI PARAMETERS OF THE PLLS

PLL Method

KP

KI

SRF-PLL

0.74

85.05

Fig. 7 Response of the SRF-PLL under unbalanced grid condition (a) Change

DSOGI-PLL

0.74

21.26

of the Vd voltage, (b) Change of the Vq voltage, (c) Phase error
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Fig. 5 The block scheme of the DSOGI-PLL
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Fig. 8 Response of the DSOGI-PLL under unbalanced grid condition (a)

Fig. 10

Change of the Vd voltage, (b) Change of the Vq voltage, (c) Phase error

Response of the SRF-PLL in grid voltage with harmonic

component (a) Change of the Vd voltage, (b) Change of the Vq voltage, (c)

As shown in the figures, SRF-PLL method responds
faster than DSOGI-PLL due to its simplicity and low
processing requirements under balanced grid condition.
However, the SRF-PLL causes a fault in determining the
grid phase angle under unbalanced grid condition
(maximum phase error is 0.08 rad in steady state). In
addition, since the positive sequence and negative sequence
components of the grid phase cannot be obtained
independently, the effect of the 2nd harmonic component on
the Vd and Vq voltages is clearly visible. In case of
unbalanced grid condition, the DSOGI-PLL precisely gives
amplitude information of the grid voltage and estimates the
phase angle with zero error.

Phase error

B. Distorted Grid Condition
In the second test, the responses of the PLL methods are
investigated by adding the fifth and seventh harmonic
components to the grid voltages. The amplitude of the
added 5th and 7th harmonic components corresponds to 10%
(31 V) and 5% (15.5 V) of the grid voltage, respectively.
The grid voltages are balanced and there is no change in
grid frequency. As shown in Fig. 9, harmonics are added to
the grid voltages after 0.1 s in simulation. In Fig. 10 and
Fig. 11, the performances of SRF-PLL and DSOGI-PLL
methods are compared, respectively.

Fig. 11 Response of the DSOGI-PLL in grid voltage with harmonic
component (a) Change of the Vd voltage, (b) Change of the Vq voltage, (c)
Phase error

As can be seen from the figures, response of the SRFPLL to the harmonics is not good and causes a fault in
determining the phase angle (maximum phase error is
0.021 rad). The maximum phase error in the DSOGI-PLL
is 0.004 rad at 0.1-0.2 s. While the amplitude value (Vd) of
the estimated grid voltage in SRF-PLL fluctuates between
273 V and 357 V, the estimated Vd voltage in the DSOGIPLL fluctuates between 304 V and 318 V.

C. Variable Frequency Grid Condition
In the last test, changes in grid frequency are created and
the performances of PLL methods are compared. As shown
in Fig. 12, the frequency of the grid voltages is increased
from 50 Hz to 55 Hz in 0.1-0.2 s time in the simulation, the
grid frequency is decreased from 55 Hz to 45 Hz in the
Fig. 9 Three phase grid voltages with harmonics
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time interval of 0.2-0.3 s, and the grid frequency are
increased from 45 Hz to 50 Hz in the time interval of 0.30.4 s. It is assumed that the grid voltages are balanced and
there are no harmful effects such as harmonics. Fig. 13 and
Fig. 14 show the responses of the SRF-PLL and DSOGIPLL methods, respectively.

In the case of the variable frequency grid condition, the
average overshoot values are 8 Hz for the SRF-PLL and 21
Hz for the DSOGI-PLL. On the other hand, while the
average settling time is 65 ms in the SRF-PLL method, the
average settling time is 80 ms in the DSOGI-PLL. There is
no steady state error in both PLL methods. Thus, the phase
angle of the grid voltage is determined without error.
IV. CONCLUSIONS
In this study, the SRF-PLL and the DSOGI-PLL
methods for grid synchronization are presented
comparatively. Consequently, the SRF-PLL stands out with
its simplicity, easy applicability and frequency response.
However, in adverse conditions such as unbalanced and/or
distorted grid condition, the stability of the system becomes
worse. Since the DSOGI-PLL method can accurately
reveal positive sequence components and its filter capacity
is high, the response and correctness in such adverse
conditions are at a desirable level. However, in frequency
changes, the DSOGI-PLL has a higher maximum transient
and settling time than the SRF-PLL. The results obtained in
the case of comparative simulations clearly demonstrate the
success of DSOGI-PLL grid synchronization in non-ideal
grid conditions.

Fig. 12 Three phase grid voltages with variable frequency
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Abstract—This paper presents a comparison study on the
parameter identification of induction motor from its
manufacturer data by using Constrained Nonlinear Optimization,
Genetic Algorithms, Simulated Annealing Algorithm and
Multiobjective Genetic Algorithms. The estimation problem for
the induction motor’s equivalent circuit parameters is based on
minimizing the sum of the square of differences between the actual
values and the forecasted values. In order to validity of the
proposed method, a three-phase squirrel-cage induction machine
are used. The estimation methods are compared with each other.
The results show that Hybrid Simulated Annealing is capable of
obtaining more successful solution than Constrained Nonlinear
Optimization, Genetic algorithms, Simulated Annealing
Algorithm and Multiobjective Genetic Algorithms. However
Hybrid
Simulated
Annealing,
Constrained
Nonlinear
Optimization, Genetic Algorithms and Multiobjective Genetic
algorithms are competitive each other because of the accuracy
values.
Keywords— parameter identification, induction motor, genetic
algorithms, simulated annealing, nonlinear optimization

I. INTRODUCTION
Induction Machine, also named rotating electrical machines
are commonly used in industrial applications because of lower
capital cost, robust construction, and less maintains than other
types. In recently, advances in power electronics drive systems
are the reason to be widely preferred DC motors over induction
motors. The user wants to know the current, efficiency, and the
power factor of an induction motor working in variation load
condition. Majority control algorithms in the drive system need
to the induction motor parameters. The induction motor
performance calculations are normally performed by using
equivalent circuit parameters. So induction motor’s response
can be predicted by equivalent circuit according to the varying
load. The induction motor parameters are determined by
performing a series of tests such as DC test for stator resistance,
no load test, and blocked rotor test. The disadvantage of this
method is that the rotor of motor has to be locked mechanically
by professional technical staff. Besides, the tests should be
conducted with precision and care since the resistances vary
with frequency and temperature. Standard document IEEE-112
explains in detail the procedure in order to achieve accurate
results on how to make each induction motor test. [1, 2].
Many studies have been conducted on the correct
identification of motor parameters. Generally, the parameter

determination methods can be handled in two ways: offline and
online methods.
There are offline methods to determine the induction motor
parameters, such as:(a) The experimental method (b) the
manufacturer data (c) the injection of different voltage to motor
based on a converter (d) some mathematical methods like leastsquares, and a fitting curves.
The online identification techniques: (a) recursive least
squares (b) The extended Kalman Filter (c) model reference
adaptive system based estimation techniques, (d) the artificial
and intelligent optimization algorithms based estimation
techniques.[3]. There has been an increasing interest in recent
years in the number of studies on induction motor parameter
identification by artificial intelligent methods [7, 9, 10, 19 and
21].
Pedra (2008) presented a numerical method for the
determination of double-cage induction motor from
manufacturer data involved rated power, power factor,
breakdown torque, starting torque, starting current and
efficiency.[4]. Bai et al (2009) proposed a hybrid learning
algorithm combining the genetic algorithm and the nonlinear
Levenberg–Marquardt algorithm to identify induction motor
parameters. They showed that the mentioned algorithm can
ameliorate the accuracy and diminish the computational time
[5]. Sakthivel et al [2010] used an improved particle swarm
optimization involving chaotic sequences to estimate motor
parameter. They tested the algorithm's performance on two
sample motors. The same authors in another paper presented a
new method based on the immune algorithm to determine
induction motor parameters. They tested their method on two
different motor and compared their results other optimization
algorithms i.e. classical method and genetic algorithm [6,7].
Megherbi et al (2010) estimated motor parameters by using
genetic algorithm and variable-weighted objective function [8].
Arslan et al [2012] used differential evolution algorithm and
genetic algorithm in the identification of induction motor
parameters [9]. Gutierrez-Villalobos at al [2013] reviewed the
state of the art of parameter estimation and controllers based on
Artificial Neural Networks (ANNs). They deal with ANNs and
high-performance adjustable speed drivers for accomplishing
correctly motor operation [10]. Çanakoglu et al [2014]
compared the charged system search algorithm, differential
evolution algorithm, Particle swarm optimization, and Genetic
algorithms techniques for estimation of equivalent circuit
parameters for induction motor [11]. Jirdehi and Rezaei(2016)
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used artificial neural network and adaptive neurofuzzy
inference system for estimation of single and double cage
induction motor. The obtained results are compared to
experimental data. It is shown that there is a good agreement
between the estimated results and the experimental data [12].
Sakthivel et al presented an optimization method based on a
particle swarm optimization technique and formulated the
optimization problem as multi-objective optimization by
minimizing the error between the forecasted and the
manufacturer data [21].
In this study, the induction motor equivalent circuit parameters
are estimated from nameplate or manufacturer data by using
Constrained Nonlinear Optimization(CONOP), Genetic
Algorithms(GA), Simulated Annealing(SA), Hybrid Simulated
Annealing algorithms(HSA), and Multiobjective Genetic
Algorithms (MOGA). The simulated Annealing Algorithm
including the hybrid function is used. So this algorithm is called
as hybrid simulated annealing algorithm (HSA). The hybrid
function for simulated annealing algorithm is set to the pattern
research. The nameplate data such as power factor, rated,
starting, and breakdown torques are chosen as objective
function. So the equivalent circuit parameters are determined
with high accuracy without taking into account the no load and
the blocked rotor test. The performance of optimization
algorithms for parameter estimation are analysed on 5kW
induction motor. The results obtained from Constrained
Nonlinear Optimization, Genetic Algorithms, Simulated
Annealing Algorithms and Multiobjective Genetic Algorithms
are compared to actual values and each other’s.
II. PROBLEM FORMULATION
The equivalent circuit of induction motor provides an easy
way to calculate torque, power factor, starting current, and
efficiency in different load profile. The equivalent circuit
representing induction motor consist of resistances and
inductances. A single phase equivalent circuit is given in Fig.
1.

Fig. 1 Single phase equivalent circuit for induction motor

First, it needs to determine the fitness function for
optimization algorithms. The objective function is established
by using induction motor’ torque equations and power factor
equation. The rated torque (Tfl), starting torque (Tlr),
breakdown torque (Tbd), and power factor (pf) are obtained
from manufacturer’s data. The fitness function for the
optimization algorithms is described as in Eq.(5). The aim of
algorithms is to make the minimum the error value and so
fitness.
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So fitness function is defined as follows:

F ( x*)  F1 (...)2  F2 (...)2  F3 (...)2  F4 (...)2

(5)
Where V is the rated voltage, ws is the rotating field velocity,
R1 and R2 is the stator and rotor resistances, respectively; X1
and X2 are the stator and rotor reactances, respectively. The X1
and X2 reactances are integrated into one leakage reactance
(𝑋𝑙 = 𝑋1 + 𝑋2 ). If a motor’s design class is known, the stator
and rotor leakage reactance can be separated after obtaining the
final value.
III. OPTIMIZATION ALGORITHMS
A. Constrained Nonlinear Optimization
The general aim here is to solve a problem by converting it
easier sub-problems through an iterative process. Large-scale
constrained problems used to convert into unconstrained
problem by using a penalty function. Thus the constrained
problem is characterized as unconstrained problem. Since these
methods are relatively insufficient, the Karush-Kuhn-Tucker
(KKT) equations is no longer used for the solution of
constrained problems. FMINCON is nonlinear programming
solver included in MATLAB's Optimization Toolbox. The
MATLAB function finds a minimum of constrained nonlinear
multivariable function, within a feasible region defined by
linear constraints and bounds [20]. FMINCON involves three
algorithms as:
•
Active-set: use quasi-Newton approximation
•
Trust-region-reflective: user supplied or finitedifference approximation
•
Interior-point: many ways to define Hessian such as
user-supplied Hessian, Quasi-Newton, and Finite differences of
the gradient.
B. Genetic Algorithms
Genetic algorithms which are named as evolutionary
algorithms can optimize the functions by modelling biological
process. GA parameters represent genes in biology, and the set
of the parameters constitute the chromosomes. Each individual
of GAs consists of the populations that is represented in the
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form of Chromosomes. The population fitness is maximized or to find a minimum of function. A flowchart for SA can be
minimized within specific rules. Each new generation is given in the following.
obtained by mating the survivors within the population set
1. Select an initial value for T
which are formed by random information exchange [16].
First, this method is started to be used by John Holland (1975)
2. Assign an initial value for xi in N-size space (i = 0),
as a result of extended studies. His most recent student, David
f x
Goldberg, became popular that realized the solution to a
calculate  i  .
problem involving the control of the gas pipeline by using
xi 1  xi  xi
3.
, a random movement is performed at a
genetic algorithm in his thesis [17].
f  xi 1 
GAs are heuristic methods for search and optimization.
new point,
is calculated again.
Unlike large search algorithms, GAs does not produce all the
f  xi 1   f  xi 
different situations to choose the best. Therefore, it cannot
4. If it is
, the movement is accepted
always find the global solution. However, the obtained result is
otherwise;
one of the closest solutions to the global solution when taken
  exp   f xi 1  f xi / T 
into account the time constraints. GA can adapt to conditions,


(a) Calculate
which means that despite the lack of any prior information, it
(b) Produce a random number in the range,
has the ability to learn events and collect information. As with
0  r 1
other optimization methods, as well as in genetic algorithms,
(c) If it is   r , the movement is accepted
the objective function, the parameters and their limits are
otherwise it is rejected.
defined. Similarly, by controlling the convergence the
5. Steps 3 and 4 are repeated for the new movement point.
algorithm is stopped [18]. A flowchart for GAs can be given in
 x '
the following.
6. Record a minimum value for x ,
7. Decrease T
Definitions of parameters, Production of initial population
8. Repeat for new T until the stopping criterion is
satisfied
Calculation of the fitness of all individuals in the population
9. Show optimum value of objective function and design
While stopping criterion is not met do
parameters
Selection for reproduction
Crossover between individuals
Mutation between individuals
D. Multiobjective Genetic Algorithms
Calculation of the fitness of modified individuals
The multi-objective optimization problem consists of more
Generation of a new population
than one goal, equality and inequality. The general
End while
mathematical formulation of these problems can be expressed
C. Simulated Annealing Algorithm
as follows.
Simulated annealing algorithm inspired the metallurgical
Max/min f i  x  = { f1  x  , f 2  x  ,..., f n  x  } i = 1, 2… n
annealing process is a multi-dimensional optimization method.
gi  x   0
j  1, 2,..., J
Subject to
(7)
Also, simulated Annealing is a random search algorithm that
has been developed by benefiting from analogy between
hk  x   0
k  1, 2,..., K
cooling and freezing of a metal to a crystal structure with
Where x is a vector of decision variables and
minimum energy and search of the minimum in general system.
f1 . , f 2 . ,..., f n . are the objective functions to maximize /
This analogy forms the basis of a combinatorial optimization
techniques. [13]. Kirkpatrick et al (1983) applied simulated minimize.
When the following inequalities are satisfied between the x
annealing algorithm to the solution of nonlinear problems [14].
This algorithm is based on Metropolis algorithm. The and y solutions, the x solution is dominated by the y solution.
relationship between the mathematical minimization and
i : fi  x   f i  y  and j : f j  x   f j  y 
Metropolis algorithm were first raised by Pincus [15]. However,
In multi-criterion optimization problems, the goal is to find
it was later proposed as a new technique for the solution of
all possible Pareto surfaces between conflicting multiple
combinatorial optimization problems. The algorithm has
objective functions. For n-criterion optimization problem, n
attracted attention of many researchers due to both simple and
objective functions are evaluated for each solution using
applicable to a wide variety of optimization problems.
Genetic Algorithms. The parameters of an induction motor
The changes to improve the value of the objective function
given the equivalent circuit in Fig. 1 are determined using
is considered according to probability, p.
Multiobjective genetic algorithms (MOGA). Nominal, lockedrotor and breakdown moment equations constitute a multiobjective optimization problem. Here, a fourth objective
(6)
function is defined as follows.
Where 𝛿𝑓, an amount of change is in the objective function, objective
𝐹4′ (… ) = 𝐹1 (… )2 + 𝐹2 (… )2 + 𝐹3 (… )2 + 𝐹4 (… )2
T is temperature which is control parameter, Simulated

    

Annealing (SA), which is very easy to be implemented, is used
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The multi-objective optimization problem for determining
the motor parameters is as follows.

 

Min f x* = { f1  x  , f 2  x  , f3  x  , f 4'  x  }

IV. THE RESULTS AND DISCUSSION
The study was conducted to identify the parameters for
three-phase induction motor. The Constrained Nonlinear
Optimization, Genetic Algorithms, Simulated Annealing
Algorithms and Multiobjective Genetic Algorithm are used for
optimization tool. The proposed methods are applied on three
phase, 380V, 5kW, induction motor. No load test, locked rotor
test, and DC test were performed to calculate the actual
parameters. Table I shows the actual parameters for sample
induction motor. The torque and power factor values used in
the objective function data are taken from the manufacturer’s
data. Then equivalent parameters, R1, R2, X, and Xm are
estimated for induction motor. The obtained results from
optimization algorithms are compared with the actual
parameter values.
TABLE I
THE EQUIVALENT CIRCUIT PARAMETERS

Parameters
5.5kW, 3 phase
,50Hz, 380V

R1[Ω]
3.17

R2[Ω]
2.99

Xl[Ω]

Xm[Ω]

7.43

118.75

each other. Table II and III show the parameter settings for
Genetic Algorithms, Simulated Annealing Algorithms,
Constrained Nonlinear Optimization and Multiobjective
Genetic Algorithms.
The lower limit and upper limit values of the equivalent
parameters, R1,R2, Xl, and Xm for GA and MOGA are selected
as [0, 0, 0, 0] and [10, 10, 10, 150], respectively. In GAs, there
is no need to set a starting point. In contrast, SA and CONOP
algorithms need to set the starting point. Therefore the starting
points of the equivalent parameters, R1,R2, Xl, and Xm for SA
and CONOP are set to [5, 5, 5, 100] and [5, 5, 5, 75],
respectively. The set of the starting point in SA, HSA and
CONOP algorithms can be considered as a disadvantage. After
the parameter settings, the optimization algorithms were run in
order to obtain optimum results. In this study, all algorithms are
run eight times except for CONOP and the obtained values are
recorded and then averaged. The CONOP that is not statistical
method in nature produces the same results for all run. The
optimization experiments are carried out by using MATLAB’s
Optimization
Toolbox.
FMINCON
in
MATLAB's
Optimization Toolbox is used for CONOP that is nonlinear
programming solver. Furthermore, the Simulated Annealing
Algorithm including the hybrid function is used. So the
algorithm is named as Hybrid Simulated Annealing Algorithm
(HSA). The hybrid function in simulated annealing algorithm
is set to the pattern research.

It is necessary appropriate parameter settings since the
optimization algorithms have different characteristics from
TABLE III
PARAMETER SETTINGS FOR GENETIC ALGORITHMS AND SIMULATED ANNEALING ALGORITHMS

GA parameter settings
Generation number
Population Size
population type
Selection:
Elite count
Crossing rate
Fitness scaling:
Crossover function
Mutation
Migration

400
200
double vector
Stochasting uniform
0.05xpopulation size
0.8
Rank
scattered
Constraint dependent
Direct: fraction:0.2
interval:20

SA parameter settings
Iteration number
Annealing Function
Reannealing interval
Temperature function
Initial temperature
Starting Point

5000
Fast Annealing
100
exponential update
100
[5 5 5 100]

TABLE IIIII
PARAMETER SETTINGS FOR CONSTRAINED NONLINEAR OPTIMIZATION AND MULTIOBJECTIVE GENETIC ALGORITHMS

CONOP parameter settings
Iteration number
Algorithm
Derivatives
Starting Point
Max function evaluation
Hessian
Sub problem Algorithm
Scaling

1000
Interior Point
Approximated by solver
[5 5 5 75]
3000
BFGS
Idl factorization
None

MOGA parameter settings
Generation number
Population Size
population type
Selection:
Population Creation Function
Crossing rate
Pareto front population fraction
Crossover function
Mutation
Migration
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Table IV shows the absolute percentage error (APE) of the
equivalent parameters for CONOP, GA, SA, HSA and MOGA
algorithms. The nominal torque, starting torque, and
breakdown torque are calculated by using the identified
parameter values. The actual and estimated values for the
nominal, starting, and breakdown torques are given in Table V.
As it is seen from Tables IV and V, the best results are
obtained by Hybrid simulated annealing (HSA). Then it is
ranked as Genetic algorithms, Constrained Nonlinear
Optimization, Multiobjective Genetic Algorithms and
Simulated Annealing. However, the results obtained from
CONOP, GA and HSA are very close each other. It is seen that
the SA has the larger error rate compared to other algorithms.
In terms of parameters, the highest error rates have occurred in
11.414% and 3.373 % for Xm and power factor values
respectively.

TABLE IVV
THE OPTIMIZED PARAMETER VALUES FOR CONOP, GA, SA, HSA AND
MOGA ALGORITHMS

R1[Ω]

R2[Ω]

Actual Values

3.170

2.990

7.430

121.320

CONOP

3.169

2.991

7.461

121.339

% Error

0.031

GA

3.168

2.991

7.462

121,361

% Error

0.051

0.034

0.440

0.033

SA

3.172

2.989

7.456

107,471

% Error

0.091

0.022

0.356

11.414

HSA

3.169

2.990

7.461

121,343

% Error

0.026

0.019

0.423

0.019

MOGA

3,128

2,993

7,507

121,045

% Error

1,32

0,100

1,036

0,226

0.034

Xl[Ω]

0.417

Xm[Ω]

0.015

TABLE V
THE TORQUES AND POWER FACTOR VALUES FOR CONOP, GA, SA, HSA AND MOGA ALGORITHMS

Actual
Values
[Nm]
Nominal
Torque
38.6
Starting Torque
88.1
Breakdown
Torque
122.29
Power Factor

0.83

CONOP
[Nm]

Error
(%)

GA
[Nm]

Error
(%)

SA
[Nm]

Error
(%)

HSA
[Nm]

Error
(%)

MOGA
[Nm]

Error
(%)

38.594

0.015

38.595

0.012

38.614

0.036

38.606

0.015

38,612

0,031

88.115

0.017

88.113

0.014

88.115

0.017

88.097

0.003

87,977

0,139

122.297

0.005

122.302

0.009

122.302

0.009

122.297

0.005

122,455

0,134

0.83

0

0.802

3.373

0.83

0

0,829

0,120

0.83

0

Fig. 2, 3, 4 and 5 show the convergence curves for four
optimization algorithms. SA and HSA algorithms have found
the optimal results in higher iterations compared to GA and
CONOP. The starting fitness value in SA and HSA is better
than GA but the speed of convergence is slower. The starting
fitness value of CONOP is the same as that of SA and HSA but
the iteration number of CONOP is lower than all other
algorithms. As a result, it can be said that HSA is more
successful than CONOP, GA, MOGA and SA algorithms in
terms of finding the optimal solutions. However, it may be
important to note that CONOP, HSA, GA and MOGA are
competitive because of the accuracy results

Fig. 3 Convergence curve for Constrained Nonlinear Optimization

Fig. 2 Convergence curve for Constrained Nonlinear Optimization
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[3]

[4]

[5]

[6]
Fig. 4 Convergence curve in Simulated Annealing
[7]

[8]

[9]

[10]

Fig. 5 Convergence curve in Hybrid Simulated Annealing

V. CONCLUSIONS
The parameter estimation method for induction motors has
been proposed by using Constrained Nonlinear Optimization,
Genetic algorithms, Simulated Annealing, Hybrid Simulated
Annealing methods and Multiobjective Genetic Algorithms.
The fitness function which consist of induction motor’ torque
equations and power factor equation has been considered to
minimize the error between the forecasted values and the
manufacturer data. The actual values were compared with that
obtained using optimization algorithms. The results have
shown that hybrid simulated annealing has good convergence
characteristics but its solution quality is close to the
Constrained Nonlinear Optimization, Genetic Algorithms,
Multiobjective Genetic Algorithms and better than Simulated
Annealing Algorithm.
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Abstract— This paper presents a modular electronic monitoring
and actuation system for remote control of fluid networks. The
system is based on a microcontroller that communicates with
analog or digital sensors and actuators, sends data through wired
or wireless connections, and allows a low cost customization. The
system has been specialized for application in a high pressure gas
network: a digital sensor measures gas pressure, the microcontroller makes a comparison with user-defined parameters and, if
it is necessary, locks valves placed on the fluid networks. The
prototype has been tested successfully up to 10 MPa.
Keywords— microcontroller, digital electronics,
system, sensors, control system, actuators

embedded

I. INTRODUCTION
The possible fluid loss through a generic distribution
network is often identified by visual inspection or on-site
monitoring with recording [1]; electrical powering and remote
control of autonomous electronic systems are often
complicated and costly in sites that are hardly accessible.
However, the acquisition of the fluid data (e.g. pressure,
temperature, flow velocity or pH) in a large number of sensing
points is necessary in order to monitoring anomalies or
correlate data measurements about fluid distribution.
Moreover, some fluid distribution networks are a very
extended civil engineering structure that cross mountains, flat
lands, and even sea routes: these orographic variability
generates problems of power supply and communication with
a remote system.
In such networks often the plurality of operative and
maintenance authorities requires different features, different
acquired data and actions eventually performed by the
monitoring system. This leads to a number of different control
systems that entails high cost in design and manufacturing
process and a very high time-to-market.
This paper proposes the design of a programmable and
modular electronic control and actuation system that aims to
solve these problems.
The device integrates different transducers and sensors,
both analog and digital ones, processes and stores measures
and data. Each sensor is identified by its hardware and
firmware realization, and the same applies to all the storage
and communication processes. A modular strategy is also used
in order to adapt the system to different actuation purposes.

The difficult of power supply availability is overtook
allowing the connection to a renewable supply source (e.g.
wind or photovoltaic).
The communication for registered data is available through
cable connection or wireless networks.
The design strategy leads to integrate only components that
grants low power consumption in routine tasks execution (e.g.
sensor data acquiring, firmware execution), having power to
be deliver to the actuation modules.
Due to its small size, the system appears portable and
maintains the features of a data logger when the requirement
are simply the reading of data and the measurement of
pressure values.
II. PROPOSED SYSTEM
The designed electronic control system is based on a
microcontroller unit (MCU).
This core device is provided with the implementation of all
the interfaces required for peripherals chosen by the customer.
This step involves multiple connections with sensors,
transducers and actuators that can communicate analog or
digital with SPI, I2C or industrial protocols such as RS485.
In order to allow a complete data transmission two kind of
connections are provided: the first one is wired (e.g. USB) and
the second one is wireless (BLE, GSM-GPRS [2]).
The modular design approach allows to specialize quickly
the system depending on the application. This technique leads
significant cost and time to market decreasing.
In particular the system proposed has been customized and
tested for applications up to 10 MPa pressure gas network
pipelines.
This kind of application requires to register the
instantaneous pressure measurements and the shape of the
time pressure drops. If the value of these control variables is
outside the set limits, the execution requested is to close the
valves inserted into the pipeline path.
The data are collected by a digital transducer, preferred to
the analog one to overcome problems coming from the
distance between the pressure sensor and the monitoring box
where the control system is installed. With the implementation
of a digital interface, in this case the industrial protocol RS485,
the signal that delivers the data to the microcontroller is
unaffected by the environmental electrical noise.
The lock system of the pipeline is a solenoid valve supplied
by a 24 V power source with 475 mA maximum current.
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III. ELECTRONIC SYSTEM AND BLOCK DIAGRAM
Fig. 1 shows the blocks that compose the electronic system.
In particular they are:
 MCU
 Transducers and sensors modules
 Data transmission wireless module
 I/O wired interfaces
 Actuation module
 Power management

The variables that cause the state change are:
 Pobs, pressure value read by the transducer
 (dp/dt)obs, drop of the measured pressure
 Tobs, time measure of critical condition on drop
The settings provided as boundary condition in the FSM are:
 Pmin: low pressure threshold
 (dp/dt)th: maximum pressure drop allowed
 Tset: maximum critical drop duration before alarming
the system.
The setting values are customized on the application.

Fig. 1 Block Diagram of the control system

The MCU hosts an embedded algorithm [3] that compares
the data acquired with some thresholds (e.g. minimum
pressure, time of observation, drop of pressure) set up by the
user: the system, if the thresholds are overtook, sends an alert
message and supplies the solenoid valve to close it.
Fig. 2 evidences the PC resident software features. The
software application retrieves via USB interface the data
collected by the device and allows the user to:
 read in real-time mode both settings and actual data
collected by the measure instrument
 modify and update the settings of the device
 save a log file of measures

Fig. 3 General Scheme of Finite State Machine

The states are four: Nominal, Warning, Pre-Alarm and
Alarm State. The Nominal State is the start-up State of the
control process. The Warning State and the Pre-Alarm State
are reversible state: it is always present a condition that leads
the system to Nominal State without active actions on the coil.
If the system joins the Alarm State the coil is supplied and
it is necessary a Manual Reset to restore the system in
Nominal conditions.
To explain how the system works, in the following some
significant cases are discussed.
Fig. 4 illustrates the transition between Nominal, Warning
and Alarm States.
Starting from the Nominal State, a smooth drop of pressure
smaller than threshold occurs. The system state changes in
Warning State, but the Tobs counter is held disabled. When Pobs
< Pmin the state changes to Alarm and the MCU drives high
the Enable signal of coil management module. This module
supplies the coil that closes the valve and lock the pipeline.
Fig. 5 illustrates the transition between Nominal, Warning
and Alarm States due to the persistence of a value

Fig. 2 Software Application.

(dp/dt)obs > (dp/dt)th

IV. FIRMWARE AND FINITE STATE MACHINE
In this section the algorithm embedded in the MCU is
described [4].
Fig. 3 shows the Finite State Machine (FSM) implemented
in the firmware.

on the drop pressure condition until Tobs = Tset time. In this
case when the system measures a drop of pressure greater than
the threshold set, the MCU Tobs timer starts. When the drop is
observed for a time equal to Tset the MCU drives high the
Enable signal that supplies the coil, the fluid network is
locked and a Manual Reset will be necessary.
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Fig. 4 The FSM change from Nominal to Warning to Alarm State

Fig. 6 shows the state transition from Nominal to PreAlarm and Warning State and the return to Nominal State
without actuation. A high pressure drop leads the system to
the Pre-Alarm State. If the drop decreases when Tobs < Tset ,
the Tobs timer is zeroed, the system state changes in Warning
State and finally, if the pressure becomes stable, in Nominal
State.
V. PROTOTYPE
A prototype of the system is shown in Fig. 7, where the
most significant parts of the hardware are labeled. The board
provides an USB connector (1) that allows the communication
with a PC/tablet. The settings are defined through I/O
peripherals: thresholds are set with a numeric keypad (2) or
directly via software. Measurements and set up are displayed
on a LCD display (3). The data coming from the RS485
connection (4) and the algorithm are managed by MCU (5).
This unit is supported by two FLASH memories for

instructions (6a) and data storage (6b) respectively. A Real
Time Clock (RTC) module (7) holds the current time and date.
The modules for the coil (8a, 8b) and board connection (9)
and DC-DC converters (10) for power supply are shown.
VI. TEST
The system has been tested on a pipe arrangement where
compressed air pressure and leakage can be defined to
emulate the gas flow in a network and to verify each branch of
the FSM in operative conditions. In the experimental setup,
the maximum nominal value for fluid network pressure is 100
bar (10 MPa).
Table I illustrates some test results. In particular (1) shows
the default case: the system records the pressure value.
In (2) the test covers the Warning and the Alarm State to
verify the system behaviour for the condition Pobs = Pmin that
changes the level of Enable signal to 3.3 V and consequently
supplies the coil.

Fig. 5 The FSM change from Nominal to Pre-Alarm Alarm State
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Fig. 6 The FSM change from Nominal to Pre-Alarm and Warning State with return to Nominal State without coil actuation

VII.
CONCLUSIONS
In this paper a smart monitoring and actuation system for
fluid networks has been illustrated. The work has requested
embedded design for electronics, firmware and software
application. A relevant achievement is on electronics design,
based on a microcontroller that allows a flexible, modular and
programmable control and actuation system with a low cost
for customization, reduced time-to-market and high reuse in
fluid networks application. A prototype for gas networks has
been tested up to 100 bar (10 MPa).
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Fig. 7 Prototype of the Control System.
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TABLE I
TEST RESULTS

Set Values

(1)
(2)
(3)
(4)

(dp/dt)th
[100
kPa/min]
10
20
9
11

Measures

Pmin [100 kPa]

Tset[s]

50
86
79
72

30
180
120
120

(dp/dt)obs
[100
kPa/min]
NA
14.2
12.3
12.6
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Output

Pobs [100 kPa]

Tobs [s]

Enable [V]

Icoil [mA]

101.8
86.0
79.0
74.5

NA
NA
85
120

0
3.3
3.3
3.3

0
475
475
475

6th International Conference on Advanced Technology & Sciences (ICAT'Riga)

Sep 12-15, 2017, Riga/LATVIA

___________________________________________________________________________________________________________

Design of a prototype for monitoring of faulty
equipment via GPRS
Omer Faruk Bay 1, Osman Ozkaraca2
Gazi University, Department of Electrical and Electronics Engineering, Ankara/Turkiye
omerbay@gazi.edu.tr
Mugla Sitki Kocman University, Department of Information Systems Engineering, Mugla/Turkiye
osmanozkaraca@mu.edu.tr

Abstract - Because of the rapid changes in the technology,
several new equipment has been joined in daily life. Being
added new ones on existent equipment has exposed the
difficulties of controlling and monitoring this equipment.
The purpose of this study is to develop a prototype for
transferring instantly faults of the electrical equipment to
technical services via General Packet Radio Service (GPRS).
By using the proposed system, equipment used at home or in
industry can be monitored easily. In this way, faulty
equipment can be determined instantly and they will be
repaired in a short time by the technical services. Thus
economic loses will be prevented. The proposed system was
applied and tested for washing machines in a laundry.
Faults of the washing machines were constituted artificially
and these faults are transferred to the local main unit using
RF receiver/transmitter. And then the fault codes along with
the machine code are transmitted from the main unit to the
web server located in the technical service using GPRS.
Received faults and machine codes are recorded in the
database in the web server using a Graphical User Interface
Software. The results show that the proposed system is
applicable and it can be used for technical services
Keywords -. GPRS, remote monitoring systems, fault
transfer

1. INTRODUCTION
Because of technology is making progress continuously, many
equipment has been joined in daily life. Being added new ones
on existent equipment has exposed the difficulties of
controlling and monitoring this equipment. Therefore, smart
houses, building control systems and vehicle monitoring
systems have come on the scene in the wake of this necessity.
The motivation of this work is to develop a low-cost system for
remote monitoring of the industrial type machines
Purpose of controlling and monitoring is being master of
equipment or systems are using and are able to use them more
effectively with less interference. Controlling and monitoring of
equipment or systems can be both open or feed backed and
remote or close.
Remote controlling and monitoring of systems can be wired
remote controlling and monitoring or wireless remote
controlling and monitoring. Wireless controlling and
monitoring can be by Infrared (IR) LED, by high speed infrared
protocol, by Radio Frequency, by Phone Kits, web based or
mobile based [1]. The selection of wireless communication
system is mainly concentrated in the CDMA, GPRS and 3G or
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4G network. The remote monitoring system has a large scale, so
selecting GPRS network can be considerable cost savings.
GPRS has the maximum network coverage in Turkey, so it can
provide a wider range for remote monitoring system by GPRS.
There is the fastest data transmission speed by 4G network, but
taking the actual amount of data transferred of machines into
account, the transfer rate of GPRS network is sufficient to
achieve the requirements. In conclusion, we chose GPRS as a
means of communication for remote monitoring system
In this study, it is purposed that monitoring of the conditions of
equipment at home or at industry via GPRS using internet or
mobile phone. System designed as a prototype can be used for
many different equipment in daily life applying simple software
changes. In this prototype mobile based monitoring is used via
GPRS.
As is known, GPRS systems use existent GSM network’s basic
facilities and mostly been thought to connect to internet using
mobile phone or faster data transfer. Consequently, there
haven’t been come across industrial studies about these
systems. Studies on GPRS are mostly about these systems’
tests, performance analysis, modeling and analysis of GPRS
systems’ behaviors. This study is a favorable sample for using
GPRS modules in daily life and industry. Together with this
study, equipment can be monitored easily by adding a module
on each equipment.
In this prototype, 8 different fault types in equipment are
admitted, and these can be increased or decreased. When a fault
arises on an equipment, firstly RF transmitter board integrated
in the equipment sends fault code to RF receiver integrated to
local main unit (central module and GPRS module). Then the
local main unit sends the fault code that just received and
equipment code to specified TCP/IP port of Server via GPRS.
In the proposed system, fault codes are created as binary
formatted arrays and each bit of the fault code represents a
predefined fault. The central module contains a microcontroller
sends the fault coded data to the Server each time when the data
on the RF receiver has just changed.
This study consists of four sections. In the second section brief
explanation of the GPRS technology is given. Third section
explains design and application of the proposed system. And
the last section gives the results and recommendation.

2. TECHNOLOGY OF THE GPRS
GPRS is the abbreviation of the words general packet radio
service that is packet-switched radio service. The other
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definition is that GPRS is the technology that supplies data
transmission as packet-switched on available mobile phone
network [2].
The general working principle is seen on Figure 1. GPRS is
better than GSM for transmitting data as greater “stacks”.
Opposite of audible call and dial up network internet
connections, you pay money for data you transmitted not for the
time you stayed connected. If you like, if you need to be
synchronized to a network periodically or if you are waiting an
important e-mail, you can have a permanently active GPRS
connection.

number of the slots. Each slot can transfer 1.4 KB data per
second for the connection. Each of GPRS classes has 2 slots.
For example; GPRS Class 3 has 2 download and 2 upload slots.
If a simple calculation is made, in class 8 there are 4 download
and 1 upload slots. That is, while download rate is 5.6 per
second, upload is limited with 1.4 KB. GPRS classes can be
seen on table 1 as follows. A 10th class is used in our study. It
has maximum 5.6 KB/sn download rate and 2.8 KB/sn upload
rate.
Table 1 GPRS classes

While speaking on the mobile phone, a connection to a channel
is supplied continuously for you that is no one can use that
channel. Again you have a connection in GPRS but you use that
channel only while transmitting data. That is, you can
continuously stay connected to the channel but you only use the
channel only while transmitting data. Also, a channel can be
shared with users more than one.
GPRS technology is a communication appliance that
continuously shows a change and improvement. An upper step
of GPRS technology is EGPRS (Extended GPRS or EDGE)
technology. In application these systems make GPRS transfer
three times faster and makes downloading large files like videos
easier [3].
Base
Station
GTP Tunelling
Protocol
CellPhone as
GPRS modem

GGSN
Gateway
Node

SGSN
Serving Node

Internet

Computer

In this study, GM862-QUAD PY model of Telit Company was
used. The reason for choosing this model is that it can work
with all GSM networks because it has Quad Band and RoHS
compatibility. Its steady design, wide working temperature
range, internal SIM card slot and RS232 industrial connector
are the other reasons for its preference.
SPI and IIC interfaces facilitate connection to external units like
sensor, camera and display [4].

User

Control Card

3. DESIGN AND APPLICATION

Mobile
Phone

GPRS Modul

Proposed system was designed for monitoring of the washing
machines in a laundry. It is possible to examine the application
in two parts. These are hardware and software parts.

Figure 1. The general working principle of GPRS system[3]
GPRS systems are classified by their upload (data sending rate)
and download (data receiving rate). Today there are 12 different
GPRS classes. The factor that affects GPRS class and rate is the

Base
Station

Washing
Machine

Transmitter

Internet

Transmitter

RF(max. 30m)

Server

Washing
Machine
GPRS
Modul
Receiver

Transmitter

Transmitter

Washing
Machine

Washing
Machine

Mobile
Phone

Figure 2. The general block diagram of the realized remote monitoring system
microcontroller software and the Graphical User(GUI)
Interface software prepared for the server in which data
are sent and stored. The general schema of the realized
remote monitoring system is shown on Figure 2.

The hardware part is composed of a module integrated to
a washing machine, called single module, and a central
module connected to GPRS module called local main
unit. The software part is divided into two parts as PIC
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restarted, and do not show any user interface. These
features make services ideal for use on a server or
whenever you need long-running functionality [5].

3.1. Software
In practice, data transporting for short range is realized
with a transmitter, which generates waves at high
frequency called radio frequency, and a receiver, which
senses these waves. Proposed system was implemented
using four single module connected to each washing
machine and one central module connected to GPRS
module. The single module only transports packets of
8bits data to central module using RF connection
protocol. Central module permanently controls incoming
data repeatedly. As detecting changes of any bit of
incoming data packets, central module transmits this data
packet to GPRS module using serial communication
protocol. In GPRS module, data is transmitted to mobile
telephone such as SMS and to accessing server using
GSM network. Figure 3 shows flowchart of the program,
which is downloaded in PIC16F877A micro controller.

General purpose of the Windows service developed for
the prototype is to take the data sent to the specified
TCP/IP port of the server from central module via GPRS
by listening the port continuously and writes it to the
database. Because of the data came to the port is binary
formatted Windows service analyses the data according
to the meaning of each bit specified during the system
design, considering the database structure and converting
the data utilizable format for the web and WAP
application, and then write it to the database.
3.1.2. Web Application
Web applications are web-accessible (deployed and/or
accessed through a web browser), web-connected (utilize
a http connection for information retrieval or display) and
task-oriented (beyond the simple browsing of
information) software [6].

Start

Data Coming from
the RF transmitter

Web application for the prototype connects to the
database and gets information about faults for the
equipment and lists the Firm Name, Machine ID,
Date/Time and the Fault information.

Read the
data coming
from the RF
transmitter

3.1.3. WAP Application
Is it same
previous with the
data

Yes

Wireless Application Protocol (WAP) is an enabling
technology based on the Internet client server architecture
model, for transmission and presentation of information
from the World Wide Web (WWW) and other
applications utilizing the Internet Protocol (IP) to a
mobile
phone
or
other
wireless
terminal.
[http://www.mobilein.com/wap.htm].

No

GPRS modul
commands

Is GPRS
ready?

WAP is essentially a wireless equivalent to the Internet
protocol stack (TCP/IP) [7]. Purpose of the WAP
application for the prototype is to have mobility for
monitoring the machine conditions. This application
works under the sub domain called WAP.

No

Yes

Send the data to
RS 232 port

3.2. Hardware
Circuit schema and its photo of central module are shown
in Figure 4 and 5 respectively. In central module, there is
a serial port output that supplies the communication
GPRS module and there is a RF receiver/transmitter that
supplies communication with single module. PIC 16F877
is used as microcontroller and a 16 MHz crystal is used
as oscillator. The data transmission rate is chosen as 9600
bps.

Wap and SMS

Figure 3. The flowchart of the program in PIC 16F877A
microcontroller
Server side software application has three separated
software and each of them is a part of entire solution
because of using the same sources. All three applications
have been developed using Microsoft Visual Studio .Net
2005 IDE and chosen C#.Net 2.0 programming language.
3.1.1. Windows Service Application
Microsoft Windows services enable creating longrunning executable applications that run in their own
Windows sessions. These services can be automatically
started when the computer boots, can be paused and
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Figure 4. Circuit schema of the Central Module.
Figure 7. The photograph of Single Module
In this study, GPRS module goes to the IP and port
number and tells that it wants to communicate with it. If
that port of the server is open, GPRS module gives
CONNECT warning. This warning shows that module
has connected to the server. After this point whatever we
send through the connection will go to the server. In this
application we get the data and replace it into the
database. For this reason, we prepared a program to listen
the port in the server side. This program reads and
records the data whenever data received. Figure8Figure10 show the web site which is the result of
proposed system.

Figure 5. The photograph of the Central Module
The circuit schema and photograph of RF transmitter
(single module) are shown in Figure 6 and 7 respectively.
PIC 16F877 is used as microcontroller and a 16 MHz
crystal is used as oscillator. Fault codes that are thought
in the prototype are simulated with 8 dip switch.
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Figure 8. The screenshot of the web site for proposed
system
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Figure 6. The circuit schema of the Single Module
constructed with ATX-34S

Figure 9. The screenshot of the web application for
continuing faults
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Figure 10. The screenshot of the web application for
equipment conditions of a selected company

4. CONCLUSION
This study introduces design and implementation of a
monitoring system for home or industrial equipment
using GPRS. The proposed system was realized as
hardware and software parts. And it was applied and
tested for using washing machines in a laundry. The
results showed that the proposed system was applicable
and it can be used for technical services.
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Abstract— In this paper, a barrier Lyapunov function (BLF)
based backstepping constrained controller is adapted to control
of cascaded nonlinear systems. Using the designed controller, the
system output is naturally constrained to predefined bounds
based on the tracking error convergence rate. The control law is
determined based on the Barrier Lyapunov function approach.
In application part, using BLF based controller, an experimental
unstable nonlinear ball and beam system is controlled in
simulation and real-time, and compared to the quadratic
Lyapunov function (QLF) based controller. The tracking results
in transient and steady-state periods are consistent with the
developed theory and the designed constrained controller is
applicable for the control of unstable cascaded nonlinear
systems.
Keywords— Backstepping control, real-time constrained
control, barrier Lyapunov function, stability, ball and beam
system.

I. INTRODUCTION
Physical constraints of real-time systems have become an
important research topic since 90s. Each system has upper and
lower operating limits and a specific point in order to operate
at desired performance. If these boundary points are ignored,
the system will not work as desired. Besides, instability
situations will lead to accidents and serious injury. While the
system is under control, it is physically not possible to put
constraints on the state or the output of the system. This
process is accomplished by interruption of the input signal or
placing limits on the input signal before hitting physical
boundaries. However, limiting the input signal is not the
solution due to the continuation of the states. To avoid such
undesirable situations of physical systems, the constrained
control methods are recommended.
In order to constrain the state and input of nonlinear
systems, several control methods have been developed using
Lyapunov stability analysis [1], [2]. Initially, optimal control
problem subject to the system dynamics and constraints
problems is one of the well-known alternative method for
linear systems. Model predictive control considers the
problem within an optimization framework suitable for

intended constraints [3], [4]. Both optimal control and model
predictive control are based on the defined cost function
where the limitation leads the slower response or instability
problems for some nonlinear systems. In addition, it is
relatively difficult to apply optimal control and model
predictive control to the nonlinear systems due to required
linearized dynamics. Recently, Barrier Lyapunov Function
(BLF) based constrained control is proposed [5]. The basis of
this approach is the constraints placed on the tracking error.
When tracking error reaches to the desired constraint values,
the input of the system will be also constrained thus the
tracking error and states will be constrained, too. BLFs have
been used to design control for output-constrained systems in
strict feedback form [6] and output feedback form [7]. The
BLF based design framework accommodates adaptive control
design for handling not only parametric uncertainty [6], but
also function uncertainty through the use of neural networks
[7]. BLF based control design has also been used for stateconstrained systems in Brunovsky form [5] and strict feedback
form [8], respectively.
Due to uncertain dynamics of the nonlinear systems,
environmental noises and disturbances, it is difficult to apply
the designed controllers to the real-time systems. The ball and
beam system is one of the known benchmark systems which is
highly nonlinear and open-loop unstable. It has two poles at
the origin and it is easy to make system unstable. The
designed controller is used to keep the ball in the desired
position on the beam. In this paper, BLF based constrained
controller is designed and applied to the experimental ball and
beam system through the backstepping technique in
simulation and real-time experiments. In addition, quadratic
Lyapunov function (QLF) based backstepping controller is
designed and compared to BLF based tracking results.
Remarkable application results are obtained.
The paper is organized as follows. The theory of the BLF
based constrained backstepping control is given in Section II.
The experimental ball and beam system is presented in
Section III. Section IV presents simulation and real-time
application results. Finally, Section V concludes the paper.
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II. BACKSTEPPING BASED CONSTRAINED CONTROLLER
DESIGN

Step 6: Take time derivative of the first lyapunov function,

A. Problem Formulation
The problem considered in this paper is for nonlinear
systems in the single-input-single-output (SISO) strict
feedback form [9]. Without loss of generality, such systems
can be described in the following equations:
𝑥̇ 𝑖
𝑥̇ 𝑛

= 𝑓𝑖 (𝑥𝑖 ) + 𝑔𝑖 (𝑥𝑖 )𝑥𝑖+1 , 𝑖 = 1,2, . . . , 𝑛 − 1, 𝑛 ≥ 2,
= 𝑓𝑛 (𝑥𝑛 ) + 𝑔𝑛 (𝑥𝑛 )𝑢

𝑉1̇

𝛼1

with the system output being 𝑦 = 𝑥1 where 𝑢 is control signal.
Denote 𝑦𝑑 the desired reference and 𝑧1 = 𝑥1 - 𝑦𝑑 is the first
tracking error. 𝒙𝒊 represents the state vector 𝒙𝒊 =
[𝑥1 , 𝑥2 , . . . , 𝑥𝑛 ]𝛵 .
The following usual assumptions are made: i) 𝑦𝑑 ,
(𝑛)
𝑦̇ 𝑑 ,..., 𝑦𝑑 are bounded; ii) 𝑓𝑖 , 𝑔𝑖 are smooth functions are
bounded in the defined domain; iii) there exists a constant 𝑔0
such that: |𝑔𝑖 | ≥ 𝑔0 > 0

𝑉1

𝛼2

𝑧𝑖+1

= 𝑥𝑖+1 − 𝛼𝑖 , 𝑖 = 1,2, . . . , 𝑛 − 1

𝑧̇1

= 𝑓1 + 𝑔1 (𝑧2 + 𝛼1 ) − 𝑦̇ 𝑑

(4)

=

𝑉2

=

1
(−𝑓2 − 𝑘2 𝑧2 + 𝛼̇ 1 )
𝑔2

1
(−𝑓𝑖 − 𝑘𝑖 𝑧𝑖 + 𝛼̇ 𝑖−1 ), 𝑖 = 3, . . . 𝑛 − 1
𝑔𝑖

2
2
1
𝑘𝑏1
1
𝑘𝑏2
= 𝑙𝑜𝑔 2
+ 𝑙𝑜𝑔 2
2
2
𝑘𝑏1 − 𝑧1 2
𝑘𝑏2 − 𝑧22

2
2
2
1
𝑘𝑏1
1
𝑘𝑏2
1
𝑘𝑏3
= 𝑙𝑜𝑔 2
+
𝑙𝑜𝑔
𝑙𝑜𝑔
2
2
2
𝑘𝑏1 − 𝑧12 2
𝑘𝑏2
− 𝑧22 2
𝑘𝑏3
− 𝑧32

𝑉4 =

2
2
2
1
𝑘𝑏1
1
𝑘𝑏2
1
𝑘𝑏3
𝑙𝑜𝑔 2
𝑙𝑜𝑔 2
2 + 𝑙𝑜𝑔 2
2 +
2
𝑘𝑏1 − 𝑧1 2
𝑘𝑏2 − 𝑧2
2
𝑘𝑏3 − 𝑧32
2
1
𝑘𝑏4
+
𝑙𝑜𝑔 2
2
𝑘𝑏4 − 𝑧42

𝑛

(5)

Step 5: Take time derivative of the other tracking error,
𝑧̇𝑖

= 𝑓𝑖 + 𝑔𝑖 (𝑧𝑖+1 + 𝛼𝑖 ) − 𝛼̇ 𝑖−1 , 𝑖 = 3, . . . 𝑛 − 1

(10)

(11)

(12)

(13)

where 𝑘𝑏1 > |𝑧1 (0)| , 𝑘𝑏2 > |𝑧2 (0)| , 𝑘𝑏3 > |𝑧3 (0)| and 𝑘𝑏4 >
|𝑧4 (0)| for negative definite.
Step 13: Choose the general Barrier Lyapunov Function as,
𝑉 = 𝑉𝑛 = ∑

= 𝑓2 + 𝑔2 (𝑧3 + 𝛼2 ) − 𝛼̇ 1

(9)

where 𝑘𝑏1 > |𝑧1 (0)| , 𝑘𝑏2 > |𝑧2 (0)| and 𝑘𝑏3 > |𝑧3 (0)| for
negative definite.
Step 12: Choose the fourth Barrier Lyapunov Function as,

Step 4: Take time derivative of the second tracking error,
𝑧̇2

(8)

where 𝑘𝑏1 > |𝑧1 (0)| and 𝑘𝑏2 > |𝑧2 (0)| for negative definite.
Step 11: Choose the third Barrier Lyapunov Function as,

(3)

Step 3: Take time derivative of the first tracking error,

1
(−𝑓1 − 𝑘1 𝑧1 + 𝑦̇ 𝑑 )
𝑔1

Step 10: Choose the second Barrier Lyapunov Function as,

𝑉3

Note whereas |𝑧1 | approaches to 𝑘𝑏1 , this kind of Barrier
Lyapunov Functions will approach to infinity. Provided the
Lyapunov Function can not be greater than its initial value 𝑉0 ,
|𝑧1 | should be bounded by k b1 .
Step 2: Choose of the other tracking errors,

=

Step 9: The other stabilizing function αi is chosen,
𝛼𝑖

(2)

(7)

Step 8: The stabilizing function α2 is chosen,

B. BLF Based Backstepping Control

2
1
𝑘𝑏1
= 𝑙𝑜𝑔 2
2
𝑘𝑏1 − 𝑧12

𝑧1 𝑧̇1
2
𝑘𝑏1
− 𝑧12

The derivative of the first BLF is negative definite for
stability where k b1 > |z1 (0)| for negative definite
Step 7: The stabilizing function function α1 is chosen,

(1)

Barrier Lyapunov Function techniques was originally
proposed in [5] and recently modified and used to design
control laws that can explicitly make the system output satisfy
a constant constraint in [6]. However, the control signal will
be unbounded when the tracking error approaches the
boundaries. In this paper, the Barrier Lyapunov Function
based output constrained control with input function based
output constrained control is introduced through backstepping
technique [10].
Step 1: Choose the first Barrier Lyapunov Function as,

=

𝑖=1

2
1
𝑘𝑏𝑖
𝑙𝑜𝑔 2
2
𝑘𝑏𝑖 − 𝑧𝑖2

where 𝑘𝑏𝑖 > |𝑧𝑖 (0)| for negative definite

(6)
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Step 14: The final control law is chosen as,
1
𝑢=
(−𝑓𝑛 − 𝑘𝑛 𝑧𝑛 + 𝛼̇ 𝑛−1 )
𝑔𝑛

where the initial values 𝑧1,0 , 𝑧̇1,0 in Stage 2 satisfy the
following condition.
(15)
−𝑏2 𝑧1,0 < 𝑧̇1,0 < −𝑏1 𝑧1,0

The objective is here to design a control law that ensures the
tracking error 𝑧1 satisfies,

where
2
2
2𝑔𝑛−1
𝑘𝑏𝑛
𝑘𝑛 >
2
𝑘1 (𝑘𝑏(𝑛−1) − (𝑘𝑏(𝑛−1) 𝐶)2 )

(16)

Step 15: Derivative of the final Lyapunov function turns
out to be,
𝑛−1

𝑉𝑛̇

≤ ∑ 𝑁𝑗 (𝑧𝑗 ) −
𝑗=1

𝑘𝑛 𝑧𝑛2
2
2(𝑘𝑏𝑛
− 𝑧𝑛2 )

(17)

−𝑏2 𝑧1 < 𝑧̇1 < −𝑏1 𝑧1 ,

(22)

−𝑧1,0 𝑒 −𝑏2 𝑡 < 𝑧1 < 𝑧1,0 𝑒 −𝑏1𝑡 .

(23)

that is

In this section, the following control method is applied. 𝑑 =
(𝑏1 + 𝑏2 )/2 and 𝐶𝑏2 = (𝑏1 − 𝑏2 )/2 .
𝜀1 = 𝑧1 = 𝑥1 − 𝑦𝑑

where
𝑁𝑗 (𝑧𝑗 )

=−

𝑘𝑗 𝑧𝑗2
2
8(𝑘𝑏𝑗
− 𝑧𝑗2 )

, 𝑗 = 2, . . . , 𝑛 − 1

(21)

𝜀2 =
(18)

Thus, 𝑉𝑛̇ is negative definite for |𝑧𝑖 | < 𝑘𝑏𝑖 , 𝑖 = 1, . . . , 𝑛. As
𝑘𝑏𝑖 is chosen greater than |𝑧𝑖 (0)| according to (14). When |𝑧𝑖 |
approaches to 𝑘𝑏𝑖 , 𝑉𝑛 will go to infinite. However, the
conditions that the initial value of 𝑉𝑛 is finite and 𝑉𝑛̇ is
negative definite, can ensure that 𝑉𝑛 must be finite. Thus, the
control law can guarantee |𝑧𝑖 | stay within its respective bound
𝑘𝑏𝑖 . The stabilities of Barrier Lyapunov Functions (𝑉𝑛 ) are
shown in [10].

𝑧̇1
𝑥̇1 − 𝑦̇ 𝑑
+𝑑 =
+𝑑
𝑧1
𝑥1 − 𝑦𝑑

𝜀𝑖 = 𝑥𝑖 , 𝑖 = 3, . . . , 𝑛

(24)
(25)
(26)

the dots of system are on below.
𝜀̇1 = 𝑧̇1 = (𝜀2 − 𝑑)𝑧1 = −𝑑𝜀1 + 𝜀1 𝜀2
𝜀̇2 = (

𝑓1 + 𝑔1 𝑥2 − 𝑦̇ 𝑑
+ 𝑑)
𝑥1 − 𝑦𝑑

(27)
(28)

𝜀̇𝑖 = 𝑥̇ 𝑖 = 𝑓𝑖 (𝑥𝑖 ) + 𝑔𝑖 (𝑥𝑖 )𝑥𝑖+1 , 𝑖 = 3, . . . , 𝑛 − 1

(29)

𝜀̇𝑛 = 𝑥̇ 𝑛 = 𝑓𝑛 (𝑥𝑛 ) + 𝑔𝑛 (𝑥𝑛 )𝑢

(30)

C. Constraints on Backstepping Design
In this subsection, the three-stage transient trajectory
shaping control method [10] is explained and designed for the
ball and beam system.
1) Stage 1: Bounding: The initial tracking error must be
positive. If it is negative, the system can be simply modified
by changing the sign of the first state and the tracking
reference. At this stage, BLF based constraint backstepping
control method is applied directly. Then, the tracking error
can be bounded by 𝑘𝑏1 . Then, the end of Stage 1 is defined by
the following conditions.
𝑧1 > 0
(19)
𝑧̇1 < −𝑏𝑧1
where b is a positive constant.
2) Stage 2: Shaping: At this stage, the tracking error
trajectory stays within the boundaries constructed by two
exponentially converging functions. 𝑧1,0 ,𝑧̇1,0 denote the initial
values of the tracking error and its derivative at Stage 2.
According to the performance requirement, two positive
constants 𝑏1 and 𝑏2 can be found as follows.

In Stage 2, the tracking error is bounded by (23). When 𝑧1
reaches the condition with respect to the bound, 𝐿𝑏1 that is
|𝑧1 |

= 𝐿𝑏1 − 𝛥𝐿𝑏1 > 0

where 𝐿𝑏1 (bound for Stage 3) and 𝛥𝐿𝑏1 (buffer in Stage 3)
are positive constants. The control law is turned into Stage 3
as given in the following subsection.
3) Stage 3: Converging: (31) is the condition of the
beginning of Stage 3. By properly selecting 𝐿𝑏1 (bound for
Stage 3) and 𝛥𝐿𝑏1 (buffer in Stage 3), the switching time
instant from Stage 2 to Stage 3 can be determined. The
duration of Stage 2 can be estimated based on the exponential
functions (boundaries) in Stage 2 and the condition (31).
When (31) holds, another BLF in the form of
𝑛

𝑉𝑠3

=∑
𝑖=1

0 < 𝑏1 < 𝑏 < 𝑏2

(31)

(20)
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2
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where 𝐿𝑏𝑖 , i = 2,...,n are chosen to be greater than the
corresponding initial values of 𝑧𝑖 , i = 2,...,n. In stage 3, the
control method on the Stage 1 is applied. The control law in
Stage 3 can be generated to guarantee that 𝑧1 stays within the
bound of 𝐿𝑏1 while converging to zero and the system is
stable where 𝐿𝑏1 is the small constant.
III. EXPERIMENTAL BALL AND BEAM SYSTEM
The ball and beam system is one of the benchmark systems
to test developed control methods. The system is unstable,
nonlinear and cascaded system where it is desired to control
the position of the ball by applying a suitable control voltage
to the servomotor. The ball and beam system is shown in
Figure 1 and its mathematical model [11], [12] is given by
𝑟̈
𝜃̈

𝑚𝑟𝑎𝑟𝑚 𝑔𝑅2
𝑚
𝑠𝑖𝑛𝜃 −
𝑟𝜃̇ 2
𝐽𝑏
𝐿𝑏𝑒𝑎𝑚 (𝑚𝑅2 + 𝐽𝑏 )
+𝑚
𝑅2
1
𝐿1
= − 𝜃̇ + 𝑢
𝜏
𝜏

Fig. 1 Ball and Beam System

Let 𝑥 = (𝑥1 , 𝑥2 , 𝑥3 , 𝑥4 )𝛵 = (𝑟, 𝑟̇ , 𝜃, 𝜃̇ )𝛵 . Then, we can obtain
the following state space equations,
𝑥̇1
𝑥̇ 2
𝑥̇ 3

=

(33)

𝑥̇ 4

where 𝜃 is beam angle and 𝑟 is ball position. In addition, 𝐿1 is
the steady-state gain, 𝜏 is the time-constant, 𝐿𝑏𝑒𝑎𝑚 is the
length of the beam, 𝑚 and 𝐽𝑏 are the mass and moment of
inertia of the ball, respectively. Moreover, 𝑅 is the radius of
the ball, 𝑔 is the acceleration due to gravity, 𝑟𝑎𝑟𝑚 is the
distance between screw and motor gear, and 𝑢 is the input of
the system. The values of the parameters are given in Table 1.
Some constants are defined as follows.
𝐾𝑏𝑏
𝐻

𝑚𝑟𝑎𝑟𝑚 𝑔𝑅2
𝐿𝑏𝑒𝑎𝑚 (𝑚𝑅2 + 𝐽𝑏 )
𝑚
=
𝐽𝑏
+𝑚
𝑅2
=

(34)

TABLE I
PARAMETERS OF THE BALL AND BEAM SYSTEM

𝐿1
𝜏

Steady-state gain

1.76 rad/sv

Time constant

0.0285 s

𝐿𝑏𝑒𝑎𝑚
𝑚
𝐽𝑏
𝑅
𝑔
𝑟𝑎𝑟𝑚

Length of the beam

42.55 cm

Mass of the ball

0.064 kg

Moment of the ball

4.129 × 10−6 kgm2

Radius of the ball

1.27 cm

Acceleration due to gravity

9.81 m/s2

Screw-Motor gear distance

2.54 cm

= 𝑥2 ,
= 𝐾𝑏𝑏 𝑠𝑖𝑛(𝑥3 ) − 𝐻𝑥1 𝑥42 ,
= 𝑥4 ,
1
𝐿1
= − 𝑥4 + 𝑢
𝜏
𝜏

(35)

where 𝑥1 is position of the ball, 𝑥2 is velocity of ball, 𝑥3 is
angular displacement of servomotor and 𝑥4 is angular velocity
of servomotor, respectively. The barrier Lyapunov function
based three stage backstepping controller and quadratic
Lyapunov function based backstepping controller are applied
to the equations of the given ball and beam system according
to the Section II.
IV. NUMERICAL AND EXPERIMENT RESULTS
In this section, numerical simulations and experimental
results are presented in detail using BLF based three stage
backstepping controller and QLF based backstepping
controller for the ball and beam system. The application
results are obtained for stabilization of ball on the origin point
of the beam where the obtained results are compared.
The numerical simulations experiments were run for 10
seconds with sampling-time 𝑇𝑠 = 10−3 seconds. The real-time
experiments were run for 20 seconds with same samplingtime. The fourth-order Runge-Kutta integration routine is used
for integration of continuous dynamics. The real-time system
is controlled through simulink tools of the experimental
system where the frequency of the reference signal is chosen
as 0.1Hz.

A. Computer Simulations
The simulation results including output tracking (ball
position), tracking error and control signal are shown for BLF
based backstepping control case in Figure 2 and for QLF
based backstepping control case in Figure 3, respectively. In
simulation study, 𝑘𝑏1 constant is selected as 0.1 in Stage 1.
Additionally, 𝑏, 𝑏1 and 𝑏2 constants are chosen as 1, 0.8 and
1.2 values in Stage 2 ,respectively. Finally, 𝐿𝑏1 and 𝛥𝐿𝑏1
constants are 0.01 and 0.001 in Stage 3, respectively. These
parameters are found for ball and beam system by grid search
of an interval.

- 56 -

6th International Conference on Advanced Technology & Sciences (ICAT'Riga)

Sep 12-15, 2017, Riga/LATVIA

___________________________________________________________________________________________________________

As seen from Figure 2, the tracking results are suitable
using BLF based backstepping control with explained theory.
Thus, shaped tracking error obtained within the framework of
the required limits. While the tracking error passes from Stage
1 to Stage 2, the control signal was increased to fasten the ball
to reach the zero location. From Stage 2 to Stage 3, the control
signal was decreased since the ball position is close to the
ultimate reference signal. The changes on control signal are
shown on the subplots but it is not clear in tracking results of
simulation study. In addition, QLF based backstepping control
was run using the same initialization where there exist more
oscillations on both tracking and control signal. In simulation
study, the produced control signal is between the limits of the
power supply so that there is no any saturation limit applied to
the produced control signal. As a result, BLF based three stage
backstepping controller has performed better tracking
compared to QLF based controller.

(a) Reference tracking.

B. Experimental Results
Figure 4 and 5 represents the experimental results of ball
stabilization on the origin position and 0.07m position of the
beam, respectively. Since there is no any control parameter of
QLF based design to design or tune, QLF based backstepping
controller has no presentable results in real-time for nonlinear
unstable ball and beam system. Therefore, BLF based
backstepping controller are only demonstrated in this section.
In real-time experiment for origin position, 𝑘𝑏1 constant is
chosen selected as 0.21 value in Stage 1. Additionally, 𝑏, 𝑏1
and 𝑏2 constants are selected as 1.1, 0.7 and 1.4 in Stage 2,
respectively. Finally, 𝐿𝑏1 and 𝛥𝐿𝑏1 constants are used as
0.062 and 0.002 in Stage 3, respectively.
In real-time experiment for 0.07m position, k b1 constant is
chosen selected as 0.14 value in Stage 1. Additionally, 𝑏, 𝑏1
and 𝑏2 constants are selected as 0.9, 0.6 and 1.1 in Stage 2,
respectively. Finally, 𝐿𝑏1 and 𝛥𝐿𝑏1 constants are used as
0.062 and 0.002 in Stage 3, respectively.
The reference tracking, tracking error and control signals
are shown in the figures. In real-time experiments, due to the
stability problem and cascaded structure of the ball and beam
system, it is very difficult to obtain consistent results.
Therefore, the control parameters are determined by trial-anderror approach.
The performance of the tracking error in transient region is
illustrated in Figure 4 and 5. At Stages 1 and 3, the trajectory
is bounded by the bounds 𝑘𝑏1 and 𝛥𝐿𝑏1 , respectively. During
Stage 2, the trajectory is shaped by two exponentially
converging boundaries that is 𝑧1,0 𝑒 −𝑏2 𝑡 and 𝑧1,0 𝑒 −𝑏1𝑡 . The
transitions between stages are magnified on the figures.

(b) Tracking error.

(c) Control signal.
Fig. 2 Simulation: BLF based backstepping control.
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(a) Reference tracking.

(a) Reference tracking.

(b) Tracking error.

(b) Tracking error.

(c) Control signal.

(c) Control signal.

Fig. 3 Simulation: QLF based backstepping control.

Fig. 4 Real-time experiment: BLF based backstepping control (origin).
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estimation and adaptive constraint controllers will be
developed and applied to the ball and beam system.
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it is difficult to find suitable controller parameters in
backstepping design. Therefore, in ongoing project, parameter
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Abstract— It is important monitoring of on-line tool condition to
determine optimized machining parameters and obtain reduced
costs in industrial applications. Cutting forces affects surface
quality and accuracy of workpiece which stands ultimate aim of
a production line. Artificial intelligence methods provide
prediction of machining performance with reduced experiments
and contribute to enhancing of productivity. In this work, a
combined statistical analysis (by utilizing analysis of varianceANOVA) and artificial neural network (ANN) approach is
implemented to turning operation to obtain minimum cutting
forces with minimum experiment. The turning experiments were
performed in dry conditions and inclined/back rake angle
(as −𝟕𝟎 , −𝟓𝟎 , −𝟑𝟎 , 𝟑𝟎 , 𝟓𝟎 , 𝟕𝟎 ), approaching angle (as
𝟒𝟓𝟎 , 𝟔𝟎𝟎 , 𝟕𝟓𝟎 , 𝟗𝟎𝟎 ) and feed rate (0.16; 0.20; 0.25; 0.30 mm/rev)
were chosen as input parameters. The effects of the variation of
the approaching angle and the positive and negative
inclined/back rake angle were observed on the cutting force
components, An ANN based model was developed and compared
with the experimental results. To check the validation of the
model, additional experiments were performed and the results
showed that the developed model is reliable and successfully
implemented to similar applications. Finally, the most effective
machining parameters were determined with statistical analysis
using data obtained from experiments and ANN model.
Keywords— Cutting force, Tool geometry, ANOVA, ANN,
Turning.

I. INTRODUCTION
Turning is a metal cutting process that used widely for the
generation of surfaces circular sectioned in metal cutting
operations. During machining the effects of monitoring of
cutting parameters and the elements tool geometry on tool
performance and machine tools are very important for
obtaining a reliable tool life, surface quality, reduced cutting
forces and cutting power, better condition of machine tool life
and the design of machine tool elements, tool-holders and
fixtures. Vital information on cutting forces is significant
because it denotes information involving the cutting process,
workpiece material, cutters, fixturing elements and machine
tool itself [1]. The machining process excites machine,
measurement device and workpiece assembly Tool Condition
Monitoring (TCM) is needed to obtain not only higher
productivity and better part quality, but also to identify the
risks of severe damage to workpieces or machine-tool

components. Machining monitoring applied even to hard or
brittle materials can also meet the increasing demands in
precision and quality because it provides the characterization,
control, and improvement of processes.
In the research of metal cutting processes, the analysis and
prediction of the dynamic cutting forces is very important and
extensive applications in industry and research areas and
essential source of information about productive machining.
The estimation of cutting forces allows checking tool wear
estimation, predicting machined surface quality, optimizing
cutting parameters and studying phenomena such as chip
formation. Saglam et al. [2], compared the measured and
calculated results of cutting force and temperature of tool chip
during turning AISI 1040 steel with different cutting
parameters and tools having different tool geometries.
The cutting tool geometry is of prime importance because
it directly affects chip control, productivity of machining, tool
life, direction and magnitude of the cutting force and quality
of machining. Tool geometry selection and its optimization
are complex tasks involving many considerations, since the
geometries chosen will have individual influence and
combined influence along with the other values on the
machining process. The most important geometric elements,
relative to chip formation, are the location of the cutting edge
and the orientation of the tool face with respect to the
workpiece and the direction of cut [3]. Therefore, tool
geometry and the values of angle creating cutting tools are
required detailed investigation. Cutting forces can also be
used to optimise cutter geometry and evaluate the likelihood
of workpiece distortion and failure of cutting tool. In order to
get optimum tool performance during turning chip section
should be constant. Otherwise the sudden change in materialtool engagement cause changes in cutting forces magnitude
that may cause tool breakage and affect the machined surface
quality [4]. Saglam et al. [2] investigated the effects of rake
angle, entering angle of cutting tool and cutting speed on
cutting force and tool tip temperature using full factorial
design while machining with uncoated tool inserts.
Cutting force signals captured in-process is widely
considered as a base on tool condition monitoring systems that
reduce machining cost and provide continuity on product
quality. In these systems it is established correlations between
measurable variables (e.g. cutting forces, temperature,
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vibrations) and non-measurable directly relevant parameters
(such as tool wear, tool breakage, surface roughness).
A TCM consists of three basic elements such as sensors,
signal processing stages, and decision-making systems to
interpret the sensory information and to decide on the
essential corrective action [5]. Several condition monitoring
strategies have been proposed and evaluated during the last 20
years.
Since metal cutting mechanics is quite complicated and
indicate nonlinear characteristic it is very difficult to develop
a comprehensive model which involves all cutting parameters
affecting machining variables. Even all the cutting parameters
are defined their effective levels cannot be determined
certainly. Therefore it is essential to construct a predictive
model Using Artificial neural Network (ANN) when the data
obtained by experimentation is analysed.
The aim of the experimental study was to select the
optimal cutting tool geometry by investigating the effects of
the tool angles (inclined angle and approaching angle) and
cutting parameter (feed rate) and there interrelations, which
produces less-generated cutting forces with statistical method
(ANOVA) and predictive model using Artificial neural
Network (ANN).
1.1. Cutting forces
The cutting forces are mainly affected by many factors
such as cutting parameters (cutting speed, feed rate, depth of
cut) undeformed chip thickness, cutting tool material, tool
geometry and tool wear. Cutting force signals vary almost
linearly with tool wear rate. The prediction of cutting process
cannot be made on the basis of its theoretical analysis.
Because the cutting force components are known to be very
sensitive even to the smallest changes in the cutting process.
Therefore, instead of calculating the cutting force
theoretically, measuring them in process by dynamometers is
preferred. If the cutting force calculations are verified by
experimental measurements, the formulations about
calculations are accepted as reliable and thus continuous force
measurement is limited. In this context Saglam et al. [6]
performed the comparison of measured and calculated results
of cutting force components and temperature for different
cutting parameters and tool geometries to analyse their effects
cutting forces and tool tip temperature. It is assumed that
cutting force is approximately proportional to the cross
sectional area of the metal removed. The cutting forces
generated by a machining process can be monitored to detect a
tool failure or to diagnose the causes of this failure in
controlling the process parameters. Force sensors are used to
monitor impact forces in the manufacturing process.
1.2.

geometric angle values [7]. The tool cutting edge angle
significantly affects the cutting process because, for a given
feed and cutting depth, it defines the uncut chip thickness,
width of cut and thus tool life [3]. The geometry of cutting
tool is defined by certain basic tool angles and thus precise
definitions of these angles are essentials. The most important
factor that determines the chip cross-section is the
approaching angles () of tooling system. When approaching
angle is decreased the chip thickness and pressure on the
cutting length also decreased, but it has a relatively low
influence on the cutting forces. Since the main cutting edge
enters and leaves the cutting zone suddenly at 90 0 of
approaching angle it is subjected to maximum loading and
unloading. The angle produces a large feed force and also
smaller radial force at 900. Approaching angle directs cutting
forces in order to provide stability during cutting and play
important role on chip forming.
From point of view of macro geometry level, the insert is
inclined in relation to the horizontal plane. A plane parallel to
the main cutting edge contains the inclination angle/back rake
angle (  /𝛾𝑏 ), Fig.1a). This angle can be take positive or
negative value. This is the angle of insert seat in the tool
holder. Perpendicular to the main cutting edge of the tool the
rake angle/side rake angle (𝛾𝑠 ) is a measure of the edge in
relation to the cut itself (Fig. 1b). These two angles only
coincide when the tool is fed along a line at 90 0 to the axis of
workpiece, namely cutting action is orthogonal. In oblique
cutting, when approaching angle is 00    900 (Fig. 1.c),
then the cutting action is oblique and the angle is called back
rake angle.
When the back rake angle increases, the cutting force
decreases, because of small shear strain. The two rake angles
help to guide chip flow. Rake angle has an important effect on
all the cutting force components, cutting ability and also on
the tool tip temperature. Positive rake angle produces higher
shear angle and therefore, it leads to reduction of cutting
forces. But excessive value of this angle causes tool breakage.
If the cutting tool has negative rake angle, then strengthened
against hammering effects machining loads. On the other hand
the tool having negative rake tools produce high specific
cutting pressure consequently high cutting forces and power.
Kidhir et al. [8] investigated the influence of approach
angle on chip formation through the chip cross section area
during machining mild steel AISI 1020 and nickel-based
Hastelloy C-276 using ceramic tool and showed that chip
cross section areas was significantly affected by approach
angle.

Tool Geometry

The selection of tool geometry depends of many
parameters such as the type of machining operation, toolworkpiece material, machine tool power, etc. Each angle of
the cutting tool has its individual influence for a given
machining operation, in which, in fact, all cutting tool angles
are interrelated and each one should be combined to other
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Fig. 2 Position of approaching angle

II. EXPERIMENTAL PROCEDURE

Fig. 1 Position of inclined/back rake angle

In recent years, since researchers have arrived
appropriated situation about standardised profile of the cutting
tools the studies have become focusing on edge geometry.
Instead of standard sharp tool honed and chamfered tools have
become popular. Theile et al. [9] showed that cutting edge
geometry has significant impact on surface integrity and
residual stresses in finish machining and large hone radius
tools produced more compressive stresses. As tools wear, their
edge geometry may change and thus affect the part surface
quality and cutting forces. Performance of cutting tools is
highly dependent on the cutting parameters and cutting
conditions, i.e. cutting speed, feed, feed-rate, and depth of cut.
Increased cutting forces depend on tool geometry result in
increased tool stresses and tool temperatures at the cutting
zone. Elevated temperature at the cutting zone leads
chemical/diffusion wear mechanism. Therefore, proper edge
preparation is required to increase the strength of cutting edge
and attain favourable surface characteristics on finished metal
parts. Edge geometry of the tool is an important factor
affecting surface quality.
Feed Rate
Feed rate is the velocity at which the tool is fed, that
is, advancement of cutting tool against the work piece (Fig. 2).
Feed rate is effective on all cutting force signals. In the case of
increasing feed rate, cutting forces, especially feed force
increases and residual stresses change from compressive to
tensile and residual stresses more compressive as hardness of
workpiece increases [9]. Koenig et al. [10] also reported that
an increase in feed rate raises the compressive residual stress
maximal and deepens the affected zone. Increased feed rate
and chip thickness exert a major influence on cutting forces.
Force control for turning and milling can be obtained by
adjusting the federate and thereby the chip thickness.

2.1 Experimental Study and Discussion of Results
In this study, the effect of tool geometry (including
inclination angle and approaching angle) and cutting
parameter (as feed rate) on cutting forces were established as
input parameters. The cylindrical turning experiments were
performed on medium carbon steel (Ç1050  AISI 1050) in
size of 40x100 mm with carbide inserts (TCMT 110204–19
P20-P30) in dry cutting conditions. The desired responses
were three cutting force components. A three-factor four-level
full factorial design was used and totally 96 experiments were
conducted. During experiments, cutting speed and depth of cut
were kept constant (as

v c =143 m/min) and d=1 mm),

respectively. The factor and factor levels are summarized in
Table 1.
TABLE 1 FACTOR AND FACTOR LEVELS
Controllable factors
Factor levels

1.3.

Inclined angle ( )
Approaching angle (  )

−70 , −50 , −30 , 30 , 50 , 70

Feed rate (mm/rev) (f)

0.16; 0.20; 0.25; 0.30

450 , 600 , 750 , 900

The system for the cutting force measurement presents the
data acquisition system. The components of cutting forces in
three mutually perpendicular directions were recorded with a
three-component compact lathe dynamometer (TeLC DKM
2000) and transferred to the PC directly for further evaluation
(Fig. 3). Dynamometer, that responds to the cutting forces by
using electrical signals proportional to the applied forces.
Workpiece

Fig. 3 Experimental view of cutting force registering in turning process
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In data acquisition, the user should check if the
measurement resolution and range will satisfy the process
requirements. The sample frequency is another important
aspect because this factor, generally, is related to the
resolution of the signal. Shaw [11] suggests that the sample
frequency should be four times the natural frequency, a
minimum, in the use of a dynamometer. The graphical
analysis of the experimental data had been conducted in a
previous study [12]. Some of the experimental results are
shown in Table 2.

variables and the input factors [14]. The patterns selected were
subjected to analysis of variance. In this study, the results of
96 experiments were used to analyse and the other 6
experiments were used for test. According to three factors ( f, ,
and ), cutting force components as output parameters (Fc, Ff
and Fr) and were evaluated. In addition that plots of essential
factors corresponding to each ANOVA were constructed to
provide detailed analysis of significant factors related to
cutting forces. The ANOVA results for experimental data are
given in Table 3.

TABLE 2. EXPERIMENTAL DATA SET

TABLE 3. ANOVA TABLE FOR CUTTING FORCE
COMPONENTS

Exp.
No.

Input parameters

Experimental results

f





𝐹𝑐

𝐹𝑓

𝐹𝑓

1

0,16

-3

45

356

220

134

2

0,16

-3

60

341

234

125

3

0,16

-3

75

333

238

103

A) ANALYSİS OF VARIANCE FOR MAİN CUTTING FORCE Fc
Source
f


Error
Total

-

DF
3
5
3
84
95

SS
587838
107737
14321
4299
714195

MS
195946
21547
4774
51

F-ratio
3828.30
420.98
93.26

p-value
0,000
0,000
0,000

PC%
82.30
15.08
2.00

R2

99.4

B) ANALYSİS OF VARIANCE FOR FEED FORCE Ff

94

0,3

7

60

475

236

115

95

0,3

7

75

464

265

92

96

0,3

7

90

461

268

72

Source
f


Error
Total

DF
3
5
3
84
95

SS
105272
108009
29902
31028
274211

MS
35090.7
21604.7
9967.3
369.4

F-ratio
95
58.48
26.98

p-value
0,000
0,000
0,000

PC%
38.39
39.39
10.90

R2

88.68

C) ANALYSIS OF VARIANCE FOR RADIAL FORCE Fr

III. STATISTICAL ANALYSIS OF EXPERIMENTAL
DATA
Sometimes the acquired signal can be influenced by a
frequency range and so causes the monitoring be totally
impractical. An alternative is to use a non-periodic excitation
and statistical signal processing technique that requires a
number of operator decisions: the frequency range, the
number of test averages, and choice of windowing procedure
[13]. Analysis of sensor signals to extract features and
subsequent decision making are done by a variety of methods
such as statistical methods. The statistical methods are
important indicators about which parameter has how much
effects on the product quality or process performance. When
the changing is an important part of discussion dealing with
quality, analysis of variance (ANOVA) is an important
method used in interpreting of experimental data and in
essential decisions. This analyse is a statistical decision
making device used to find differences in average
performance of samples. Therefore, the experimental data
obtained have been subjected to ANOVA test.
3.1.

Analysis of Variance
Analysis of variance (ANOVA) is a statistical
technique that was used to study the relationship among the
machining parameters and to analyse which factors most
affecting cutting forces. In performing the ANOVA, it is
essential to identify which variables are assigned to the roles
of the dependent and independent variables. Dependent
variables reflect the outcome of the process while independent
variables reflect the factors that influence the dependent

Source
f


Error
Total

DF
3
5
3
78
89

SS
10271
89567
55804
12637
168279

MS
3423.6
17913.5
18601.2
150.4

F-ratio
22.76
119.07
123.64

p-value
0,000
0,000
0,000

PC%
6.10
53.23
33.16

R2

92.49

Tables 3.a-c illustrate ANOVA results for cutting force
components (Fc, Ff and Fr), for a 95% confidence level. In
these tables are listed the values of DoF, the sum of squared
deviations (SS), mean square (MS) F-ratio, p-value and
percentage of contribution (PC%) of each model terms. The
main purpose is to analyze the influence of the cutting
parameters (f, , ) on the total variance of the results. The
values of ‘p’ in the models are less than 0.05, indicating that
the models are adequate and that the terms have a significant
effect on the responses, which are desirable.
It is important to observe p-values in the tables. For three
cutting force components, all three factors are apparently
significant. As seen in Table 3.a, the most effective factor on
Fc is feed rate with 82.30% of contribution, inclined angle
with 15.08% and approaching angle with 2% follow this. The
analysis of variance Ff is presented in Table 3.b. It can be seen
that inclined angle is the most important factor affecting Ff. Its
contribution is 39.39%. The second important term affecting
the Ff is feed rate with 38.39% of contribution, and the
approach angle with 10.90%. According to Table 3.c, the
effective factors on Fr can be sequenced as inclined angle with
53.23%, approaching angle with 33.16%, and feed rate with
6.10%, respectively.
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IV. ARTIFICIAL NEURAL NETWORK
Conventional methods for predicting tool life in machining
have limited accuracy, and so robust decision systems based
on intelligent learning paradigms are plausible alternatives.
Force sensors are used to observe the cutting forces in one or
more of the three orthogonal directions as reported for turning
[15, 16] A multi-layer perceptron neural network with
backpropagation as the learning paradigm (henceforth referred
to as BPNN) is widely used as the decision system in TCM.
[17, 18, 19].
The experimental results were modelled to predict the
cutting force and torque value during turning using a
multilayer ANN model with feed forward back propagation
algorithm. Based on Fig. 4, the multilayer feed-forward
training network with the input, output and hidden layers was
applied. The designed neural network expects all input and
output values to be between 0 to 1. Hence, in the network
training and testing steps, the input and output parameters
were normalized.

The comparison of the validation test results and predicted
values were given in Table 5. Prediction accuracy of the ANN
model were computed as 95.8%, 96.2% and 97.1% for main
cutting force, feed force and radial force, respectively (Table
6). The test results showed that the ANN model has been
applied successfully to predict the cutting force components in
turning.
Also the results of the comparison showed the similarities
between the experimental study and ANN model. It is
observed that in most of the cases, the experimental value is
close to the most likely estimate and within the upper and
lower estimates. So that, reliance or reliability of applicability
of ANN in modelling and having done study has been
observed and proved (See Fig. 5-7)

Fig. 5. Experiment-ANN Surface Roughness Test Data
Graphic for Fc
Fig. 4. ANN network architecture for cutting forces
In this study the experimental results were modelled to
predict the values of cutting forces using a multilayer ANN
network architecture with feed forward backpropagation
algorithm by means of NN toolbox in MATLAB software
[20]. As shown in Fig. 4, the training network having 3 input
nodes, 10 hidden layers and 3 output nodes have been applied.
The model is trained with learning rate of 0.092 and the
training was stopped when the number of iteration was
obtained as 5.000 or the training error was 10−15 . The
network was trained with 72 of 96 experimental data and
subsequently confirmed with 24 test data. At the end of the
training of ANN the percentage of training errors and test
errors are depicted in Table 3 and 4, respectively.

Fig. 6. Experiment-ANN Surface Roughness Test Data
Graphic for Ff

Table 3. Percentage of training errors
Output parameters
Main cutting force
Feed force
Radial force

Symbol
Fc
Ff
Fr

% Training error
3,5
2,9
2,2

Table 4. Percentage of test errors
Output parameters
Main cutting force
Feed force
Radial force

Symbol
Fc
Ff
Fr

% Test error
4,2
3,8
2,9

Fig. 7. Experiment-ANN Surface Roughness Test Data
Graphic for Fr
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V. CONCLUSIONS
The goal of this study is to develop cutting force based on
ANN system to predict tool geometry and cutting parameter in
dry turning. The measured cutting force data obtained in
experiments were used to train ANN system. The developed
system was found accurate enough to estimate cutting forces
for the trained range. The experimental data were also
analysed using ANOVA. Although metal cutting processes
present non-linear characteristic, the ANN model provides
better estimation capabilities than statistical model.
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Abstract— One of the most important tasks of electrical system
operator is to keep the electricity generation / consumption in a
balance. This balance is achieved by using forecast values which
are taken from all electric generation/ consumption participants
in electricity market. The power generated from the wind is a
function of the wind speed which has uncertainty because of its
nature. In this study, a day ahead hourly wind power forecast
which is a mandatory for wind power plants (WPP) is carried out
for seven WPP’s. While the forecasted hour, wind seed forecast
and wind direction forecast are the system inputs, hourly
generated wind power is the forecasted value. The proposed
forecasting system consists of three stage and uses adaptive neuro
fuzzy inference system (ANFIS) and regression methods
sequentially. In the first stage, five different models are formed by
using the system inputs in different configurations. Secondly five
different ANFIS structures are created for each models. In the last
stage, the outputs of ANFIS structures are considered as the inputs
of regression. One-year data is selected as train data, six mount of
data are forecasted. The averaged error values of the proposed
forecast system are found as % 14.89, % 10.86 for NRMSE and
NMAE, respectively.
Keywords— ANFIS, energy management, regression, wind power
forecasting.

I. INTRODUCTION
The need of energy, especially electrical energy, is
increasing considerably day to day with the increasing of
population. Because of fluctuations in fossil fuel prices,
worldwide reductions of fossil fuel reserves and environmental
concerns such as global warming, ozone depletion and air
pollution, electricity generation is following a transition from
conventional which depends on the use of fossil fuels to
renewable energy for some reasons. [1]. Therefore, the unions
and states declared some targets to increase the share of their
renewable energy generation in total electricity. While the
Europa Union is planning to get of 20% of their electricity from
renewable energy sources by the 2020, the United States aims
to achieve 30% renewable electricity use by 2025 [2], [3].
Wind energy has played a significant role in renewable
energy, because of its high cost-stability. Wind power remains
the most competitive way of adding new power generation
capacity to the grid in large number of markets around the
world. Especially in last decade, it is very attractive option for
utilities, independent power companies and producers, so it is
one of the fastest-growing energy sources in the world.
According to the Global Wind Report 2016 published by
Global Wind Energy Council, the installed wind power

capacity in 2016 grew by 12.6 percent and reached about 486.6
GW [1], [4].
Since electric energy is very costly to store in large scale, it
is produced and consumed almost at the same time. In order to
keep the voltage and frequency values in the electrical network
within certain limits, the production / consumption must be kept
constantly balanced. This stage is very important process in
managing the electrical system. This balance is provided by the
electricity network operator through day ahead market and this
system is called day ahead planning. The market participants of
generation and consumption sides have to send their forecasts
of next 24 hour values and prices to the system. Thus, the
quantity and price of generate/consumption electricity are
determined one-day in advance. In addition, an amount
spinning reserve power is always kept ready in the electrical
system for power system reliability [5].
Especially in systems with large-scale wind power
integration, wind power forecasting affects the whole the
electrical system reliability, electricity generation scheduling
and electricity prices. In addition, wind power forecasting is
also very important for WPP owners. It effects the bid price of
spot market and penalties resulting from forecast errors, thus it
plays a crucial role in company profitability. In the Dutch
system for example, 120 Euro penalty is applied for each MWh
energy that was projected to be supplied but actually not
supplied. Penalties for forecast errors and wrong stock market
bids caused by forecast errors cost almost 10 percent of all wind
power income for wind power companies [6]. According to the
time spans, wind power forecasts are divided into four
categories; very short term in minutes or seconds, short term in
days or hours, medium term in months or weeks, and long term
in years [7]. In literature, there are some short-term wind power
forecasting studies using regression [8], artificial neural
network (ANN) [9], ANFIS [1], support vector machines [10],
times series [11], wavelet [12], ensemble methods [13].
In this study using the wind speed forecast and wind
direction forecast values of seven WPPs, one day ahead hourly
short-term wind power forecast is carried. One-year data is
selected as train data, six mount of data are forecasted. Five
different models are formed by using the system inputs in
different configurations and the proposed forecast is done by
using the ANFIS and regression methods sequentially.
The rest of paper is organized as follows. Section 2 gives
information about data and formed forecast models. While
Section 3 presents the used methods which are ANFIS and
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Fig. 1 (a) Wind speed forecasts of WPP 1 (b) Wind direction forecasts of WPP 1 (c) Generated wind power of WPP 1

regression, the results are given in Section 4. Section 5
concludes the study.
II. MODELS
Having the actual power generation data of wind turbine
plants is difficult for the researchers working on this subject,
because these data are considered a trade secret by WPP
companies. In addition to that some turbine manufactures have
made agreements with WPP owners to not share these data. The
data used in this study is taken from the GEF2012 and contain
measurements of the seven different wind power plants and
meteorological forecasts (MF) of the regions where these plants
are located. Hourly based measurement data are normalized
between 0-1 to mask the characteristic of the wind power plant.
MF includes wind speeds and directions at a height of 10 meter
for next 48 hours and this forecast is updated in every 12 hours.
One year of data are used for training whereas six mount of data
is forecasts [14]. In Fig. 1, wind speed forecast, wind direction
and generated power of WPP 1 can be seen in hourly bases for
one-year period.
Five different models are formed to get the lower forecast
error values. In the first three models, different MF which are
made at different times are used. As mentioned before MF had
made in every 12 hours for next 48 hours. These models are
illustrated in Fig. 2 and the coloured green, yellow and blue are
correspond the Model 1, 2, 3 respectively. The red part shows
the forecasted wind power. t=0 indicates the moment when the
forecast will be made. Model 1 uses MF values that made 24
hours before the moment forecast is made. The MF values in
the time span 0-24, placed where Model 1 is written, are used
as shown in the figure. Model 2 uses MF values that made 12
hours before the moment forecast is made. The MF values in
the time span 0-24, placed where Model 1 is written, are used.
And lastly Model 3 uses MF values that made the moment the

forecast is made. The MF values in the time span 0-24, placed
where Model 3 is written, are used
In Model 4 and Model 5, MF which are used in Model 3 are
preferred. Differently, MF are divided into classes according to
the determined data intervals. Different forecast structures are
applied for each classes. Forecasted wind speed data are in the
range of 0-12m/s. These are divided into classes as 0-2 m/s, 24 m/s, 4-6 m/s, 6-8 m/s and 8-12 m/s for Model 4.
In Model 5, forecasted wind directions are divided six parts
as 0-60, 60-120, 120-180, 180-240, 240-300 and 300-360
degree. The forms of the models are illustrated in Fig. 3
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Fig. 4 The flowchart of the proposed system

The proposed forecasting system are illustrated in Fig. 4. It
consists of three stage and uses adaptive neuro fuzzy inference
system (ANFIS) and regression methods sequentially. In first
stage, five different models are formed as mentioned above by
using the system inputs in different configurations. Secondly
five different ANFIS structures are created for each models. In
the last stage, the outputs of ANFIS structures are considered
as the inputs of regression. Finally, the regression results are
the final forecast values.
III. METHODS
A. ANFIS
ANFIS is a hybrid method which is composed of fuzzy logic
and artificial neural network. At the beginning of the 1990s,
ANFIS is developed by Jang. The fuzzy inference has the
advantages of being easy to implement, expressing with
linguistic variables, modelling uncertain and non-linear
situations. But it has no learning ability instead of this an expert
opinion is needed to for rule base. Artificial neural networks
method has powerful learning ability and can approximate any
function. ANFIS combines the features of two methods into one
method. ANFIS can assign all possible rules according to the
structure created for the problem dealt with, or allows the rules
to be assigned by the expert with the help of the data. An
ANFIS structure of Sugeno type is illustrated in Fig. 5 for two
inputs and one output. Only two if-then rules have been shown
in Fig. 5 to simplify the explanation and the rules are considered
[15]:
Rule 1: if x is A1 and y is B1 then f1 = p1 * x + q1 * y + r1 (1)
Rule 2: if x is A2 and y is B2 then f1 = p2 * x + q2 * y + r2 (2)
Where x and y are the inputs and p, q and r are the parameters.
ANFIS structure has five layers. The inputs and outputs of each
layer are indicated by arrows. Each square and circle shape is
called as a node. While each square node has parameters, there
is not any parameter in circle nodes. The operations performed
on each layer are explained.
Layer 1: Each node in this layer is a square node and the
square node function is as follows:
Oi1= Ai (x), i=1,2
(3)
i is the node number, Ai is the linguistic label (small, middle,
big), Oi1 is the membership function of Ai. In this study,
triangular membership function is considered with maximum

Fig. 5 ANFIS structure

equal to 1 and minimum equal to 0, such as
0,
x≤a
x−a
,
a≤x ≤b
Ai (x) = b−a
c−x
,
b≤x ≤c

(4)

c−b

c≤x }
{ 0,
Triangular is a function of x and depends a, b and c
parameters. In this layer a, b and c parameters are determined
and these parameters are named as premise parameters. In
every loop, parameters are recalculated according to output
error.
Layer 2: This layer is known as rule base layer. Every node
in this layer is a circle node and labelled π. These nodes
represent number of rules generated according to the Sugeno
fuzzy logic system. Each node multiples the incoming signals
and send them to the next layer.
wi = µAi (x) x µBi (y), i=1,2.
(5)
Layer 3: This layer is known as normalization layer. In this
layer every node is a circle node and labelled N. The output of
the ith node is divided by the sum of the firing outputs of all the
nodes.
wi
𝑤
̅ i=
, i=1, 2.
(6)
w1+ w2
It takes all nodes coming from the previous layer as an input
value and calculates the normalized value of each rule.
Layer 4: Parameters of this layer are named consequent
parameters. In this layer every node is a square node and node
function is expressed as follows:
𝑂𝑖4 = 𝑤
̅ i fi = 𝑤
̅ I (pi * x + qi * y + ri )
(7)
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TABLE I THE PARAMETERS OF ANFIS STRUCTURES

ANFIS 1
ANFIS 2
ANFIS 3
ANFIS 4
ANFIS 5

Type of
membership
function

Number of
membership
functions

Triangular
Gaussian
Triangular
Triangular
Triangular

3, 2 ,3
3, 2, 2
3, 2, 2
3, 2, 3
2, 2, 3
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TABLE II THE COEFFICIENTS OF THE REGRESSION METHOD

WPP 1
WPP 2
WPP 3
WPP 4
WPP 5
WPP 6
WPP 7

α1

α2

α3

α4

α5

α6

-0.035
-0.047
-0.049
-0.031
-0.031
-0.029
-0.048

0.415
0.212
0.193
0.28
0.276
0.267
0.215

0.152
0.193
0.377
0.11
0.239
0.091
0.049

0.453
0.175
0.22
0.477
0.145
0.377
0.488

-0.02
0.06
0.266
0.325
0.271
0.269
0.142

0.084
0.392
0.06
-0.103
0.332
0.129
0.243

Layer 5: This layer is known as total layer. In this layer, there
is only one circle node and this node is labelled ∑. Real output
value of ANFIS system is obtained by summing the output
values of the previous layer [15].
∑ w
̅ i fi
O5i = ∑i w
̅= i
(8)
∑i w
̅i

The used parameters are given in Table I.
B. Regression
Regression is a statistical method to find the relationship
between two or more variables. In forecasting studies,
regression is the most preferred method.
In this study, the outputs of ANFIS structures are considered
as variables for regression. Regression output is the final wind
power forecast. Regression formula is expressed as follows:
𝑅𝑒𝑔. = α1 + α2 ∗ ANFIS 1 + α3 ∗ ANFIS 2 +
(9)
α4 ∗ ANFIS 3 + α5 ∗ ANFIS 4 + α6 ∗ ANFIS 5
α is the coefficients of the regression and calculated
coefficient values are given in Table II.

IV. FORECAST RESULTS
In literature, there are some several methods for wind power
Forecasting error. Generally, in wind power forecasting studies
Normalized Mean Absolute Percentage Error (MAPE) is not
preferred, because generated wind power can be zero. In this
study, Normalized Root Mean Square Error (NRMSE) and
Normalized Mean Absolute Error (NMAE) are selected to
measure the accuracy. NRMSE and NMAE are defined as
follows [16]:

𝑁𝑅𝑀𝑆𝐸 =
𝑁𝑀𝐴𝐸 =

1
𝑛

2
√ ∑𝑛
𝑖=1(𝑟𝑖 −𝑓𝑖 )

𝐶

1 𝑛
∑ |𝑟 −𝑓𝑖 |
𝑛 𝑖=1 𝑖

𝐶

𝑥 100

𝑥 100

(10)
(11)

Where i is the hour, n is number of samples, r is the real
generated wind power, f is the forecasted wind power value and
C is the installed wind power capacity. The normalized values
calculated by dividing RMSE-MAE to installed wind power
capacity. Therefore, the error values of the wind power
forecasts studies are easily comparable independently of the
capacity of the WPP.
While NRMSE values are given in Table III, NMAE values
can be seen in Table IV. As looking the error rates in both error
criteria, final regression forecasts has lower than ANFIS
forecasts for each WPP’s. While the maximum NRMSE
are %15.87 for WPP 5, WPP 7 has the lowest NRMSE
as %13.56. The final regression errors are averaged and are
found as %14.89, %10.86 for NRMSE and NMAE,
respectively. In Fig 6 actual and forecast values of 20 days for
WPP 1 is given with the forecast error.

Fig. 6 (a) Actual and forecast values of 20 days for WPP 1 (b) Forecast error
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TABLE III NRMSE VALUES OF THE FORECAST

REFERENCES
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1

ANFIS
2

ANFIS
3

ANFIS
4

ANFIS
5

Regression

WPP 1

15.43
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15.79

14.39

WPP 2

18.04

17.86

17.07
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15.54

WPP 3
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14.62

WPP 5

18.91

18.17

17.52

17.73

17.66
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WPP 7
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12.58
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14.85
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Abstract-The calculation of loss has been
considered as an important step in the designing of
distribution transformer. The 3D finite element
analysis is a numerical method that solves

differential and integral equations such as
magneto static and electromagnetic. In this
study finite element method that improved in
MAXWELL software have been used to calculate
the distribution of magnetic field, ‘no-load’ and
‘load’ losses of single phase 30 kVA and 100 kVA
distribution transformer. The comparison between
the simulation and experimental results shows that
finite element method is a precise method for
calculating the transformer losses.
KAYWORDS: Distribution Transformer, Losses,
FEM

I. INTRODUCTION
For over a century, transformers have been vital
ubiquitous links in transmission and distribution
networks throughout the world. In order to
compute the transformer losses, the numeric
methods have often been used. The designing of
transformer can be improved by this type of
analysis without the need of undertaking
prototype construction and that means in terms of
costs and time, there is a relevant advantage [1].
Finite Elements Method (FEM) can be regarded
as one of the most flexible method for electrical
device analysis. In [2], A 3-D finite element
model have been used to calculate the transient
electromagnetic forces. The axial and radial
electromagnetic forces for the transformer model
are calculated and compared to the analytical
values. In [3],in order to derating of transformer
under unbalanced voltage in the presence of
nonlinear load a novel concept based on time
stepping finite element method have been used.
The result of this paper shows that IEEE is a
conservative method and FEM is more precise
for transformer derating under harmonic load
condition. In [4], a combined analyticalnumerical approach for the study of the steady -

state and transient behavior of three-phase
transformers presented.
This paper is organized as follows: Section II,
describe the simulation result of finite element method
to estimate flux density as well as losses of
distribution transformer. Section III addresses the
analytical method to calculate the 30kVA and 100
kVA single phase distribution transformer. Comparing
analytical and simulation results is investigated in this
section. Finally, conclusions are presented in section
IV.

II.

DISTRIBUTION
TRANSFORMER
ANALYSIS BY TIME DOMAIN FINITE
ELEMENT METHOD
In this paper for solving the partial differential
and integral equations, a scalar procedure is
applied. To solve this equation, the standard
method such as Euler’s, Runge-Kutta methods
will be applied. The main idea of the FEM is
Dividing of studied region in to the minor subregions.
Two single-phase, 30 kVA and 100kVA,
30.25/0.24kV distribution transformers is studied
in this article. Fig. 1 & 2 shows the 3-D modeling
of the distribution transformer under mesh
operation and the characteristics of the proposed
transformers is shortly illustrated in Table.1 all
the meshes have tetrahedral shapes in the Threedimensional modeling. In order to compute the
magnetic-field
distribution
inside
the
transformer, FEM which has utilized magnetic
parameters and geometrical dimensions of the
transformers are applied. For all simulations of
this paper, the time step has been chosen about
0.1ms. In magnetic field evaluation, a series of
information of magnetic fields intensity (H) and
magnetic flux intensity (B) are included in the
magnetic vector potential (A). Reference [5]
demonstrates the temporary and spatial variations
of A.
∇2 𝐴 − 𝜇𝜎
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In this equation, 𝜇 is the magnetic permeability, 𝜎 is
the electrical conductivity, and J0 is the applied
current density
𝜕𝐴
𝜕𝑡

= 𝑗𝑤𝐴

(2)

By using the complicated form of the magnetic field
in the three dimensional model in Cartesian coordinate
(x, y, z), hence:
𝜕

(

1 𝜕𝐴

𝜕𝑥 𝜇 𝜕𝑥

)+

𝜕

(

1 𝜕𝐴

𝜕𝑦 𝜇 𝜕𝑦

)+

𝐽0 = 0

𝜕

(

1 𝜕𝐴

𝜕𝑧 𝜇 𝜕𝑧

(3)

𝑑𝑖

Unit

Primary voltage
Secondary voltage
Rated power

30.250
0.23
100

30.250
0.24
30

KV
KV
KVA

winding

5260

7562

………

winding

40

60

………

430

380

mm

Height of window

620

440

mm

Height of LV winding

310

170

mm

Height of HV winding

260

120

Mm

TABLE. 1: Electrical parameters of studied 100kva
single phase transformer

(4)

𝑑𝑡

30
kVA

) − 𝑗𝑤𝜎𝐴 +

The fundamental equation of the electric circuits is
given by;
VS=RS i+LS

100
kVA

No.of primary
turns
No.of secondary
turns
Width of window

curl of the B, used to calculate the magnetic vector
potential A:

B=∇ × 𝐴

QUANTITY

(5)

Fig 1: Mesh Operation Of Studied 30kva Single Phase
Transformer

Fig 2: Mesh Operation of Studied 100kva Single Phase
Transformer

Fig. 3 and Fig4 shows the distribution of flux
density in the core of 30 kVA and 100 kVA
transformer, respectively. There is a dependence
between the magnetic flux density and magnetic
vector ptential. The magnetic flux density is
dependent on the percentage change in the
magnetic vector potential.

Fig 3: Magnetic field Distribution in the core of 30kVA
single-phase transformer

Fig 4: Magnetic field Distribution in the core of 100kva
single-phase transformer

Fig. 5 shows the primary induced voltage for the given
transformers.
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XY Plot 13

Maxwell3DDesign1

50.00

Curve Info

max

InducedVoltage(Winding_pri)+ InducedVoltage(Winding_pri1) [kV]

InducedVoltage(Winding_pri)+ InducedVoltage(Winding_pri1)
Setup1 : Transient

III. ANALYTICAL METHOD

ANSOFT

rms

42.5410 30.0635

Commonly, Transformer losses are categorized
into no load or core losses and load losses that
shows in Fig 7 and can be written as follow:

25.00

0.00

PTOTAL = PLOAD-L+PNO-LOAD

(6)

-25.00

-50.00
0.00

20.00

40.00

60.00

80.00

100.00

Time [ms]

Fig 5: Primary Induced Voltage of The 100kva and 30kva
Single Phase Distribution Transformer

Fig. 6a and 6b, shows the primary current of the
100kVA and 30 kVA distribution transformers is
displayed, respectively.
XY Plot 5

Maxwell3DDesign1

5.00

Curve Info

ANSOFT

rms

Current(Winding_pri)
Setup1 : Transient

3.2933

Current(Winding_pri) [A]

2.50

0.00

Because of the voltage excitation, PCore are the
core losses or no load losses. PLL, categorize into
Pdc losses or windings losses and stray losses that
of the electromagnetic fields in the windings,
magnetic shields, core clamps, enclosure or tank
walls, etc. Pdc Can be calculated by multiplying
the dc resistance of the winding with the square
of the load current. The stray losses additionally
divided into winding eddy losses and structural
part stray losses Winding eddy losses divided
into eddy current losses and Rotating current
losses. Other stray losses Because of the losses in
the clamps, tank or enclosure walls, etc. This can
be shown as:

-2.50

-5.00
0.00

20.00

40.00

60.00

80.00

100.00

Time [ms]

(7)

PLL= PDC+PEC+POSL

(a)
XY Plot 8

Maxwell3DDesign1

1.50

Curve Info
Current(Winding_pri)
Setup1 : Transient

max

ANSOFT

rms

1.3354 0.9450

1.00

Current(Winding_pri) [A]

0.50

0.00

-0.50

-1.00

-1.50
0.00

20.00

40.00

60.00

80.00

100.00

Time [ms]

(b)

Fig 7: Transformer loss classification

Fig 6: Primary current of the a)100kVA b) 30kVA single
phase distribution transformer

The calculation of transformer loss based of
finite element summarized in Table 2.
Simulation Losses(w)
FEM

100 kVA

30 kVA

No load
DC losses

230
1502

110
531

Winding eddy current losses

23

53.18

1811.68

694 .18

Total losses

R1

R2

I1rms

I2rms

100KAV

39.4

0.00189

3.3

430.5

30 kVA

185.71

0.00902

0.991

118.59

TABLE 3: 30kVA and 100 kVA transformers Parameters

To account The total stray losses PSL, we can be
subtracting Pdc from the load losses.

TABLE 2: 30kVA and 100 kVA transformer losses under
sinusoidal load based on FEM

PSL=PEC+POSL=PLL-PDC

(8)

Table 3 indicate the parameters of studied
transformers. PDC can be computed by following
equation:
PDC= (R2I22-rms+R1I21-ms) =

- 74 -

6th International Conference on Advanced Technology & Sciences (ICAT'Riga)

Sep 12-15, 2017, Riga/LATVIA

___________________________________________________________________________________________________________

(0.00902×118.592 +185.71×0.952) =588.59 w

(9)

To account The total stray losses PSL, we can be
subtracting Pdc from the load losses.
PSL=PEC+POSL=PLL-PDC

(10)

PDC can be computed by following equation:
PDC= (R2I22-rms+R1I21-ms) =
(0.00189×430.52 +39.4×3.32) =1558.69 w
The results of analytical method summarized in Table
4.
Analytical
losses (w)
No load
DC losses

100 kVA

30 kVA

230
1558.69

111.65
588.59

Winding eddy
current losses
Total losses

23

53.18

1811.68

694.18

[4] Basile K, Gilles R, Jean-Jacques S” Combined
Analytical-Numerical Approach for the Modeling and
Analysis of Three phase Transformers” IEEE 1-42440136-4/06/$20.00 '2006 .

[5] Atabak Najafi , Ires Iskender ,Naci Genc
“Evaluating and Derating of Three-Phase
Distribution Transformer under
Unbalanced
Voltage and Unbalance Load Using Finite
Element Method” IEEE 8th international power
engineering and optimization conference
,Langkawi,pp:160-165. 2014.

TABLE 4: 100kva and 30 kVA transformer losses under
sinusoidal load based on analytical method

The comparison between the simulation results
based of finite element method in table (2) with
the results based on analytical method in table(4)
,shows that finite element method is one of the
best simulation method to calculate the
transformer losses.
IV. CONCLUSION

In this paper finite element method have been
used to calculate the distribution of flux density
as well as transformer losses. The comparison of
calculated losses based on FEM and experimental
result show that finite element is a powerful
method to analyze the distribution transformers.
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Abstract Today the Internet has become ubiquitous, has touched
almost every corner of the globe, and is affecting human life in
unimaginable ways. We are now entering an era of even more
pervasive connectivity where a very wide variety of appliances will
et
T is defined as a paradigm in
which objects equipped with sensors, actuators, and processors
communicate with each other to serve a meaningful purpose.
Several IOT protocols have been introduced in order to provide
an efficient communication for resource-constrained applications.
However, their performance is not as yet well understood. I
evaluated and compared four communication protocols, namely,
AMQP, MQTT, XMPP, and COAP. I implemented a some IOT
application using open source software for these protocols and
measured their performance. In our tests, we compare AMQP and
MQTT protocols. As a result, AMQP protocol transmits data
faster than MQTT
Keywords Internet of Things, AMQP, MQTT, XMPP, COAP
I.

INTRODUCTION

more substantial place in the life with its incrementally
increasing importance. Smart home systems, intelligent cities,
wearable technology, and devices with Internet connection
became communicative with each other to facilitate our life.
Concerning these topics, many projects are being developed
and new products are being launched. Inter device connections
are ensured through several protocols and communication
methods. This article will address to some of these protocols
such as MQTT, AMQP, COAP, and XMPP. Their differences
and performance will be compared.
II.

queue

telemetry

transport

MQTT protocol has three options to achieve messaging
Quality of Service (QOS) [3]
1) One delivery (at most)
Messages are delivered according to the best effort of the
network; an acknowledgment is not required. (Least level of
QOS)
2) One delivery (at least)
Message sends at least once, some duplicate message may
exist, and an acknowledgment message is required.
3) On delivering (exactly)
Require an additional protocol to ensure that the message is
delivered once and only once. (Highest level of QOS)
B. Advanced Message Queuing Protocol (AMQP)
Advanced Message Queuing Protocol (AMQP) is a
publish/subscribe model which depends on reliable and

IOT PROTOCOLS

A. Message Queue Telemetry Transport (MQTT)
Message

MQTT was designed by IBM, and by 2013 it was
standardized by OASIS [2], it aims to reduce bandwidth
requirement. In addition to guarantee reliability of packet
delivery, MQTT provides a set of features that includes: the
support of multi-cast communication (one to many message),
and the capability to establish communications between remote
devices. But the most important feature of this protocol is the
minimization of network traffic by reducing transport overhead
and protocol exchanges. In addition, it provides a notification
mechanism when an abnormal situation occurs. [1][3]

(MQTT)

is a
-server
model. However, its simplicity, and open source code make this
protocol suited only for constrained environments, such as low
power, limited computation capability and memory, and
IOT applications and
machine to machine communications. MQTT protocol can run
over TCP/IP. [1].

Nowadays, AMQP is widely used in business and commercial
platforms. The use of a publish/subscribe approach makes this
protocol of high scalability [4].
AMQP supports heterogeneity and interoperability
characteristic communications among different devices that
support different languages. Applications that belong to AMQP
protocol are able to exchange messages one to another. AMQP
protocol focuses on knowing a set of the specifications of
messages to achieve reliability, security and performance. [5].
The AMQP protocol does not tolerate too much loss of
messages, so it focuses on losing message data. The AMQP
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protocol works over TCP as it provides a reliable point-to-point
connection. In addition, endpoints must provide a confirmation
of receipt of the message for each message. The protocol also
defines an optional job order mode with multi-phase sequence
processing capability. Looking at their roots, AMQP is a
protocol that focuses on tracking all messages, trying to be sure
that each message is independent of the error, arriving as
desired.
AMQP protocol has four option to send messaging [6]
1) Point-to-point (Direct Exchange)
A direct exchange delivers messages to queues based on the
message routing key. A direct exchange is ideal for the unicast
routing of messages
2) Publish-subscribe (Fanout Exchange)
A fanout exchange routes messages to all of the queues that
are bound to it and the routing key is ignored. If N queues are
bound to a fanout exchange, when a new message is published
to that exchange a copy of the message is delivered to all N
queues. Fanout exchanges are ideal for the broadcast routing of
messages.
3) Topic exchange
Topic exchanges route messages to one or many queues
based on matching between a message routing key and the
pattern that was used to bind a queue to an exchange. The topic
exchange type is often used to implement various
publish/subscribe pattern variations. Topic exchanges are
commonly used for the multicast routing of messages.
Topic exchanges have a very broad set of use cases.
Whenever a problem involves multiple consumers/applications
that selectively choose which type of messages they want to
receive, the use of topic exchanges should be considered.
4) Headers Exchange
A headers exchange is designed for routing on multiple
attributes that are more easily expressed as message headers
than a routing key. Headers exchanges ignore the routing key
attribute. Instead, the attributes used for routing are taken from
the headers attribute. A message is considered matching if the
value of the header equals the value specified upon binding.
It is possible to bind a queue to a headers exchange using
more than one header for matching. In this case, the broker
needs one more piece of information from the application
developer, namely, should it consider messages with any of the
headers matching, or all of them? This is what the "x-match"
binding argument is for. When the "x-match" argument is set to
"any", just one matching header value is sufficient.
Alternatively, setting "x-match" to "all" mandates that all the
values must match.
Headers exchanges can be looked upon as "direct exchanges
on steroids". Because they route based on header values, they
can be used as direct exchanges where the routing key does not

have to be a string; it could be an integer or a hash (dictionary)
for example.

C. Extensible Messaging and Presence Protocol (XMPP)
Extensible Messaging and Presence Protocol (XMPP)
nowadays is one of the most common communication and
messaging protocol in IOT, it was standardized by the IETF.
This protocol is a well-known protocol that was used broadly
in all networks. The need of IOT can be addressed by XMPP
protocol since it supports small messages and low latency;
these characteristics make the XMPP protocol a good choice
for IOT communications and messaging.
XMPP protocol supports both request/response and
publish/subscribe models; request/response which allows bidirectional communications and publish/subscribe model
which allows multi-directional communication (push and pull
the data). High scalability in XMPP is provided by
decentralized architecture. There are many extensions to
XMPP protocol, this allows it to work on the infrastructure- less
environment [7].
D. Constrained Application Protocol (COAP)
Constrained
application
protocol
(COAP)
is
request/response protocol; it is similar to client-server model.
Nevertheless, this protocol is only sufficient in constrained
environment such as: constrained node with low capability in
RAM or CPU, and constrained network, such as lower power
using wireless personal area network (WPAN). This
constrained environment led to bad packet delivery and high
overhead. COAP was designed by Internet Engineering Task
Force (IETF) which is mainly interested in machine to machine
(m2m) applications and the automation of systems to reduce
overhead, enhance packet delivery, and to increase the
simplicity of work, by using simple interface with HTTP [8].
COAP supports publish/subscribe architecture, this
architecture provides multicast communications, and the
publisher sends the message so on the other hand multisubscribers can catch the message and takes the actions. This
scenario is done in an Asynchronous way. Publish /subscribe
architecture is used to support a large number of users and
provide better performance than the traditional way [9].
The most important features in COAP are simplicity and
reliability; since it supports unicast and multicast request by
taking advantage of UDP, and provide the ability to
Asynchronous message exchanges. COAP is a single protocol
with two layers, the first layer is the messaging layer and the
second one is the request/response layer; messaging layer aims
to achieve reliability based on UDP, while request/response
layer aims to act the interactions and communication.
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This message means that conformable message arrives.
COAP uses different types of massages: Conformable
Message, Non-conformable Message, Acknowledgement
Message, Reset Message, Piggybacked Response, Separate
Response, and Empty Message [8] [2]. The following points
provide a brief description for each:
1) Conformable Message
This type of messages guarantees reliable communication by
using the acknowledgment method; if the message arrives at
the destination, it should propagate a return message of type
acknowledgment or reset message.

4) Reset Message
When a message (conformable, Non-conformable) arrives,
but it misses critical and important part required for message
interpretation. Propagate resets messages into an empty
acknowledgment message.
5) Piggybacked Response
The receiver responses directly when receiving the message
of the acknowledgment message.
6) Separate Response

2) Non-conformable Message
In this type there is no need for an acknowledgment
message.

The Receiver responses in a different message separate
from the acknowledgment message.

3) Acknowledgment Message

III.

PROTOCOL COMPRESSION

Table 1
IOT Protocols Comparison

MQTT
Abstraction
Implementation
Architecture
User configurable
QOS
Interoperability
Hard Real-time
Transports
Subscription Control
Data Serialization
Standards
Encoding
Licensing Model
Dynamic
Discovery
Mobile devices
(Android, iOS)
6LoWPAN devices
Multi-phase
Transactions
Security

AMQP

Pub/Sub
Brokered (most common)

P2P or Pub/Sub
Brokered (most common)

3
Partial
No
TCP
Topics with hierarchical
matching
Undefined
Proposed OASIS MQTT
standard M
Binary
Open Source & Commercially
Licensed

3
Yes
No
TCP
Exchanges, Queues and
Bindings in v0.9.1 standard,
Queues and message filtering in
v1.0 standard
AMQP type system or user
defined
OASIS AMQP
Binary
Open Source & Commercially
Licensed

XMPP

COAP

P2P or Pub/Sub (based on
draft spec/ XEP-0060

Request/Reply

XMPP Server (broker)

Client-Server

None
YES
NO
TCP
Nodes which are
analogous to a Topic
defined In draft spec XEP0060
XML
XMPP Standards
Foundation
Plain Text
Open Source &
Commercially Licensed

Provides support
for Multicast
addressing
Configurable
Proposed IETF
COAP standard
Binary
Open Source &
Commercially
Licensed

No

No

Yes

YES

YES

Via HTTP proxy

Yes

Implementation specific

NO

YES

Yes

YES

NO

NO

SASL authentication, TLS for data
encryption

TLS and SASL

DTLS

Simple Username/Password
Authentication, SSL for data
encryption
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UDP
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IV.

EXPERIMENT

To demonstrate the feasibility of Local Area Network, we have
conducted two protocols experiments. We compare MQTT and
AMQP
A. EXPERIMENTAL SETTING
We have two raspberry pi 3 and macbook pro. Raspbian jessie
operating system is running on both raspberry pi 3. Macbook
Pro has sierra operating system. We setup network with TPlink switch (8 port – 1 Gbit bandwitdh ).
To evaluate the performance of MQTT on a LAN environment,
MQTT version 3.1 compliant implementations were used as
follows. Mosquitto is an open source broker implementation
written in the C language. We used the version 3.1. We wrote
a sample code for test with Python programing language. We
send 1000 message for test and measure sending time. We use
5 different message size for test.

Milliseconds

milliseconds/1000 message

This paper briefly discusses the most common application layer
protocol in IOT environment, and focuses on the evaluation of
each protocol in term of the architecture, communication
model, security, and achieving the quality of services. This
paper provides comprehensive comparison between the
existing protocols.
As a result, IOT application layer protocols have advantages
and disadvantages relative to each other in performance. In our
tests, the AMQP protocol transmits data faster than MQTT.
We plan to develop to demonstrate the feasibility, we have
conducted a preliminary performance evaluation of a
commodity hardware environment, including Bluetooth Low
Energy (BLE) network
VI.
[1]
[2]
[3]
[4]
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[5]
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Bytes
Fig. 1 MQTT transfer time while varying the message size.
[8]

Our second test to evaluate AMQP performance. We use
RabbitMQ message broker and C# client for sending message.
We send same messages for test.

[9]
[10]

Milliseconds

milliseconds/1000 message
120
100
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Fig. 2 AMQP transfer time while varying the message size.

V.

CONCLUSION AND FUTURE WORK
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Abstract— Recently, when athletes are selected for sports academies
and vocational high schools, racecourse completion time is based on.
This system is consist of motion sensors, are used at the starting and
finishing points, an electronic control unit and an electronic
scoreboard. Two different observers are needed to keep athlete
durations and statistics in existing scoreboard systems. In this project
that can be controlled over the internet, this two units are combined
and informations processed in the user interface is displayed on the
scoreboard and simultaneous comparisons with other athletes' data in
the database, can be made at the same time. Statistics can be
transferred to internet interface and online information can be shared
without losing time. The system consisting of electronic control part
and user interface is very easy to use and understandable. It is suitable
for athlete selection in many areas such as handball, basketball, tennis,
athletics.

(won, lost, substitute, noble), these data are provided to the web
site easily.
The desired statistics will be immediately available during
the competition. The control panel keeps the records of the
athletes and also keeps running times and the necessary
statistics. In addition, this information can be achieved as word
or excel document, or can be printed out if needed.
First an electronic circuit board is designed for the system.
For PIC18F4550, used in electronic circuit, necessary program
codes are written using CCS C compiler. The system uses a
USB port to communicate with the computer [2].
Communication between the computer and the electronic
circuit was accomplished using C # which is the objectoriented programming language of Microsoft Visual Studio.

Keywords— Scoreboard, athlete selection, motion sensor, internet,
sports academies.

II. GENERAL STRUCTURE OF THE
SYSTEM AND WORKING PRINCIPLES
First, the person who is authorized to use the system records
all the information of the athletes in the database according to
the branches. During the competition, the runner's identity
number is entered and runner information is brought in and the
runner is waited for being ready for the race. As the runner
starts to run, the chronometer in the circuit, designed with
PIC18F4550 microcontroller, and in the interface starts to
count clocks with the start-up information receive via the port
with the help of the Sharp GP2Y0D340K distance measuring
sensors. Both chronometers in the circuit and the interface
stops when the finish information is received via the port with
the help of the other sensor [5, 6].
Finally, the system user presses the save button to record
the athlete's information and the athlete's running time
information in the score information table in the database. Then
these statistics are ready to be displayed, printed or saved as
word or excel document. After all runners complete the
competition, the person who is authorized to use the system
will save and organize the statistical information of the athletes
(won, lost, substitute, noble) and this information is published
on the website without any additional effort. The general
scheme of the system is shown in Figure 1.

I. INTRODUCTION
As the scoreboards and the units in which the statistics are
used are independent from each other in previous systems for
example, the running time and athlete information cannot be
displayed simultaneously [1]. Computer controlled electronic
measurement systems can be used in the field of scoring and
imaging in sporting events as well as in all areas of our lives.
For example, the scoreboard studies conducted with computer
controlled electronic systems are included in the literature such
as, measurement of speed and jumping properties [2], counting
the number of basket correctly [3,4].
With this system, it is aimed to develop a more useful
interface and an environment where records are kept in many
sports. All information regarding to the athlete will be recorded
in the database by the interface program on the computer before
the competition. From the moment the athlete starts to run, with
the help of sensors, start and finish time will be taken through
the port and transferred to the computer and saved and
displayed in the data base of the athlete's information using the
chronometer in the interface which starts simultaneously. After
all the athletes complete the competition and the person
authorized to use the system saves the statistics of the athletes
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B. Category Selection Screen
After the authorized person logs in, category selection
screen is displayed. If the category the user will chose does not
exist here, it can be added to the list by clicking "Add New
Category" button to continue process (see Figure 3).

Fig. 1 Diagram of the computer controlled scoreboard
communicating via USB
III. MAIN PARTS OF THE SYSTEM
The system consists of two main sections. An electronic
circuit for communication with the computer, an interface in
the main computer connected to the circuit. The visual interface
on the computer was developed using C # language and the
SQL Server programming language was used for database
programming [7]. The sections of the system will be explained
in detail. Screen language of the system is designed in Turkish
because the experiment is done in Turkey.

Fig. 3 Category selection screen
C. New User Screen
This screen is for adding new user to the system (see Figure
4).

A. System Login Screen
The person authorized to use the system logs in the system
by entering the user name and password (see Figure 2).

Fig. 4 New user screen

Fig. 2 User log in screen

D. Main Operations Screen
This screen is designed for each category separately. This
screen is for recording, updating, deleting and listing athletes’
information. All these operations can be made on this page (see
Figure 5).
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This is the screen that the list of the athletes can be exported
as word or excel document or can be printed out (see Figure 7).
G. Score Record Screen

Fig. 5 Category home screen
E. Add Record - Update-Delete Screen
This is the screen on which the sportsman's registration was
made. All necessary information of the athlete is recorded in
the database in this section. The update screen is the one on
which the athlete's information is updated when needed. The
delete screen is for deleting the runner information completely
from the database (see Figure 6).

Fig.8 Score recording screen
The screen brings the runner information according to the
TR ID number. After the runner information is displayed on the
screen, connect button can be pressed to communicate with the
circuit. When the connection is successful, the display shows
"Ready" and the chronometer is visible on the screen (see
Figure 8 and Figure 9). When the athlete passes through the
first sensor, circuit transfers the information to the program via
the USB port. With this information, the timer in the program
and the circuit starts counting simultaneously. When the athlete
passes through the second sensor the chronometers stop
counting simultaneously. The user program records the
athlete's score. The same cycle is repeated for each athlete.
Thus, the athlete information in the database is recorded in a
separate table by associating the time information with the
information of the runner.

Fig. 6 The recording screen
F. List Registration Screen

Fig. 9 Score registration screen
H. Score Table Screen
The TC identity number indicates the information and score
information of the entered athlete (see Figure 10).

Fig. 7 Record listing screen
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Fig. 10 Score table screen
I. Results List Screen
After the race is over, program lists the athletes according
to race times, gender and categories. The list of results can also
be taken as word or excel document, or can be printed out (see
Figure 11).

Fig. 13 The website that the results are published
IV. CONTROL CARD
The control card enables the communication of the system
with computer, evaluates the commands coming from the
computer to enable the system to operate, and performs all
kinds of evaluation operations to control the general input and
output operations of the system (see Figure 14).

Fig. 11 Result list screen
K. Publishing Screen
On this screen, the user can select the athlete's results list
based on his or her gender and categories and upload it to the
website or remove it according to the ID (see Figure 12 and
Figure 13).

Fig. 14 Electronic control card
Fig. 12 Publishing screen
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A. Control Card Software
The control card software is written in the CCS C compiler
[4]. The reason this compiler is preferred is that it contains
libraries that can be used for USB communication. In the
control card software, the USB port enables the communicate
of the computer with the circuit.
B. Circuit Schematic of The Control Card
On the control card, PIC18F4550 microcontroller, USB
connector,
max7219 cng, 8x7 segment display,
GP2Y0D340K0F object detection sensor and 7805 integrated
circuit elements are used. The circuit diagram of the control
card prepared in the Proteus ISIS electronic simulation
program is shown in Figure 15.

Fig. 15 Diagram of the control card
From the GP2Y0D340K0F object detection sensor the start
and finish information of the runner is taken. GP2Y0D340K0F
object detection sensor is plugged into RA0 and RA1 pins of
the PIC18F4550 microcontroller [8, 9].
V. CONCLUSIONS
Today, as computer technology develops, electronics and
computers are getting closer. The introduction of technology
into our lives has also made life easier.
A comprehensive research was carried out for this project.
Then, the units where the scoreboards and athletes’ statistics
are kept are combined so that the information processed in the
user interface is both displayed in the scoreboard and processed
in the database. Thanks to the information to be processed into
the database, real time statistics can be obtained on a sportsman
basis. In this system, a more user-friendly interface and an
environment where records are kept is developed.
Our system generally consists of 3 parts. These are
electronic circuit, user interface and website on which the
results are published. Electronic circuit is developed to provide
communication between the user interface and the scoreboard.

The user interface is the part where the athletes who will
participate in the competition will be registered, score
information will be recorded during the competition, and the
statistical tables are prepared by the authorized person
according to the sports category. In the web site, the documents
prepared according to the statistics of the competition are
published on the internet. Any information (for example, player
statistics) is readily available even during the competition. The
results of the competitions can be printed out.
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and repeats the process above. Otherwise, the receiving node
to receive beacon selects particular channel and sense for a
while to inspect the availability of channel. If decided that the
channel is empty, it waits for receiving beacon packet for a
while. If the beacon packet is received during the waiting
period, link is setup by transmitting response packet, however,
if the beacon packet is not received, it selects another channel
and repeats the process above. Channel selection types are
classified as, exhaustive searching algorithm, linear searching
algorithm and random searching algorithm [6-7]. Features of
each type are as following:
Excessive searching algorithm selects gradually from the
lowest frequency channel to the highest. If all the channels fail,
it starts selecting from the lowest channel again, and channel
Keywords— Link Setup, cognitive radio network, random sensing period is Tsen. The response packet reception waiting
protocol, Interference Link
period is maximum Tslot - Tsen when the slot time is Tslot. So, in
case the total number of channel is N and the number of
I. INTRODUCTION
occupied channel is U, the searching period of all channels is
Wireless Sensor Network (WSN) is a network with tiny U* T +(N-U)( T - T ). Beacon receiving node selects
slot
slot
sen
sensing devices which are positioned densely on the wide area. from the lowest channel and sense that channel for T time
sen
Recent development of wireless technology makes possible to period, and if decides the channel is not used, it is T = N*
wait
produce low price and low power type micro sensing device T and waits for maximum T for receiving beacon packet.
slot
wait
with on-board operating and communication function. So the So the time period for searching all the channels on the
technology to construct bulk wireless sensor network (WSN) beacon receiving node is U* T +(N-U)( N*T + T ).
sen
slot
sen
is necessary by using sensing technology which has this kind
Gradual searching algorithm is similar to the excessive
of limited source [1-2]. It is important to decide the searching algorithm to select from the lowest frequency
availability of channel through the channel sensing and to channel to the highest channel gradually, however, in case it
select the appropriate channel for solving insufficient fails on every channel, it starts selecting from the highest to
frequency problem on the WSN. The Cognitive Radio the lowest channel again. This gradual searching algorithm
Network (CRN) researches actively about this for the channel has a same waiting period with the excessive searching
setup [3-5]. Our suggested searching algorithm selects one algorithm on the ‘transmit & reception’ node.
channel randomly when the channel search starts, and then
Random searching algorithm selects following channels
select with transitional type. This method can expect the stochastically. Time period of searching channel on the
effectiveness to disperse searching channels when starting transmit node of the random searching algorithm is same as
channel search. Also the waiting period from channel excessive searching algorithm. But the waiting time period of
interference was reduced by re-searching channels while beacon packet reception on the beacon receiving node is
waiting for the reception to reduce excessive waiting period.
5*( Tslot - Tsen), so the channel searching time period becomes,
Channel setup process is to select the particular channel on U* T +(N-U)( 5*(T - T ) + T
sen
slot
sen
sen), much more improved
the receiving node, and inspect the availability of channel by than that of one person [4-5]. In this paper, we analyse
sensing for a little while. If decided that the channel is empty, correlation between the concentration and the delta, theta,
beacon packet is transmitted, and waiting for the response alpha, SMR, beta waves by measuring and frequency analysis
packet about beacon for a little while. If the beacon response of EEG signal using Mindwave software of Neurosky
packet is not received for a while, it selects another channel Company [4-5,8]. It will be able to take advantage of
Abstract—It is important to select the most appropriate channel
for efficient transmission of massive data in wireless sensor
network. This thesis suggests the algorithm to search available
channel for both 2 nodes effectively. Existing type shows
markedly lower performance in case the number of channels and
channel interference between the other nodes increase. For
improving this, we suggested random exhaustive algorithm in
this thesis. Generally, beacon signal is periodically waiting on the
unused channel of receiving node, in that case the channel cannot
be used because of other channel’s interferences during this
period. Therefore, the existing algorithm just waits the fixed time
period at the first time, our suggested algorithm reduces the
beacon waiting time by sensing so that the effectiveness of
searching channels could be improved.
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developing control technology using brain waves through this
analysis.
II. SUGGESTED EFFECTIVE HYPERLINK ALGORITHM
The suggested searching algorithm selects one channel to
start channel sensing randomly in case it starts searching
channels, and after that, it selects channel as same type as
excessive searching algorithm. The excessive gradual
searching algorithm can be summarized with following 3
features.
First, it reduces response waiting period right after
transmitting beacon for channel setup so that it is possible to
setup the channel quickly. Secondly, it senses channels again
during the waiting period of receiving beacon on the receiving
node, to replace into another channel quickly in case the
channel is used for interference link. This type has a problem
on the existing algorithm that it should be waiting for the
setup period if the channel is used for interference link during
the waiting period of receiving beacon, our suggested
algorithm can wait for receiving beacon by sensing another
channel quickly[4-5].
Lastly, even if the number of interference link is increased, it
is able to setup the channel quickly by selecting randomly
when starting channel setup, then selecting excessively to
reduce competitive situation from the excessive searching in
case interference link has been increased.
The searching period of total channels on the transmitting
node becomes U* Tsen+(N-U)( Twaitack + Tsen) and it is directly
proportional to N, in case the number of total channels is N
and the number of occupied channel is U. Twaitack is a smaller
response packet waiting period than Tslot in this time. Also, the
searching period of total channels on the beacon packet
receiving node becomes U* Tsen+(N-U)( N*Tslot + Tsen) and it
is directly proportional to N2.
It can wait for reception during the beacon transmitting
period by searching all the channels on the transmitting node
if the beacon reception waiting period is sufficiently big
enough, but the channel may be used by interference link
during the period of beacon reception waiting. There might be
a flaw for the channel setup period would be longer if this
problem happens, so our suggested searching algorithm
configures TwaitReSen as a waiting period of channel re-sensing
again. It senses the channel again as the waiting period of
channel re-sensing passes, and it waits when decided that the
channel is empty, but if not, it inspects another channel.
Therefore, the waiting period of beacon reception for our
suggested searching algorithm is same as excessive searching
algorithm, and it minimized degradation due to the increase of
interference link by re-sensing that channel in the middle of
beacon reception waiting period[1,8].
III. SIMULATION RESULT
We promoted Simulation environment with the frequency
range from 2.4GHz ~ 2.5GHz, 1MHz as a bandwidth per
channel, total 100 channels, 250Kbps as DATA transmitting
speed, and assumed that 50% of randomly selected channels
were already used on the other networks. Probability of

success for sensing channel is assumed 80% and that of error
is assumed 20%, every experiment was executed total 100
times to get the average value of channel setup period. Also
the simulation has been executed by changing Tslot to 0.2
second, Tslot = Twaitack = 0.2 second and the number of
interference link k to 1~31. Interference can happen between
the interference links each other if the number of interference
link k is increased. This is called interference probability P
between the interference links, so the simulation was executed
on the presumption that P was 0.4, 0.6 and 0.8, TwaitReSen was
0.06, 0.08 and 0.1 second.
The result of simulation on the Fig. 1 shows the average
channel setup period of simulations which was executed 100
times with regard to the number of interference link k by
configuring TwaitReSen = 0.1sec. as the waiting period for resensing channels on the waiting node of reception and the
interference probability P = 0.8 between interference links.

Fig. 1 The average link setup time at P =0.8 and TwaitReSen = 0.1sec

The result of both excessive searching algorithm and
gradual searching algorithm is showing that the performance
is getting worse and lower when the number of interference
link is increased. Random searching algorithm and suggested
algorithm are known that the channel setup period is not quite
influenced from the increase of interference link number. Also
the undulation of channel setup period on the random
searching algorithm is bigger than that of suggested algorithm
with regard to the number of interference link due to the
randomness of channel selection. This is because the
suggested algorithm can recognize the influence from
interference link quickly by inspecting channels again during
the waiting period of beacon reception on the waiting node.
Fig. 1 shows that the channel setup period of suggested
algorithm has been improved 50% than existing algorithm.
Fig. 2 shows the channel link setup period of the excessive
searching algorithm with regard to the probability P between
the interference links. The probability P between the
interference links becomes bigger when the density between
the nodes increases because the distance between the
interference links is too close. As you see the result on Fig. 2,
the excessive searching algorithm is quite influenced by
interference link, and it tends to increase its channel link setup
period when the probability P of interference links.
Fig. 3 shows the channel link setup period of the gradual
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searching algorithm with regard to the probability P between
the interference links, and it is quite influenced by interference
link just like the excessive searching algorithm. Also it tends
to increase its channel link setup period when the probability
of interference links.

value is the smallest as in [4-5]. And correlation of frequency
components and Attention values is shown as the same result
as in [5]. In Delta sections have appeared largely because of
the relative size much larger than the other interval correlation
value.

Fig. 2 The average link setup time at exhaustive

Fig. 4 The average link setup time random

Fig. 3 The average link setup time linear

Fig. 5 The average link setup time at proposed and P=0.8

Fig. 4 shows the channel link setup period of the random
searching algorithm with regard to the probability P between
the interference links. It is not that much influenced by the
channel link setup period with regard to the probability
between the interference links, however the undulation of
channel setup period is somewhat unstable because of the
channel selection. Transmitted attention value from Midwave
has 1 to 100 according to its concentration ratio, and the
bigger the concentration ratio is, the higher the output value
comes. Fig. 4 shows the measurement result of concentration
ratio, and the Figure 5 shows the average value of it. You can
check the average value of concentration ratio that the result
of 3 people is better than that of 1 person, and that of 7 people
is much improved than that of 3 people.
Fig. 5 is a simulation result which is following after the
waiting period TwaitReSen for re-sensing channels on the waiting
node of reception in case it is an interference probability P
between the interference links on the suggested algorithm. If
TwaitReSen is small, performance was not good because channel
searching period increased. On the other hand, it shows better
performance when configured with TwaitReSen =0.1sec and strict
environment for the experiment is necessary, but generally the
result shows the tendency. Delta value is the largest, Gamma2

As the simulation result shows, suggested random gradual
searching algorithm is pretty much effective to minimize the
degradation of performance with regard to the number of
interference link or density compared to existing algorithm.
Also more than 50% of channel setup period is improved
compared to existing algorithm, and it is quite stable
nevertheless of any kinds of simulation circumstances.
IV. CONCLUSION
Wireless Sensor Network has a network with tiny sensing
devices which are positioned densely on the wide area, and it
is composed of limited resources such as low power and
frequency, etc. Specific searching algorithm for searching
optimized channels to use wireless frequency effectively and
transmit large amount of DATA on the limited wireless
circumstances. Therefore, we suggested this random gradual
searching algorithm to maintain high performance even if the
density of sensor node is high, or the interference between
links is big. The channel setup period of this random gradual
searching algorithm has an advantage to reduce waiting period
of channel interference compared to existing searching
algorithm even if the channel interference is bad, however, the
reception waiting node system becomes too complicated
because it searches channels periodically during waiting. So
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later on, we would like to develop a simulation program to
research the method to adapt on the real circumstances by
analyzing the relationship between reception waiting period
and link setup period. Also the suggested random gradual
searching algorithm can be considered not only to use on the
large amount of WSN, but to use on the cognitive radio
network and various wireless networks.
References
[1] K. K. Hasan, U. K. Ngah, and M. F. Mohd Salleh, “Efficient
Hardware-Based Image Compression Schemes for Wireless
Sensor Networks: A Survey,” Wireless Personal
Communications, vol. 77, no. 2, pp. 1415-1436, Jul. 2014.
[2] H. C. Tung, K. F. Tsang, K. L. Lam, H. Y. Tung, B. Y. S. Li, L.
F. Yeung, K. T. Ko, W. H. Lau, and V. Rakocevic, “A Mobility
Enabled Inpatient Monitoring System Using a ZigBee Medical
Sensor Network,” Sensors, vol. 12, no. 2, pp. 2397-2416, Jun.
2014.
[3] Bruce A. Fette, Cognitive radio technology, 2th ed. Burlington,
Academic Press of Elsevier, 2009.
[4] V. Václav, M. Roman, B. Geneviève, V. Martine, S. Martha,

and R. Fabien, "Survey on spectrum utilization in Europe:
Measurements, analyses and observations," in 2010 Proc. of the
Fifth International Conference on Cognitive Radio Oriented
Wireless Networks and Communications, pp. 1-5, Jun. 2010.
[5] S. G. Hong, and J. H. Lee, "Performance Analysis of Multiple
Access for Secondary Users in The Spectrum Sensing
Cognitive Radio," Journal of Broadcast Engineering, vol. 21,
no. 1, pp. 113-116, Jan. 2016.
[6] Y. R. Kondareddy, R. Agrawal, and K. Sivalingam, “Cognitive
radio network setup without a common control channel,” in
Proc. of MILCOM 2008 on IEEE Military Communications
Conference, pp. 1-6, Nov. 2008.
[7] W. G. Pak, “Fast Link-Setup Protocol for Wireless Multimedia
Sensor Networks,” The Journal of Korean Institute of
Communications and Information Sciences, vol. 39C, no. 3, pp.
247-254, Mar. 2014.
[8] Sharon B. Wigal, “Efficacy and Safety Limitations of
Attention-Deficit Hyperactivity Disorder Pharmacotherapy in Children and Adults”, CNS Drugs, 23, pp. 21–
31. 2013.

- 88 -

6th International Conference on Advanced Technology & Sciences (ICAT'Riga)

Sep 12-15, 2017, Riga/LATVIA

___________________________________________________________________________________________________________

SlimWear-S: Smart Patch Interface Design for
Lightweight Middleware in Wearable System
Tae-Gyu Lee *, Dae-Chul Jung**, Yong K. Kim**
*

Division of Bio-Nano Chemistry, Wonkwang University, Iksan Korea
tglee @wku.ac.kr
**
Dep‘t of Information Communication Engineering, Wonkwang University, Iksan Korea
{id677, ykim}@wku.ac.kr
Abstract - We propose the smart patch interface logics and
wearable interface method for light-weighting of middleware in
wearable mobile computing applications. Because the previous
middleware did not properly support the lightweight and mobility
of mobile user terminals. The previous mobile middleware was
based on a smart device (or smart phones) with the limited
hardware resources of memory, CPU, display, battery, etc.
However, the mobile middleware cannot be applied to a thin client
such as smart patch just with lightweight sensor or feedback
controller. Therefore, we present the smart configuration methods
of divided middleware components and the user’s mobility
interface strategy. The proposed method for mobile middleware
systems called of “SlimWear-S” provides the component dynamic
logic and the user interface design.

heavy computing components. This work will propose the
lightweight configuration method with light-weighting of
software and hardware components as shown in Figure 1.

Keywords - Smart Patch, Interface design, Wearable system,
Context awareness, Disconnected operation.

I. INTRODUCTION
Middleware is an enabling layer of software that resides
between the application program and the networked layer of
heterogeneous platforms and protocols. It decouples
applications from any dependencies on the plumbing layer
that consists of heterogeneous operating systems, hardware
platforms and communication protocols. The term middleware
also refers to the software layer between the operating
system—including the basic communication protocols—and
the distributed applications that interact via the network. In a
distributed computing system, middleware is defined as the
software layer that lies between the operating system and the
applications on each site of the system [1].
Recent trends of middleware are faced to weight reduction
topics for fast wireless and wearable computing environments
[2]. It is a major challenge to solve all lightweight problems of
wearable computing systems. Hence, it is needed for
proposing new solutions that support the application
requirements such as dynamic reconfiguration, contextawareness, and adaptation in wearable computing
environments.
A general wearable embedded system based on the
previous software and hardware has been configured of very

Fig. 1 Lightweight Wearable Embedded System Components

For example, lightweight software architecture can be
configured of smart user interfaces such as slim and dynamic
user interface and lightweight middleware logic interface such
as network interface, synchronization process, and
transformed data. And lightweight hardware architecture has
the components of processor, network, display, memory,
speaker, battery power, and thin I/O Interface modules.
The core points of this paper are light-weighting and
mobility interface strategies for mobile computing defined as
follows: The light-weighting is the building process which
constructs the light running processes on mobile terminals.
The mobility interface is a dynamic interface configuration
method which makes up the user interfaces adaptively
depending on the dynamic context scenarios of mobile users.
The context sequences of this paper will be described as
follows. Section 2 will write the related research works about
wearable systems. Section 3 will illustrate the proposed
lightweight wearable system and dynamic interface design for
the lightweight wearable computing. Finally, Section 4
concludes this paper.
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II. RELATED WORKS
2.1. Wearable systems
To maximize the lightweight and mobility of wearable
systems, consider a component-based middleware model and
an event-based middleware model as existing middleware
method.
As an component-based middleware, the invocation-based
methods such as CORBA or Java RMI are useful abstractions
for building distributed systems [3]. The communication
model for these platforms is based on a request/reply message:
an object remains passive until a principle performs an
operation on it. This kind of model is adequate for a local area
network (LAN) with a small number of clients and servers,
but it does not scale up well to large networks like the Internet.
The main reason is that the request/reply model only supports
one-to-one communication and imposes a tight coupling
between the involved participants because of the synchronous
paradigm. This model is also unsuitable for unreliable and
dynamic environment.
The event-based communication model as an asynchronous
method is a possible alternative for dealing with large-scale
systems [4]. Event notification is the basic communication
method that is used by event-based middleware systems.
Events contain data that describes a request or message. They
are delivered from the sending components to the receiving
components. In order to receive events, clients (subscribers)
have to express (subscribe) their interest in receiving
particular events. Once clients have subscribed, servers
(publishers) publish events, which will be sent to all interested
subscribers. This model hence offers a decoupled, many-tomany communication model between clients and servers.
Asynchronous notification of events is also supported
naturally. There are several examples of middleware based on
the event-based systems, but not limited to the previous
approaches [4-8].
2.2. Hot issues and problems
Smart System contributes to the flexibility of application
systems, but is vulnerable to the lightweight. Wearable
System has the advantages of the lightweight, but is
inadequate to the computing services on a large-scale network.
Existing mobile middleware did not consider the
vulnerability of the terminal display size to build the mobile
user interface. Thus, it has increased the redundant access and
the click counts to the mobile user interfaces. In addition, the
approach depth of interface was increased.
This study is to implement the slim middleware that
realizes the flexibility of the component-based middleware

and the lightweight of the event-based middleware at the same
time. It is also to realize the simplicity and ease-of-use by
building a dynamic reasonable interface considering the user's
situation in order to build an interface that facilitates mobile
users. This research manages the issue points as follows. First,
it considers the mobility scenarios and interaction interfaces
such as networking and location management. Second, it
considers a slim dynamic user interface. Third, it supports a
background distributed computing, which has the 2-tier
distributed computing network of client-side and server-side.
This paper intensively describes the first and the second issue.

Fig. 2 Lightweight Wearable System Architecture: SlimWear-S

Figure 2 shows the proposed lightweight middleware
system architecture called “SlimWear-S” in a mobile
computing service infrastructure. The architecture is based on
the different networking interaction such as the wired
networks, the wireless LANs, wireless global networks, Adhoc networks, and so on. The communication infrastructure
dynamically changes its connection bandwidth and safety
depending on the location of mobile users. Therefore, the
proposed mobile middleware should support the adaptive user
interface and running context modules by considering the
dynamics.
III. LIGHTWEIGHT WEARABLE SYSTEM AND DYNAMIC
INTERFACE DESIGN

This study overcomes the heavy-weight computing
problems while supporting the application development
platform, user scenarios, easy user interface and mobile
computing applications by providing a middleware system
designed for middleware developers and users based on the
lightweight and mobility support interface (API). This
lightweight mobile middleware system puts the design goals
that consists of each middleware component and minimizes
the size of the middleware by operating the dynamic
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configuration based on the execution environment and
application system. Figure 3 shows the user interface modules
and the smart user’s requirements based on lightweight
middleware.
The proposed lightweight middleware system considered
the user interface requirements as follows.
 Automatic user's set-up interface: A user automatic
tuning, the automatic start (time, location, and the current
biometric information, and so on).
 Accurate sensing interface: The acquisition interface of
sensing data including time, location, bio-information,
etc.
 Real-time foreground event guide: Support interface
configuration such as alarm event and voice guide.
 Non-real-time background event monitoring: Various
statistical
information
management,
information
compression and filtering support.
 Disconnect and recovery services: Wireless network
reconnection, transmission recovery, checkpoint process
management, etc.
Dynamic display interface: Internal display on-off
interface support for emergency detection, support for
interconnecting with external display interfaces by autosensing.

Fig. 3 The wearable (smart patch) user’s requirements for “SlimWear-S”

We have improved the design of an automated system by
using this prototype. It designed the application that
recognizes your situation depending on time and space in
everyday life and demonstrates the appropriate service or
scheduled service.

Fig. 4 Wearable Computing System Design

Figure 4 shows a wearable computing system design and
wearable system components. The client side has three layers
of external interface, data transfer, and embedded components.
The server side can provide the disconnected and recovery
operations for supporting seamless computing services. The
wearable computing systems should be supported by
interaction interfaces and wearable embedded requirements
for mobile application services as follows.
First, external mobility scenario and interaction interface.
 External checkpoint configuration and functions.
 Internal and external interaction checkpoint interface.
These interaction interfaces can activate real-time or non-realtime events based on light-weight wearable computing
scenarios. The real-time events could be evoked by position,
logging save, battery and network resource management, etc.
The other non-real-time events could be evoked by alarm
event, checkpoint save, user’s input event, etc.
Second, it should be supported as wearable embedded
requirements.
 Multiple
distributed
networks:
multi-processor
architecture, multi-sensing architecture, and multidistributed power (multi-voltage design, multi-battery
design, etc.).
 Wearable network organization is required.
 Various user interfaces (for multi-modality): audio, video,
camera, key-in, microphone, etc.
 Easy removable architecture: one-touch removable
design, easy-to-wash design, etc.
 Wearable safety logics: heat prevention, noise prevention,
electromagnetic wave prevention, etc.
These wearable interface design concepts can support the
example of mobility scenarios on the proposed lightweight
methods. Figure 5 shows the major operations that lightweight
middleware must support as the wearable client moves.
Wearable clients can fail in all event situations and thus show
that failure-recovery services are needed.
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[1]
[2]

[3]

Fig. 5 Example of mobile operation scenarios for wearable clients

[4]
IV. CONCLUSIONS
We propose the lightweight mediating method between
wearable users and the background server-side computing
stations and the smart patch interface design method in this
paper.
It should realize space-effective mobile computing through
the adaptive switching and the dynamic configuration. User
interface convenience can be improved by minimizing the
access count of interfaces.

[5]

[6]

Future research is to research and develop a personalized
[7]
wearable patch service platform based on the cloud. Moreover,
it will be performed for providing the efficient context
switching methods in the dynamic configuration of
lightweight middleware components.
[8]
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Abstract— With the development of technology, the control of
devices has become possible without touching anything. Leap
Motion controller which is developed for this purpose is spent the
control process beyond touching and it has been widely used in
many areas. In this study, a desktop application aimed at
teaching Turkish sign language is presented and leap motion
controller is used to detect hand movements of users.
Communication and sign language is extremely important for
people with hearing impairments. Learning the sign language
with the developed application based on Leap Motion controller
has become very easy. At the end of the study, the usability
analysis of the application is made in terms of users. For this
purpose, SUMI (Software Usability Measurement Inventory)
method is used and the results were analyzed.
Keywords— Sign language; leap motion controller; SUMI.

I. INTRODUCTION
Our country is one of the countries where congenital
hearing losses are most frequently seen. In Turkey, every year
approximately 2500 infants are born with hearing loss [1] and
need sign language to be able to communicate. There are two
kinds of natural human languages used to communicate. The
first one is the spoken languages that use the auditory-voice
path and the other one is sign languages that use the visual
gesture path. Sign language is a full and inclusive language
[2], in which visual symbols created by hand, finger, head,
face, mimic, gesture and whole body movements are used
instead of sound symbols [2], [3]. In studies made at different
ages and areas, it has been found that the hearing impaired
individuals prefer sign language for communication [4], [5].
In recent years in the world and in Turkey, the tendency to
learn sign language has increased [3].
With the development of technology, innovations in
communication technology have also come effective in the
field of education and learning. The correct use of technology
during the learning stage facilitates the learning process by
making it more fun [6]. One of the areas, in which the
technology can be used for learning is sign language learning
applications. There are different technology-assisted studies
carried out in this field until the present day.
A system, that targets sign language teaching by using twodimensional images, [7] was developed by Ji et al. In the
study, traditional sign language recognition problems have
been emphasized. Artificial neural networks have been used to
solve these problems. At the end of the study, it has been
found that the developed system generates accurate results

even low resolution two-dimensional images are used. In a
similar study carried out by Krak et al. [8], an interactive
system was developed that teaches sign language by using
also mimic movements. Uluer et al. developed an interactive
sign language learning game [9] that could be played through
a social robot. They tested the game on hearing-impaired
children by using 10 different words and they found that the
children could learn all of the words. Jiang and Kuang
developed an application, which target to teach sign language
by using augmented reality technology [10]. They showed that
the augmented reality can also be used also in applications
related to sign language, as well. Lin et al. mentioned that the
studies carried out with the purpose of teaching the sign
language are limited and they developed an application [11]
for mobile devices for this purpose. The developed application
helps those who want to learn sign language through a three
dimensional agent.
A similar humanoid robot-based game [12] was developed
by Özkul et al for sign language. The developed game was
tested both on hearing-impaired children and children without
hearing-impair and adults. As a result of the tests, it was
observed that the children preferred to play without the robot
but they were more successful when they played with the help
of the robot. Yang and Gan developed an application [13] to
teach Taiwan sign language by using Microsoft Kinect
technology. With the study carried out, they showed that the
Kinect technology can be used in this field. Similarly, Soares
et al. developed different games [14], which target to teach
sign language through Kinect technology and Leap Motion.
When the carried out studies are examined, it is seen that
sign language technological devices have a significant
contribution in interactive learning stage. For this reason, an
application, that target to teach Turkish sign language by
using Leap Motion technology, was developed within the
scope of the study. The developed practice was evaluated on
university students and employees at different academic levels
by using the SUMI questionnaire.
The following part of the study was organized as follows.
The technologies used in the second part and the developed
application were introduced. In the third part, the experimental
study performed on the developed application was given and
in the fourth section, the article was concluded with the given
results.
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II. METHODOLOGY

A. Leap Motion Controller
The Leap Motion controller was developed by Davin Holz
in 2008. It is an interactive device that target to detect the
hand movements and finger positions of the users. It has three
pcs of infrared illuminant and two pcs of camera. The internal
structure of the Leap Motion device is shown in Figure 1.
Fig. 3 International sign language alphabet

Within the scope of the study, one hand-sign language
alphabet shown in Figure 3 was used. An instance of
screenshot related to the developed application's run-time is
shown in Figure 4.
Fig. 1 Leap motion controller internal and external structure [15]

Leap motion accesses the hand and finger movements
through an object querying per each frame. Each object has
some features that it possesses. These features can be sorted as
follows;
 Palm position: 𝑃𝑝𝑜𝑠 , normal: 𝑃𝑁 and speed: 𝑃𝑣 .
 Direction of hand: 𝑃𝐷
𝑖
 Position of fingertips: 𝐹𝑝𝑜𝑠
, direction: 𝐹𝐷𝑖 and speed:
𝐹𝑣𝑖
(i, it takes values from zero to four as indicating
thumb, index finger, middle finger, ring finger and
little finger.)
 Direction of arm.
In Figure 2, the features that can be used for palm and
finger monitoring are shown visually.

(a)

(b)

Fig. 2 (a) Palm monitoring data, (b) Fingertip monitoring data [16]

Two different types of motion can be obtained through the
above features that can be obtained from the controller. These
are dynamic and static movements. Dynamic movements
constitute the group of movements in which the speed
parameter is processed, on the other hand the static
movements are the movements determined mainly by the
position parameters of the palm and fingertips.
The application developed within the scope of the study
was carried out by the integration of Leap Motion controller
into Unity 3D game engine infrastructure. A hand module,
created in Unity environment, allowed the recognition of hand
and finger movements via leap motion controller.

(a)

(b)

Fig. 4 Sample screenshot of the application

As seen in the left part of the screenshots in Figure 4, sign
language is shown to the user during the running of alphabet
application. Leap Motion hand module was used to model
hand movements. In the first stage of the study, any help was
not taken from any algorithms to recognize the motions of the
module.. It was targeted to determine how effective the Leap
Motion device is in recognizing the delicate hand movements.
Consideration that the user can make a mistake while trying to
write a letter, so an option of deleting the written letter was
added into the application, as well. This sign was determined
as it to be different from the hand movements of the letters in
the alphabet. In Figure 4 (b), also a screenshot that shows how
the deletion is done, is given.

C. Software Usability Measurement Inventory (SUMI)

B. Universal Sign Language and Implementation

How much usable the developed application as software
was evaluated by using the SUMI questionnaire. SUMI [17]
was first developed in 1992 by University College Cork in
order to measure the user experience as a part of a music
project. In questionnaire, there are 50 different questions to be
answered in the questionnaire. One of the answers of "Agree",
"Do Not Know", or "Disagree" may be given to the questions.
The effectiveness of the questionnaire was shown with
previous literature studies. The questions in the questionnaire
were divided into 5 different sub scales. These are; affect,
efficiency, helpfulness control and learnability. In each
section, there are 10 different questions related to that scale

There is not only one sign language alphabet available for
all hearing impaired people around the world. There are
differences even among the sign languages used by the
hearing impaired living in the same country. In Figure 3, the
letters and hand movements in the international sign language
alphabet are shown.

III. EXPERIMENTAL STUDY
The usability analysis of the application developed in this
section was carried out. SUMI questionnaire was applied to 12
different users to evaluate the application after they used the
application for a length of time. With different studies carried
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out in the literature, it was shown that 12 users are adequate
for the SUMI questionnaire. For this reason, the number of
users was determined as 12. All of the selected users are
university graduates. Table I shows the level of computer
using abilities of the users and the effect of SUMI scales

according to computer usage. Two of 12 users stated that they
are very experienced in using the computer, two of them
stated that they are experienced but their technical knowledge
is not good enough and the remaining eight users stated that
they can use many software easily.

TABLE I
COMPUTER SKILLS OF USERS PARTICIPATING THE SURVEY

Very experienced and technical
I'm experienced but not technical
I can cope with most software
I find most software difficult to use

n
2
2
8
0

G
49.5
53.0
52.8

E
53.0
46.5
46.0

A
55.5
59.5
58.5

H
50.0
54.0
55.1

C
49.0
47.0
48.9

L
44.0
45.5
46.1

TABLE II
SUMMARY STATISTICS OF SUMI SCALES

Global
Efficiency
Affect
Helpfulness
Controllability
Learnability

Mean
52.25
47.25
58.17
54.08
48.58
45.67

St Dev
6.78
6.97
5.94
12.15
7.06
12.02

In Table II, mean, standard deviation, median, minimum
and maximum values of the answers given for each sub scale
in the questionnaire are shown. Each question in the
evaluation criteria has different weight. According to these
weights, the results to be obtained for each scale vary
between10 to 73. The scales used here are evaluated by
scaling in accordance with the statistics included in the SUMI
database. The mean value in the SUMI database was
determined to be 50 and the standard deviation to be 10. The
mean and standard deviation values to be obtained in
accordance with the answers given by the users who evaluated
the software may remain under the results in the database or
exceed them.
In Table II, one more scale called global was added in
addition to the standard scales. This scale shows the most
general evaluation of the evaluated software by taking all of
the scales into consideration.

Median
54.0
46.5
58.0
56.5
47.5
47.0

Minimum
38
35
47
26
35
24

Maximum
59
61
68
70
59
62

Sign language developed based on the results in Table I and
Table II is usable in accordance with the referenced database,
the learning software of which, is usability. In addition to the
tables, in Figures 5 and 6 a detailed evaluation of the scales is
given. The scale shown in green color in Figure 5 shows that
better results are obtained compared to the statistics in the
SUMI database. In this case, the software is usable according
to the scale of affect, helpfulness and global usability, but it
shows that software should be developed by considering the
criteria such as, learnability, control and response time.

Fig. 6 SUMI scale profiles: Median boxplots

Fig. 5 SUMI scale profiles: Means

It is also shown that at which points the responses given in
Figure 6 are generally positioned. The lines in the checkboxes
represent these points. In addition to these, there are three red
dots on the graphic. These points represent outliers related to
that scale. These points show the users 1 and 12. The answers
given by these users are more decisive on the overall usability
score more than the answers of other users.
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When the given answers were evaluated on a question basis,
it was determined that the best features of the software are as
follows;
 The software represents itself well
 It is easy to start the software in case it stops and
 User needs were taken into consideration while
developing the software.
In addition to these, the developed software gives slow
responses to the users. For this reason, it raises difficulties for
users during the learning stage. The menus and functions of
the software need to be made easier-learnable.

[5]

IV. CONCLUSIONS
In this study, a software was developed to teach sign
language to the users. For this purpose, leap motion device
was used. The software developed at the end of the study was
evaluated by using the SUMI questionnaire. According to the
results of the questionnaire, the software is generally a usable
software, but it has been determined that additional methods
have to be used for the Leap motion device to detect
movements in a shorter durations and correctly.

[9]
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Abstract— [1] Sequencing is the process of defining the order in
which the set of jobs to be completed are done. Scheduling is the
process of adding start and finish information to the job order
dictated by the sequence. There are 5 basic types of scheduling:
Single Machine Scheduling
Parallel Machine Scheduling
Open Shop Scheduling
Flow Shop Scheduling
Job Shop Scheduling
This paper is about the implementation of the algorithms for
these basic scheduling and types and developing heuristic
approaches to more complex scheduling problems. A heuristic is
an algorithm which tries but not guarantees to find the optimum
solution but gives good results for NP-hard or NP-complete
problems. NP means non-deterministically polynomial time [5].
Keywords— Machine Scheduling, Shop Scheduling Problems,
Optimization Algorithms, Heuristics, NP-Complete Problems.

I. INTRODUCTION
In order to define a scheduling problem we use some
notations: [2]
n denotes the number of jobs:
m denotes the number of machines
subscript j refers to a job
subscript i refers to a machine
(i,j) refers to the processing of job j on machine i
Pij is the processing time of job j on machine i
Rj is the release date of job j
Dj is the due date of job j
Wj is the weight or importance of job j relative to the
other jobs in the system
The framework of scheduling problems is in the form of
α| |
α field describes the machine environment and
contains a single entry
field provides details of processing characteristics
and constraints and may contain zero or more entry
field describes the objective to be minimized and
usually contains single entry.

+

α field entries :
1 : single machine problem
Pm : m identical machines in parallel
Qm : m identical machines in parallel with different
speeds
Rm : m different machines in parallel
Fm : m different machines in series
FFc : c stages in series with a number of machines in
parallel
Jm : job shop with m machines , each job its own
route to follow
FJc : c work centers with each having identical
machines in parallel
Om : m machines on which every job has to be
processed
field entries :
Rj : job j cannot start before its release date Rj
prmp : interrupting a process is allowed
prec : jobs have precedence relations
Sjk : sequence dependent setup time is required
between job j and k
fmls : n jobs belong to different job families
batch : machine may be able to process a number of
batch jobs
brkdwn : machines are not continuously available
prmu : each machine has a queue in front
block : machine is blocked if buffer is full
nwt : jobs are not allowed to wait between machines
recrc : recirculation may occur
mj : machine j is eligible for a set of jobs
field entries :
Cmax : is the makespan defined by completion time
of the last job to leave the system
Lmax : is the maximum lateness measured by the
worst violation of due dates
ΣWjCj : total weighted completion time
ΣWjTj : total weighted tardiness
ΣWjUj : weighted number of tardy jobs

http://www.beykoz.edu.tr/kadro/myo-akademik-kadro
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II. AIM AND SIGNIFICANCE
First we have to define the problem in terms of our
framework. We need to form a Problem class which
encapsulates all the α| | entries and besides that we will
include a generic solve function that will act according to each
problem type and also will allow other solution algorithms by
the users of this framework instead of the ones that are
presented here.
Enum ProblemType = { SingleMachine, ParallelMachine,
OpenShop, FlowShop, JobShop}
public class Problem {
private ProblemType problemType ;

I don’t think LPT rule works great for all situations.
Therefore I developed a more load-balancing algorithm which
tries to distribute the workload evenly. In order to do that first
we calculate a general slack variable for all machines as:
Slack (S) = Max (Max (Pj) , ΣPj / n)
This variable also gives us idea about the Cmax value of
the problem as a lower bound. Then each machine is
initialized with this slack value and the highest value job is
chosen to process on this machine as the LPT rule and the Pj
value is subtracted from the S value of this machine but the
next machine is selected with the highest slack value in
contrary to the LPT rule. The algorithm continues until no
more jobs are available.

private string[] alfaEntries;
private string[] betaEntries;
private string[] gammaEntries;

public void findNewPmJob() {
double max = 0;
Job newJob=null;
for (int i = 0; i < jobs.size(); i++) {
double m = jobs.elementAt(i).getDuration(1);
if (m > max) {
max = m;
newJob = jobs.elementAt(i);
}
}
if (newJob != null){
this.currentJob = newJob;
}
slack -= newJob.getDuration(1);
}

public Problem (string[] alfa, string[] beta, string[]
gamma) {
this.alfaEntries = alfa;
this.betaEntries = beta;
this.gammaEntries = gamma;
switch (alfaEntries[0]){
case “1” :
problemType = ProblemType.SingleMachine; break;
case “Pm” :
problemType = ProblemType.ParallelMachine; break;
case “Om” :
problemType = ProblemType.OpenShop; break;
case “Fm” :
problemType = ProblemType.FlowShop; break;
case “Jm” :
problemType = ProblemType.JobShop; break;
}
}
public virtual boolean Solve (){}

private void PmSolve() {
PmGetMN();
for (Iterator<Machine> it = machines.iterator();
it.hasNext();) {
Machine machine = it.next();
machine.findNewPmJob();
}
PmPrint(machines);

III. PARALLEL MACHINE PROBLEM (PM)
When similar types of machines are available in multiple
numbers and jobs can be scheduled over these machines
simultaneously, this is called a parallel machine problem. [3]
This problem deals with scheduling m parallel machines
when the objective function is to minimize the makespan. A
variety of heuristics are employed to determine a near-optimal
schedule. The most famous of these is the longest processing
time first (LPT) rule. [4]
According to the LPT rule jobs are arranged in decreasing
order of processing time and higher values are given high
priority for scheduling on parallel machines. When one
machine is available, the job with the most processing time is
chosen from this queue and the process continues until no
more jobs are left.
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IV. PARALLEL MACHINE PROBLEM(FM) WITH
DIFFERENT SPEED AND PREEMPTION
This problem relates to a parallel machine environment
with m machines having varying processing speeds and the
objective is to minimize Cmax. One interesting property of
this problem is preemption is allowed, that is you can
interchange tasks before it’s been completed. Preemptions are
allowed at integer points in time. Largest Remaining Process
Time to Fastest Machine (LRPT-FM) rule seems to solve
these kinds of problems optimally. [6].
The key to that algorithm is that you have to transfer the
largest remaining process time job to the fastest machine
whenever it completes execution of a clock cycle.
If you want to minimize the total completion time (ΣCj),
this time you assign the shortest remaining time process to the
fastest machine (SRTP-FM) because you want to achieve
lower completion times.
public class ParallelMachineProblem extends Problem{
public ParallelMachineProblem (string[] alfa, string[]
beta, string[] gamma): super (alfa,beta,gamma);
public overrides boolean Solve () {
PmSolve();
}
}
public class Job {
private int jobNo = 0;

public double getAlternateDuration(int m) {
return getAlternatedurations()[m-1];
}
public void setAlternateDuration(int m,double d) {
alternatedurations[m-1] = d;
V. SOLUTION
Each Machine has to keep track of currentJob it is doing,
its duration in addition to the finishedJobs on that Machine and
availableJobs at that current time. availableJobs is not totalJobs
– finishedJobs because some Jobs in this set could be being
processed on some other Machine, therefore
availableJobs = totalJobs – finishedJobs –
JobsOnOtherMachines
In addition to that we have jobOrder vector to keep which
finishedJob is done at what order on that Machine.
This vector can contain 0 values because sometimes the
machine has no availableJob have to wait for some time.
All processes halt when all machines have null
availableJobs vector.
There is a global passTime function for all machines,
which iterates the process for 1 clock cycle. By doing that it
decreases the duration of the currentJob assigned to that
Machine. If duration reaches 0, then it adds the currentJob to
finishedJobs vector and recomputes the alternate remaining
time arrays of all the other Jobs because this finishedJob is no
longer in consideration for availableJobs. The findNewJob
function than tries to find a new job for that Machine based on
the alternate remaining times of the remainin Jobs.
public class Machine {
int machineNo;
boolean complete = false;
private Job currentJob ;
double duration = 0;
Vector<Job> jobs = new Vector<Job>();
Vector<Job> finishedJobs = new Vector<Job>();
Vector<Job> availableJobs = new Vector<Job>();
Vector<Job> jobOrder = new Vector<Job>();

private double[] durations;
private double[] alternatedurations;
public Job(int n) {
this.jobNo = n;
}
public Job(int n, double[] durations) {
this(n);
this.durations = durations;
computeAlternateDurations();
}

public Machine(int m,Vector<Job> jobs) {
this.machineNo = m;
this.jobs = jobs;
this.availableJobs.addAll(jobs);
this.finishedJobs.removeAllElements();
this.jobOrder.removeAllElements();
}

public int getJobNo() {
return jobNo;
}
public double[] getAlternatedurations() {
return alternatedurations;
}

public Job getCurrentJob() {
return currentJob;
}

public double getDuration(int m) {
return durations[m-1];
}

public void setCurrentJob(Job currentJob) {
this.currentJob = currentJob;
this.duration = currentJob.getDuration(machineNo);
this.availableJobs.remove(currentJob); }
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TABLE II
FM || PRMP || CMAX SOLVED WITH VALUE 5

We get the inputs by the PmGetMN function meaning get
m machines and n jobs for the Parallel Machine problem.
private void PmGetMN() throws NumberFormatException
{
double[][] P = new double[m+1][n+1];
for (int i = 1; i <= m; i++) {
for (int j = 1; j <= n; j++) {
P[i][j] = getComponent(i*(n+1)+j).getText());
time += P[i][j];
}
}
jobs.removeAllElements();
for (int i = 1; i <= n; i++) {
double d[] = new double[m];
for (int j = 1; j <= m; j++)
d[j-1] = P[j][i];
jobs.add(new Job(i, d));
}
machines.removeAllElements();
for (int i = 1; i <= m; i++)
machines.add(new Machine(i, jobs));
}
The PmSolve function solves the Parallel Machine Problem
by first finding a Job for each Machine, second passing 1 clock
cycle for them and finally checking if all the Machines have
completed all the Jobs. This keeps on going for infinite time
and breaks when all Machines signal completion.
private void PmSolve() throws NumberFormatException {
PmGetMN();
for (int i = 0; i <= time; i++) {
for (Iterator<Machine> it = machines.iterator();
it.hasNext();) {
Machine machine = it.next();
machine.findNewJob(machines);
}
for (Iterator<Machine> it = machines.iterator();
it.hasNext();) {
Machine machine = it.next();
machine.passTime();
}
boolean complete = true;
for (Iterator<Machine> it = machines.iterator();
it.hasNext();) {
Machine machine = it.next();
complete &= machine.complete;
}
if (complete) break;
}
PmPrint(machines);
}

VI. CONCLUSIONS
The following is an example of Parallel Machine Problem
with 4 Jobs on 3 Different Speed Machines with preemption
allowed and the regarding durations.
The algorithm solves the problem with Cmax 29 which is
the optimum result.
The algorithm also displays the Job sequences on the
Machines at the below.
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Abstract— The model parameters of photovoltaic (PV) cell are
directly related to ambient conditions. Especially, temperature
and irradiance level show big importance. The main goal of this
study is to examine the equivalent circuit of PV cell and to
analyze parameters with using Matlab® software program. This
study also investigates effects of shunt, series resistors and diode
ideality factor. Obtained I-V and P-V curves in this paper are
compared to provided by X21-335-BLK model datasheet. Finally,
this work can be used for numerical examples and real case on
PV modules.

Keywords— PV cell, Modeling, PV module, Single diode model

NOMENCLATURE
The notation and abbreviation used throughout the paper are stated as below:
a

Diode ideality factor

G

Solar irradiation (W/m2)

Gref

Reference solar irradiation (W/m2)

I

Load current (A)

Iph

Photocurrent (A)

IRs

Diode reverse saturation current (A)

IS

Diode saturation current (A)

ISc

Short circuit current (A)

K

Boltzmann’s constant (1.38*10 -23 J/K)

Kv

Voltage temperature coefficient (V/CO)

Ki

Current temperature coefficient (A/CO)

Ns

Number of PV cells

PV

Photovoltaic

q

Electron charge (1.602*10 -19 C)

RS

Series resistance (ohm)

RSh

Shunt resistance (ohm)

STC

Standart Test Condition

T

Temperature (K)

Tref

Reference temperature (K)

V

Voltage

Voc

Open circuit voltage (V)

Vt

Thermal voltage (V)

I. INTRODUCTION
Conventional energy sources are important on energy
demand but they cause some environmental problems.
Especially, use of fossil fuels induces global warming. In
order to diminish the green house effect and slow the
depletion of fossil fuel, the renewable energy has been
developed [1]. The renewable energy sources are gaining
more importance. Among these sources, despite of high
installation cost, the energy produced from the photovoltaic is
currently regarded as the prerequisite sustainable resources for
both standalone and grid connected system, since it offers zero
input fuel cost, rich and clean energy.
Solar energy obtained from a solar PV cell is not constant
all the time. Solar energy affected by external conditions like
solar irradiance and temperature [1]. PV cells are basic form
of PV power generation. PV cells are used to convert solar
power into electricity. PV cell is a semiconductor device that
converts solar energy into direct current electricity [2]. In
terms of power electronics the solar cell can be considered as
a current source that exhibits non-linear characteristics [2].
In this study, the modeling and analysis of solar parameters
are crucial and basic. This model is based on an equivalent
circuit. The circuit was applied a PV module for simulating its
characteristics. The obtained results are compared with I-V
and P-V curves from original datasheet. large numbers of
simulation models developed in MATLAB are available in
literature [3]. Matlab® software is used to simulate this
model.
II. GENERAL EQUIVALENT CIRCUIT OF PV CELL
The famous diode equation describes the operation of the
solar PV cell [1]. Fıgure 1 shows a simple equivalent circuit
for a PV cell. The circuit consist of an ideal current source and
an ideal diode.
Where:
I= Iph – Id
(1)
Iph photocurrent due to sunlight, V voltage across the load.

- 101 -

6th International Conference on Advanced Technology & Sciences (ICAT'Riga)

Sep 12-15, 2017, Riga/LATVIA

___________________________________________________________________________________________________________
Rs

IPH

Rsh

D

V

Fig. 1 Equivalent circuit

III. MODELING PV CELL
The equivalent circuit of a solar photovoltaic (PV) cell is
given in the figure 1. An aquation of current to the load can be
obtained from the equivalent circuit in figure 1.
I= Iph – Is [exp

-1] – (V+ IRs) / Rsh (2)
Fig. 2 Calculated I-V curve under STC

In this equation, I is the load current, Iph is the photocurrent, Is
is the diode saturation current, q is the electron charge, V is
the terminal voltage of the cell, a is the diode ideality factor, K
is the Boltzmann constant, T is the cell temperature, Rs and Rsh
is the series and shunt resistance respectively. So, the behavior
of a solar photo is completely dependent on these parameters
[4].
Table 1 shows the basic specification of the PV module
under standart test condition (STC). These informations in
table 1 were taken from sunpower X21-335-BLK datasheet.
TABLE 1 X21-335-BLK electrical data [7]

Electrical data
Nominal max. power
Nominal voltage
Nominal current
Open circuit voltage
Short circuit current
Ki
Kv
Num. of cells

Values
335 W
57,3 V
5,85 A
67,9 V
6,23 A
0,0035 A/Co
-0,167 V/Co
96

Fig. 3 Calculated P-V curve under STC

Obtained output results in I-V and P-V curves are given in
figure 2 and 3 respectively. In this module PV cells are
connected in series.

IV. ANALYSIS OF TEMPERATURE AND SOLAR IRRADIANCE
LEVEL

The photocurrent, Iph depends on the solar irradiance and
cell temperature. The output of the PV module varies as a
function of solar irradiance level which can be obtained from
the following equation [5]:
Iph = [ISc +Ki(T- Tref) ]G/Gref

(3)

Here, ISc is the short circuit current from datasheet, Ki is the
temperature coefficient of short circuit current, T is the cell
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temperature, Tref is the reference temperature and G is the
solar irradiation in W/m2.

Fig. 6 Calculated I-V curve of module for T=45 CO

Irs = ISc /((exp(Voc/(a*Vtn)))-1)

(5)

Fig. 4 Calculated I-V curve of module for G= 900 (W/m2)

Vtn is the nominal thermal voltage and a is the diode ideality
factor.

Fig. 5 Calculated P-V curve of module for G= 900 (W/m2)

The calculation was realized for 900 W/m2 irradiation level
under STC. Cell temperature was constant at 25 Co during the
calculation. Effects of different irradiance level on curves can
be seen in figure 4 and 5 respectively. According to obtained
curves, open circuit voltage Voc declines softly and short
circuit current , Isc goes down clearly for G=900 W/m2. The
diode saturation current varies as acubic function of the
temperature and it can be as the following equation [6]:
Is=Irs*((Tref/T)^3)*exp(((q*Eg/(a*K))*((1/Tref)-(1/T)))) (4)
In this equation Irs is the diode reverse saturation current and
Eg is the bandgap silicon at 25 Co.

Fig. 7 Calculated P-V curve of module for T=45 CO

The calculation was performed for 45 Co under STC during
G= 1000 W/m2. Effects of high temperature on curves values
presented on figure 6 and 7. From the graphs, open circuit
voltage decreases and short circuit current increases slightly.
V. CONCLUSION
In this paper, an approach to evaluate PV modeling is
introduced based on particular parameters. The paper presents
a model of solar PV module based on mathematical equation
built from a sample equivalent circuit. The main focus of this
paper is to analyze the effects of solar irradiance and
temperature. Matlab codes have been studied for calculation
of P-V and I-V characteristics under some different
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conditions. This model can be used to measure PV modules of
any dimensions. In this work the model was constructed based
on the information of X21-335-BLK PV module. Future work
will analyze effects of varying Rs, Rsh and diode ideality factor
with using proposed model.
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Abstract— Accurate estimation of electricity for consumption is
one of the important issues in energy planning of developing
countries In this study, the demand for 2023 Turkey's electrical
energy consumption has been estimated by using the Multilayer
Perceptron’s (MLPs). The supervised learning problem of the
MLP can be solved with the back-propagation algorithm, MLP,
consist of three layers; these are the input layer, the hidden
layers and the output layer. For this aim, various variable such
as Gross Domestic Product (GDP) between the years of 19802015, population and meteorological data were used in the
prediction model. By using the model, Turkey's electrical energy
consumption between the years of 2016-2023 was estimated.
Keywords— Electricity consumption forecasting, Multilayer
Perceptron’s

I. INTRODUCTION
Energy is a intersecting resource for the sustainability of
the today’s world culture. Energy demand represents the
energy that is to be consumed in individual and institutional
dimensions for economic activities to be performed.
Urbanization process, economic growth and development,
population, technological improvements, economic activity
and efficiency are the improvement factors that influence
energy demand. Accurate electricity consumption prediction
has primary importance in the energy planning of the
developing countries.
During the last decade several new techniques are being
used for electricity consumption planning to exactly predict
the future electricity consumption needs. Multilayer
Perceptron (MLP) is new techniques being adopted for energy
consumption prediction [1].
In this study, the MLP is implemented for the prediction of
electricity energy consumption of Turkey. In the models,
Gross Domestic Product (GDP), population and
meteorological data are used as independent variables using
historical data from 1980 to 2015. Long term electricity
consumption prediction is the basis for energy investment
planning and plays an essential role in developing countries
for authority [2].

Over prediction of the consumption would contribute to
unnecessary unemployed capacity which means wasted
financial resources, whereas under prediction would lead the
higher action costs for energy supplier and would cause
potential energy outages [1]. Consequently, modelling
electricity consumption with good accuracy becomes vital in
order to withdraw costly mistakes. Electricity prediction
models are developed specific to a nation or utility depending
on market conditions prevailing [1].
Electricity market in Turkey has a quickly developing
structure due to industrialization, fast urbanization and
growing population for last three decades. The average annual
(2015) increase in total electricity consumption in Turkey is
about 27 %, which is far above the average of many countries
in Europe and throughout the world.
However, energy sources in Turkey are quite scarce.
Turkey’s extensive dependence on import sources for its
energy supply creates some economic and political negative
effects, making authorities necessary to estimate future
electricity consumption accurately by using the accurate
models [2].
II. MATERIALS AND METHODS
Regression is one of the most important tasks in Regression
is one of the most important tasks in machine learning and
data mining. Different from classification, regression is used
to predict numeric target values. In regression, a model is built
from a set of training instances with numeric target values and
is typically measured by its relative mean absolute error on the
test instances.
An MLP is a network of simple neurons called perceptrons.
The basic concept of a single perceptron was introduced by
Rosenblatt in 1958. The perceptron computes a single output
from multiple real-valued inputs by forming a linear
combination according to its input weights and then possibly
putting the output through some nonlinear activation function
[5].
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A typical multilayer perceptron (MLP) network consists of
a set of source nodes forming the input layer, one or more
hidden layers of computation nodes, and an output layer of
nodes. The input signal propagates through the network layerby-layer [5].
Perceptron’s are one of the oldest neural networks,
although they are extremely limited. It is based on the
principle that a nerve cell produces an output by taking more
than one input. In a multi-layer network, multiple layers and
multiple process elements can be found in the layer [6].
Our data set used in this study is as follows:
•
Year (1980-2015),
•
Gross Domestic Product (GDP) ( Billion TL),
•
Population (x1000 persons),
•
Rainfall (mm),
•
Moisture (%),
•
Temperature (˚C),
•
Wind (m/s),
•
Electricity Consumption (GWh)
WEKA (Waikato Environment for Knowledge Analysis),
developed by the University of Waikato in New Zealand [7].
Weka is an open source data mining tool developed in Java. It
is used for research, education, and applications. It can be run
on Windows, Linux and Mac [7].
WEKA is a collection of machine learning algorithms for
data mining tasks. WEKA contains tools for data preprocessing, classification, regression, forecasting, clustering,
association rules, and visualization. It is also well-suited for
developing new machine learning schemes. The most popular
data input format of WEKA is attribute relation file format
(arff) [7].
WEKA is a state-of-the-art tool for developing machine
learning techniques and their application to real-world data
mining problems. It is a collection of machine learning

algorithms for data mining tasks. The new machine learning
algorithms can be used with it and existing algorithms can
also be extended with this tool [7].
III. CONCLUSIONS
Electricity generation, transmission and distribution
facilities require an investment of billions of dollars.
Therefore, forecasting electricity consumption is very
important for the investors and companies. Adequate capacity
planning requires accurate forecasts of the future demand
variations and timing of electricity demand.
It is necessary to use reliable methodologies and to
develop new and alternative techniques for the estimation of
future electricity consumption in Turkey properly. The
analyzed results indicate that the MLP algorithm model can be
used effectively for Turkey’s long-term net electricity
consumption forecast. Therefore, the recommendations
presented in this article are useful for energy planners.
Table-1 shows data set used in the study between 1980 and
2015 of Turkey. Table-2 shows the estimated values of the
MLP algorithm for the years between 2016 and 2023. The
estimated annual electricity consumption of Turkey between
2016 and 2023 is shown in Figure 1.
On the basis of the results, it is seen that the electricity
consumption of Turkey in 2023 is estimated as 374300 GWh.
In addition, the estimated GDP and the population of Turkey
in 2023 are about 1506 Billion TL and 84 million 189
thousand people, respectively. Accurate consumption models
are needed immediately in Turkey. For this purpose, in this
manuscript, the MLP algorithm model is recommended for
alternative and successful estimation of electricity
consumption of Turkey.

TABLE I
DATA SET USED IN THE STUDY BETWEEN 1980 AND 2015 OF TURKEY

Year

1980
1981
1982
1983
1984
⁞
2011
2012
2013
2014
2015

GDP
Billion
TL
0,005
0,008
0,01
0,014
0,022
⁞
1297,713
1416,798
1567,289
1748,168
1952,638

Population
X 1000
People
44438
45540
46688
47864
49070
⁞
74224
75176
76055
76903
77738

Rainfall

Moisture

mm

%

639,5
751,3
546,8
657,8
560,3
⁞
642,2
695,2
547
641,6
637,8

63,9
64
63,5
64,9
64,2
⁞
63,1
62,1
59,6
62,6
62,4
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Temperature
0

C

12,7
13,3
12,1
12,3
12,8
⁞
12,8
13,8
13,8
14,5
13,8

Wind

Electricity
Consumption

m/s

GWh

2,1
2,2
2,1
2,1
2
⁞
2
2
1,9
1,9
1,9

20398
22030
23587
24465
27635
⁞
186100
194923
198045
207375
263828
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TABLE II
ESTIMATED VALUES OF THE MLP ALGORITHM FOR THE YEARS BETWEEN 2016 AND 2023

Year

2016
2017
2018
2019
2020
2021
2022
2023

GDP

Population

Billion
TL
1826,69
1855,89
1890,68
1885,81
1839,67
1774
1668,08
1506,28

Rainfall

X 1000
People
78672
79536
80373
81188
81979
82743
83476
84189

Moisture

mm

%

552,11
668,04
811,96
573,16
662,68
617,62
598,75
643,5

61,1
61,2
61,8
61,5
60,6
62,3
61,4
60,9

Temperature
0

C

12,9784
14,628
15,1766
14,3713
12,1785
15,4948
15,2342
14,0255

Wind

Electricity
Consumption

m/s

GWh

1,927
1,92
1,878
1,843
1,87
1,918
1,875
1,842

ELECTRICITY
CONSUMPTION (GWh)
400000
200000
0

2016 2017 2018 2019 2020 2021 2022 2023
Fig. 1 The estimated annual electricity consumption of Turkey between 2016 and 2023.
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Abstract— In this study, natural convection flow is numerically investigated in a ferrofluid filled cavity under the effect
of an externally applied magnetic field. Induced magnetic field
is also considered. The time independent, non-dimensional governing equations are solved by differential quadrature method.
Numerical results are presented both in terms of streamlines,
isotherms, vorticity contours and induced magnetic field lines,
and average Nusselt number. Physically, the retarding effect
of the increasing Lorentz force on convective heat transfer is
pronounced. Convective heat transfer is enhanced with the
increase in solid volume fraction of nanoparticles. Induced
magnetic field lines are perturbed by the rise in magnetic
Reynolds number.
KeywordsNatural convection, Ferrofluid, Induced magnetic
field, Differential Quadrature Method, Magnetoconvection

I. I NTRODUCTION
Ferrofluid is a magnetic nanofluid. Ferrofluids have taken
great interest in the last years due to the engineering applications such as in electronic packing, micro-scaled heat
exchangers, MEMS devices.
There are many numerical studies for simulation of fluid
flow and heat transfer behaviour in existence of ferrofluid.
Control volume (CV) technique [1], finite volume method
(FVM) [4], lattice Boltzmann method [5], FVM and finite difference (FD) method [8], finite element method
(FEM) [9], CVFEM [10], [11], [13], [14] are the most used
numerical approaches to examine the concerned problem.
In the present study, differential quadrature method is
applied to investigate the induced magnetic field in presence
of an externally applied magnetic field and ferrofluid inside
a square cavity.
II. P ROBLEM D EFINITION AND M ATHEMATICAL S ETUP
The geometry of the problem is described in Fig.1. The
left and right walls are hot and cold walls, respectively, while
the top and bottom walls are adiabatic. A magnetic field with
magnitude B0 in an angle φ is applied. The no-slip boundary
conditions on the walls are imposed.
The flow is the two-dimensional, laminar, steady and
incompressible. The base fluid and nanoparticles (Fe3 O4 ) are
in thermal equilibrium. The radiation, viscous dissipation,
Joule heating and Hall effect are all assumed negligible.
Induced magnetic field is taken into account which means
that magnetic Reynolds number Rm is greater than 1.
Thermal and physical properties of base fluid and Fe3 O4
are given as in Table I.
The thermo-physical properties of nanofluid is assumed
constant except the density variation treated by Boussinessq
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Fig. 1: Problem Configuration.
TABLE I: Thermo-physical properties of pure water and
Fe3 O4 .
Physical Properties
ρ(kg/m3 )
cp (J/(kgK))
k(W/(mK))
β × 10−5 (1/K)
σ(S/m)

Base fluid
997.1
4179
0.613
21
0.05

Fe3 O4
5200
670
6
1.3
25000

approximation. On account of these assumptions, the governing equations in primitive variables are
∂u ∂v
+
=0
(1a)
∂x ∂y


µnf 2
∂u
∂u
1 ∂P
By
∂By
∂Bx
∇ u=u
+v
+
+
−
ρnf
∂x
∂y
ρnf ∂x
ρnf µm
∂x
∂y
(1b)


µnf 2
∂v
∂v
1 ∂P
Bx
∂By
∂Bx
∇ v=u
+v
+
−
−
ρnf
∂x
∂y ρnf ∂y
ρnf µm
∂x
∂y
(1c)
− βnf g(T − Tc )
∂T
∂T
αnf ∇2 T = u
+v
(1d)
∂x
∂y
1
∂Bx
∂Bx
∂u
∂u
∇2 Bx = u
+v
− Bx
− By
(1e)
σnf µm
∂x
∂y
∂x
∂y
1
∂By
∂By
∂v
∂v
∇2 By = u
+v
− Bx
− By ,
(1f)
σnf µm
∂x
∂y
∂x
∂y
where density, the heat capacitance, the thermal expansion
coefficient, the thermal diffusivity, the dynamic viscosity, the
thermal conductivity and the electrical conductivity of the
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nanofluid, respectively, are [2], [6], [7], [8]

In Eqs.(10), DQM introduces the derivatives as [15]

ρnf = χρs + (1 − χ)ρf

(2)

(ρcp )nf = χ(ρcp )s + (1 − χ)(ρcp )f
βnf = χβs + (1 − χ)βf
knf
αnf =
(ρcp )nf
µf
µnf =
(1 − χ)5/2
ks + 2kf − 2χ(kf − ks )
knf = kf
ks + 2kf + χ(kf − ks )
ξ + 2 + 2χ(ξ − 1)
σnf = σf
,
ξ + 2 − χ(ξ − 1)

(3)
(4)

(6)
(7)

(11)

∂2ϕ
=
∂y 2

(12)

k=1
M
X

bik ϕkj ,

k=1

b̄jk ϕik ,

k=1

by the weighting coefficients for the first and second order
derivatives given explicitly [15]
aik =

N
X
M (1) (xi )
,
i
=
6
k,
a
=
−
aik ,
ii
(xi − xk )M (1) (xk )

(13)
bik


= 2aik aii −

(10a)
(10b)
(10c)
(10d)
(10e)

N UMERICAL M ETHOD

DQM approximates the derivatives of a function at a grid
point by a linear summation of all functional values in the
whole computational domain.
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1
xi − xk



, i 6= k, bii = −

N
X

bik ,

k=1,k6=i

(14)
where M (1) (xi ) =

Nx
Y

(xi − xk ), and i = 1, 2, . . . , N .

k=1,k6=i

Using Eqs.(11)-(14), an iterative system is formed as
D2 ψ m+1 = −wm
m+1

where ∆T = Th − Tc .
OF THE

k=1
N
X

(8)

in which the velocity components in terms of stream function
ψ as u = ∂ψ/∂y, v = −∂ψ/∂x satisfying continuity
equation, and the definition of vorticity ω = ∂v/∂x− ∂u/∂y
applied to momentum equations are carried out. The dimensionless parameters magnetic Reynolds number Rm, Prandtl
number P r, Reynolds number Re, Rayleigh number Ra and
Hartmann number Ha are
νf
U0 L
Rm = U0 Lσnf µm , P r =
, Re =
,
αf
νf
r
gβf ∆T L3
σf
Ra =
, Ha = B0 L
,
αf νf
µf

III. A PPLICATION

M

∂ϕ X
=
ājk ϕik
∂y

k=1,k6=i

to deduce the dimensionless governing equations as
∇ ψ = −ω
1
∂Bx
∂Bx
∂u
∂u
∇2 Bx = u
+v
− Bx
− By
Rm
∂x
∂y
∂x
∂y
1
∂B
∂B
∂v
∂v
y
y
∇2 By = u
+v
− Bx
− By
Rm
∂x
∂y
∂x
∂y
1 αnf 2
∂T
∂T
∇ T =u
+v
P rRe αf
∂x
∂y
1 ρf µnf 2
∂ω
∂ω
Ra βnf ∂T
∇ ω=u
+v
−
Re ρnf µf
∂x
∂y
P rRe2 βf ∂x



2
Ha
∂ ∂By
∂Bx
−
Bx
−
ReRm
∂x ∂x
∂y


∂ ∂By
∂Bx
+ By
−
,
∂y
∂x
∂y

∂2ϕ
=
∂x2

(5)

and µm is the magnetic permeability of the nanofluid, χ =
χs /χf is the solid volume fraction.
The dimensionless variables are introduced
x
y
u
v
T − Tc
x′ = , y ′ = , u′ =
, v′ =
, T′ =
,
L
L
U0
U0
Th − Tc
p
Bx
By
p′ =
, Bx′ =
, By′ =
,
(9)
ρnf U02
B0
B0
2

N

∂ϕ X
=
aik ϕkj ,
∂x

u


m+1

(15a)
m+1

m+1

= Dy ψ
, v
= −Dx ψ
(15b)

D2
m
m+1
− M Bxm+1 = (−[Bx ]m
d Dx − [By ]d Dy )u
Rm
(15c)


D2
m
m+1
− M Bym+1 = (−[Bx ]m
d Dx − [By ]d Dy )v
Rm
(15d)


1 αnf
D2 − M T m+1 = 0
(15e)
P rRe αf


1 ρf µnf
Ra βnf
D2 − M wm+1 = −
Dx T m+1
Re ρnf µf
P rRe2 βf

Ha2
−
[Bx ]d (Dxx [By ]d − Dx Dy [Bx ]d )+
ReRm
m+1
[By ]d (Dy Dx [By ]d − Dyy [Bx ]d )
, (15f)

where m is the iteration number, the differentiation matrices
D2 = Dxx + Dyy , Dxx , Dyy and Dx , Dy are formed by
Eq.(11) and Eq.(12), respectively, and M = [u]m+1
Dx +
d
[v]m+1
Dy with subindex d referring to diagonal matrix.
d
Initially, ψ, Bx , By , T, w are taken as zero except on the
boundary. No-slip boundary conditions for u and v after
Eq.(15b) are inserted. The boundary conditions for vorticity
is computed by using the definition of vorticity (wbc =
Dx v n+1 − Dy un+1 ). The iteration continues until the summation of the relative errors between two iterations of the
parameters ψ, T, Bx , By , w is less than 10−5 .
A relaxation parameter 0 < γ < 1 is used as wn+1 ←
γwn+1 + (1 − γ)wn once w is solved.
The average Nusselt number through the left hot wall is
computed by
Z
knf 1 ∂T
Nu = −
dy,
(16)
kf 0 ∂x
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and computed by Clenshaw Curtis quadrature due to the
usage of Chebyshev non-uniform grid distribution.
IV. N UMERICAL R ESULTS
The physical parameters P r = 6.8 and Re = 100 are
fixed.
Table II shows well agreement of the proposed scheme
with the benchmark problem in [3].
Ra
103
104
105
106

[3]
1.117
2.238
4.509
8.817

Present (Nb , Ni )
1.1177 (17 × 17)
2.2445 (17 × 17)
4.5321 (17 × 17)
8.8252 (21 × 21)

γ
0.01
0.01
0.01
0.001

TABLE II: Comparison of N u.

In this study, differential quadrature method is carried out
for simulation of ferrofluid flow in a cavity under the effect of
an externally applied magnetic field. Induced magnetic field
is also taken into account. The augmentation of intensity of
the applied magnetic field results in suppression of the fluid
flow and heat transfer, and reduces the effect of concentration
of nanoparticles if Ha ≈ 60. Induced magnetic field lines
are perturbed with the increase in advective effect of applied
magnetic field. The higher convective heat transfer occurs
for vertically applied magnetic field. Besides, the numerical
method enables one to use small number of grid points.
R EFERENCES

In computations, 21 × 21 number of grids are performed
regarding to Table III.
Grids
17 × 17
21 × 21
25 × 25

V. C ONCLUSIONS

Nu
1.6299
1.6225
1.6209

TABLE III: Grid independence when χ = 0.04, Ra =
105 , Rm = 10, Ha = 100.
Fig.2 illustrates the fluid flow and heat transfer behaviour
in different intensity of the externally applied magnetic field.
Notice also that the applied magnetic field is in the ydirection (φ = π/2). Primary vortex in streamlines are
divided into two new vortices as Ha increases. Isotherms
become almost perpendicular to the top and bottom walls
showing the retarding effect of the Lorentz force. In other
words, conductive heat transfer is pronounced. Two cells on
the right and left walls in vorticity contours are stuck on these
walls in large Ha pointing to the decrease in fluid velocity.
Induced magnetic field lines take the direction of applied
magnetic field straightly. The intense applied magnetic field
suppresses induced magnetic field.
The change in magnetic Reynolds number Rm is investigated in Fig.3. No significant effect on streamlines, isotherms
and vorticity contours is noticed. Induced magnetic field lines
are perturbed with the increase in advection effect of external
magnetic field.
Average Nusselt number on heated wall in different parameter variations is depicted in Fig.4. Convective heat
transfer is decreased as Ha increases (Fig. 4a). The higher
concentration of nanoparticles the more convection is noted.
When 40 ≤ Ha ≤ 80, N u almost take the same values
at all χ. However, the high concentration of nanoparticles
dominates over the other values of χ for Ha > 80 and
Ha < 40. Magnetic Reynolds number has no significant
effect on heat transfer as is seen in Fig. 4b. As expected,
convective heat transfer is emphasised at a large Ra (Fig. 4c).
Symmetric results are realized in the angle of the applied
magnetic field (Fig. 4d) after φ = π. Vertically applied
magnetic field has much more influence on convective heat
transfer than the horizontally or inclined applied magnetic
field.
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Fig. 2: Ha variation when Ra = 105 , Rm = 10, φ =
π/2, χ = 0.04.
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ω

Rm = 100

Rm = 10
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ψ

Fig. 3: Rm variation when Ra = 105 , Ha = 10, φ =
π/2, χ = 0.04.

- 112 -

B

6th International Conference on Advanced Technology & Sciences (ICAT'Riga)

Sep 12-15, 2017, Riga/LATVIA

___________________________________________________________________________________________________________

6

6

χ = 0.04
χ = 0.08
χ = 0.12
χ = 0.16
χ = 0.2

5.5
5
4.5

5.5

Nu

4
3.5
3
5
2.5

χ = 0.04
χ = 0.08
χ = 0.12
χ = 0.16
χ = 0.2

2
1.5
1

4.5
10

25

40

60

80

100

200

1

10

20 25

40

Ha

(a)

6

5.5

5.8

5

5.6

4.5

5.4

4

5.2

3.5

5

3

4.8

1.5
1
10 3

100

χ = 0.04
χ = 0.08
χ = 0.12
χ = 0.16
χ = 0.2

4.6

χ = 0.04
χ = 0.08
χ = 0.12
χ = 0.16
χ = 0.2

2

80

(b)

6

2.5

60

Rm

4.4
4.2
4

10 4

10 5

Ra

(c)

0

45

90

135

225

φ

(d)

Fig. 4: Nusselt number variations.
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Abstract— The stick-fixed longitudinal flight of Boeing® 747-100
is compared at three Mach-altitude conditions: 0.2 at sea-level;
0.5 at 20,000ft; and 0.9 at 40,000ft, as centre of gravity (CG)
shifts. Velocity, pitch rate, attitude and altitude with elevator and
throttle commands have been simulated for each flight condition.
These simulations indicate stable complex eigenvalues with low
stability margins. Stick-fixed flight is dominated by insufficiently
damped long-period responses with an initial short-period effect.
Dynamic stability and performance of the stick-free autopilot is
investigated using a linear quadratic regulator (LQR) algorithm
in the presence of CG shifts. Steady state convergence is achieved
within a few seconds with acceptable flying qualities. The
controller has been revised to cope with Mach-altitude
constraints and demonstrates autopilot ability to mainain stable
cruise flight. The results emphasise the plane is dynamically
stable and satisfactorily trimmed at those CG cruise conditions.
Keywords— Boeing® 747-100 longitudinal stability; coupling
states with elevator and throttle; stick-fixed responses; LQR
stick-free autopilot; CG-shifts flight conditions

I. INTRODUCTION
Aircraft motion is affected by forces (axial, directional and
upright), moments (pitch, yaw, and roll) and structural
coupled elastic motions. These raise complexities which are
widely simplified with the assumptions of the rigid-body
aeroplane and the small deviation from equilibrium (trimmed)
flight condition. After linearization, aircraft longitudinal and
lateral equations of motion can be treated separately. In the
early days of aviation, significant pilot workload was required
to ensure safe flight and passengers’ comfort. Stability
augmentation systems provide satisfactory damping
characteristics and stability margins and perform inner loop
feedback control. Autopilots prevent pilot fatigue owing to
long flight hours during cruise modes. Autopilots have
evolved significantly from Sperry configurations that were
created 100 years ago to hold an attitude to a computer-based
control system with several high-speed processors [1].

Autopilots have become vital to the airline industry for cost
and safety reasons.
Both classical and modern control design techniques can be
adopted for autopilot applications, although the former was a
very attractive approach in designing of ancient autopilot
models. Early autopilot systems were designed based on
classical design techniques [2, 3]. However, the main
disadvantage of such designs is that they provide limited
capability of disturbance handling. Modern control techniques
are also popular in aircraft autopilot applications [4]. Modern
control designs could be the more effective approach for the
autopilot application of nowadays state-of-the-art planes.
Sharma and co-workers deployed pitch attitude control loop
for autopilot design under icing condition [5]. One of the most
well-known control law algorithms for multivariable systems
is the Linear Quadratic Regulator (LQR) design with Linear
Quadratic Gaussian (LQG) as its robust version. LQR, a form
of H2 control, provides a means of systematic design of an
optimal controller for high-order systems through optimisation.
The LQG controller is a combination of an LQR and a
Kalman filter. LQG is more realistic than LQR, particularly
when not all of the states are available or when the system
presents noises. These techniques were used to design
autopilot systems to a variety of flying entities. For example,
Korul et. al. used the LQR to control the Qball-X4 quadrotor
which includes both positions, roll/pitch and yaw models [6].
The LQR controllers were designed for each model. The
results of position control reach desired attitudes. An integralLQR-based was incorporated for 6DOF control of a smallscale quadrocopter to provide a high dynamic control tracking
and balancing system responses [7]. Practical results obtained
from the proposed control approach exhibited fast and robust
control response and high disturbance rejection. The LQR and
LQG methods were used in the presence and absence of noise
to control the pitch angle of general aviation aircraft in the
longitudinal plane during cruising stage [8]. The LQR gave a
good performance when the plant was not corrupted by
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disturbance. But when disturbance acted, LQR gave a steady
state error and a very small disturbance rejection capability of
0.004%. The LQG control had a good disturbance rejection
capability for process noise up to 3.5% and measurement
noise up to 1%. The LQR control stabilised the attitude and
altitude of the model of the star-shaped Octrotor vehicle [9].
Numerical simulations demonstrated the effectiveness of this
strategy under nominal conditions. The improvement of the
control strategy was proposed by adding an integral action for
mass-related uncertainties up to a 20% increase. It
demonstrated the controller’s ability to cope with such an
uncertainty. A new attitude stabilisation system was designed
for a microsatellite in which the gimbal rates were selected as
controller parameters using LQR and LQG strategies [10].
Numerical simulation results showed the efficiency of the
controllers to stabilise satellite from an initial condition with
large angles and with more accuracy in comparison with
feedback quaternion and proportional-integral-derivative
controllers. These results also showed the effect of filtering
the noisy signal in the LQG controller. In [11, Chapter 10] an
altitude controller was designed for longitudinal flight
dynamics of a small UAV using the LQR method with the
Kalman estimator. The effectiveness of the controller with the
gains found by the LQR method was investigated under the
effect of disturbances with the Kalman filter. The tryouts
showed that the reference speed value was reached quickly
without affecting the other states (altitude, pitch angle, etc.)
when the diagonal elements of state weighting matrix are
assigned as 1000, 10, 1, 1, 100, and 30000. The diagonal
elements of control weighting matrix were both chosen as 100
to give the same priority to both elevators and thrust control
inputs. An LQR controller design approach was also
demonstrated successfully in the real-time platform for pitch
axis stabilisation of 3DOF helicopter system. The presentation
showed good performance and system was stable and
successfully tracking the reference as high as 55 degrees [12].
An LQR controller was implemented in the development of a
quadrotor SUAVE (Sabanci University Unmanned Aerial
Vehicle) which has a tilt-wing mechanism [13]. Simulation
results showed that proposed controller provided satisfactory
performance in achieving desired manoeuvres and effective in
the vertical flight mode for all possible yaw angles.
This work investigates the dynamic stability of the Boeing
747-100 aeroplane at three flight conditions of both Mach
number (M) and altitude as the centre of gravity (CG) transits.
A particular attention was paid to: M = 0.2 at sea level; M =
0.5 at 20,000ft; and M = 0.9 at 40,000ft. The B 747-100 is a
transport aircraft model of 1970 with four turbofan engines
[14]. The B-747 has several systems installed for flight
controls which are antique compared with nowadays. The
primary control surfaces (stabilisers) are controlled by a
digital control set for autopilot knowingly as a dual
multifunction computer. Pilot workload is primarily devoted
to the longitudinal course of controlling speed using engine
throttle and pitch attitude using the elevator. For flight
performance considerations, straight and level steady-state
flight is considered here for a cruise when the flaps are

retracted and the gear up. This paper focuses upon coupling
variables of longitudinal flight with elevator and throttle
actuation, with and without control (stick-free and stick-fixed).
Because of the dependency of stability derivatives on flight
conditions, controller gains have to be updated to meet flight
handling qualities. The multivariable nature of aircraft control
is modelled by a linearized state space representation. To
achieve an optimal trade-off between reference tracking
efficiency and energy consumption, the LQR method is
applied with two actuators to control the five state variables of
longitudinal motion. Ideal unconstrained actuators are
considered here for simplicity. The full state feedback (FSF)
control law was designed for altitude hold, speed control,
pitch and pitch rate control. MATLAB® code and
SIMULINK® were used to design the longitudinal flight
simulator. Stick-fixed longitudinal flight simulations showed a
stable airplane with negative real part eigenvalues. The stickfixed flight was dominated by lightly damped long-period
responses whereas short-period ones are initially observed.
Oscillations, if uncontrolled, may lead to passenger
discomfort. Dynamic stability was investigated with the LQR
algorithm for a stick-free autopilot to maintain stability in the
presence of CG-shifts. And the controller was revised to cope
with Mach-altitude constraints. Steady state convergence is
achieved within a few seconds with acceptable flying qualities
in terms of overshoot and transient behaviour. The LQR-based
autopilot showed the airplane ability of safely cruise in steady
state flight, with dynamic stability trimming at those
conditions. The paper is organised as follows: In section II,
the longitudinal aircraft dynamics are modelled by a small
perturbation linearization approach using state space
representation and LQR method is presented. In section III,
the simulation results of sick-fixed uncontrolled and stick-free
LQR autopilot controlled airplane are presented for three
different CG locations. The correlation between control
performance and CG shift, which also represents a measure of
static stability) is also analysed. The conclusions of this
simulation analysis are given in Section IV.
II. MODEL APPROACH

A. Longitudinal Perturbation Modal
The longitudinal dynamics of aircraft motion can be found
in many textbooks such as [1], [14] in which physical
concepts underlying aircraft equations of motion given in
details. The motion of the aeroplane is usually described by
the dynamics of the six degrees of freedom. When an
aeroplane reaches equilibrium flight, the forces and moments
acting on the aeroplane are in a state of equilibrium, which
means the axial, normal and side forces and roll, pitch and
yaw moments are all zero. The stability of an aeroplane
consists of longitudinal stability and lateral stability.
Longitudinal motions refer to the adjustment of the elevator
and thrust to give required airspeed and flight path angle.
Lateral motion is a complicated combination of rolling,
yawing and side slipping motions. For small perturbation
transient motion, the longitudinal-lateral coupling is usually
negligible. The longitudinal and lateral-directional motions
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are typically modelled by fully decoupled differential
equations representing each motion’s dynamics. This work
only concerns with a longitudinal flight of the Boeing 747-100
for the coupled state variables with elevator and throttle
actuation. Two assumptions may be made: the aircraft is
steady state cruise at a constant altitude and velocity, and the
change in pitch angle does not change the speed of an aircraft
under any circumstance.
The linearized longitudinal equations can be written in a
state-space form for a small perturbation model as follows:
∆𝑢̇
∆𝑢
∆𝛿
∆𝑤̇
∆𝑤
[ ∆𝑞̇ ] = 𝐴 [ ] + 𝐵 [ 𝑒 ]
(1)
∆𝑞
∆𝛿𝑡
∆𝜃
∆𝜃̇
These system (A) and control (B) matrices are given in
terms of the derivatives of forward force (X), transverse force
(Z) and pitching moment (M) with respect to forward velocity
(u), transverse velocity (w), transverse velocity derivative (𝑤̇ ),
pitch rate (q), elevator deflection (𝛿𝑒 ) and throttle actuation
( 𝛿𝑡 ). u0 is a steady state velocity and g is a gravity
acceleration (9.81m/sec).
0
𝑋𝑢
𝑋𝑤
−𝑔
𝑢0
𝑍𝑢
𝑍𝑤
0
𝐴=[
]
(2)
𝑀𝑢 + 𝑀𝑤̇ 𝑍𝑢 𝑀𝑤 + 𝑀𝑤̇ 𝑍𝑤 𝑀𝑞 + 𝑀𝑤̇ 𝑢0 0
0
0
0
1
𝑋𝛿𝑒
𝑋𝛿𝑡
𝑍𝛿𝑒
𝑍𝛿𝑡
𝐵=
(3)
𝑀𝛿𝑒 + 𝑀𝑤̇ 𝑍𝛿𝑒 𝑀𝛿𝑡 + 𝑀𝑤̇ 𝑍𝛿𝑡
[
]
0
0
The quantity of the fuel flowing to the engines by the
throttle actuator results in a change in thrust. Since the thrust
does not always exert on the origin of the stability axis and the
CG system [14], its effects were not introduced into the state
space model. Also, the thrust-throttle angle relationship is not
linear. Thus, jet engines and throttle actuator were not
modelled explicitly in the system model. The engine model
was taken into account by simplifying the complicated
analysis due to a bit lag between the engine servo and the
engine [1]. Thus, the pitching rate state was taken as 𝜃̇ = 𝑞
and the force derivatives 𝑍𝑞 and 𝑍𝑤̇ usually were neglected
because they insignificantly contribute to the response.
A height hold control should be augmented in the statespace equation as well. The equation with respect to height
hold is derived for a small path angle,
Δ ℎ̇ = u0 ∆𝜃 − ∆𝑤
(4)
The state-space equation including height state variable is:
∆𝑢̇
∆𝑢
∆𝑤̇
∆𝑤
∆𝛿
∆𝑞̇ = 𝐴 ∆𝑞 + 𝐵 [ 𝑒 ]
(5)
∆𝛿𝑡
∆𝜃̇
∆𝜃
[ ∆ℎ ]
[Δ ℎ̇]
Matrix A5×5 is used to present aircraft (A/C) dynamics and
matrix B5×2 is used to design autopilot control law. Cockpit
control panel usually contains the key lever for the control
inputs of elevator and throttle.
The longitudinal characteristic equation in λ (eigenvalues)
can be expressed as

λ5 + a1 λ4 + a 2 λ3 + a 3 λ2 + a 4 λ + a 5 = 0
(6)
ai, i =1, 2, …, 5 are numeral factors. An aircraft is defined as
dynamically stable if all its eigenvalues have real negative
values, or if complex roots have negative real parts. But the
flying quality criterion also has to be satisfied as a necessary
stability condition. In contrast static stability only depends on
the CG shift with respect to centre of pressure.
Thus far these A/C input matrices are updated below
−𝑔 0
0
𝑋𝑢
𝑋𝑤
0 0
𝑢0
𝑍𝑢
𝑍𝑤
𝐴 = 𝑀𝑢 + 𝑀𝑤̇ 𝑍𝑢 𝑀𝑤 + 𝑀𝑤̇ 𝑍𝑤 𝑀𝑞 + 𝑀𝑤̇ 𝑢0 0 0 (7)
0 0
0
0
1
𝑢
[
0]
0
0
−1
0
𝑋𝛿𝑒
𝑋𝛿𝑡
𝑍𝛿𝑒
𝑍𝛿𝑡
𝐵 = 𝑀𝛿𝑒 + 𝑀𝑤̇ 𝑍𝛿𝑒 𝑀𝛿𝑡 + 𝑀𝑤̇ 𝑍𝛿𝑡
(8)
0
0
[
]
0
0
The response equation (system outputs) can be modelled by
∆𝑢
∆𝑢
∆𝑤
∆𝑤
∆𝛿𝑒
(9)
∆𝑞 = C ∆𝑞 + D [ ∆𝛿 ]
𝑡
∆𝜃
∆𝜃
[ ∆ℎ ]
[ ∆ℎ ]
The states were regarded as system outputs. Thus, the
output observation matrix (C5×5) and the state transition matrix
(D5×2) were taken unity and nullity matrices respectively.

B. LQR Control Law
An optimal control system provides the best possible
performance from its class to some particular input. The LQR
control law is typically used together with a state-space
method to find the optimal control gains for a multivariable
large scale system. Static gains are more adequate than timevarying gains in the case of a long time horizon. It also
provides significant savings in implementation complexity
and computational demand. An FSF controller has to be
designed by choosing its gains (K) which are also optimal in
the sense that it minimises a performance index. The
controller can be tuned by adjusting the nonzero elements in
the state (Q) and control (R) weighting matrices. The cost
function of the LQR is given by,
𝑡𝑓
𝐽(𝑥(𝑡), 𝛿(𝑡)) = ∫0 [(𝑥 𝑇 Q𝑥) + (𝛿 𝑇 R𝛿)]𝑑𝑡
(10)
The first and second terms penalise the overall state
deviation and control effort respectively. The state flight
vector is shown as:
𝑥 = [∆𝑢 ∆𝑤 ∆𝑞 ∆𝜃 ∆ℎ]𝑇
(11)
The control law ensures that J is non-negative and zero for
the optimal tracking system.
𝛿 = [∆𝛿𝑒 ∆𝛿𝑡 ]𝑇
(12)
T
Here Q = Q ≥ 0 is n×n state weighting matrix. R = RT > 0
is m×m control weighting matrix that ensures that the energy
of the control is finite. tf is final time with no constraints on
the state or the control. The convergence quality of the LQR
method depends on the choice of Q and R. Physically
meaningful state and control variables should require physical
insights to select Q and R. Generally an iterative
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design/simulation process is needed. Since pitch rate and
attitude needs to be kept considerably small, Q = CTC be
chosen. Q and R have to be diagonal in the absence of
information about coupling. In the end, trial and error may be
used to find these matrices. An initial guess of the weighting
matrices is obtained by normalising the signals using the
Bryson’s rule as shown in equations (13) and (14):
∝21
2
𝑢𝑚𝑎𝑥
∝22
2
𝑤𝑚𝑎𝑥
∝23

Q=

The steady state limit for the step response can be evaluated
by:
lim 𝑥(𝑡) = −𝐴−1 𝐵𝛿
(24)
𝑡→∞

which must die out as t→∞ for any initial perturbation to
assure the dynamic stability of aircraft (A/C) system.
Fig. 1 shows the block diagram of the closed loop system
of longitudinal A/C dynamics. The FSF-LQR controller was
incorporated in the inner loop to form stability augmentation
system and the autopilot design was imposed on the outer loop
to compensate the states to the commended states (uc, wc, qc,
θc and hc) at three flight conditions.

(13)

2
𝑞𝑚𝑎𝑥

∝24
2
𝜃𝑚𝑎𝑥

∝25

[
R = ρ[

2
]
ℎ𝑚𝑎𝑥

𝛽12
∆𝛿𝑒 2𝑚𝑎𝑥
𝛽22

]

(14)

∆𝛿𝑡 2𝑚𝑎𝑥

The subscript max denoted the maximum of the state
variable or control input. One condition to be satisfied is:
∑i ∝2𝑖 = 1 and ∑j 𝛽𝑗2 = 1
(15)
to add an additional relative weighting on the various
components of the state/control. ρ is used as the last relative
weighting between the control and state penalties.
The FSF control law implements the feedback of a linear
combination of the state variables. When all the state variables
are available the FSF algorithm can be given as.
∆𝑢
∆𝑤
k ue k we k qe k θe k he
∆𝛿
[ 𝑒 ] = −K𝑥 = − [
]
(16)
∆𝛿𝑡
k ut k wt k qt k θt k ht ∆𝑞
∆𝜃
[ ∆ℎ ]
Thus the equations of the control inputs as a function of the
states are given by:
∆𝛿𝑒 = k ue ∆𝑢 + k we ∆𝑤 + k qe ∆𝑞 + k θe ∆𝜃 + k he ∆ℎ
(17)
∆𝛿𝑡 = k ut ∆𝑢 + k wt ∆𝑤 + k qt ∆𝑞 + k θt ∆𝜃 + k ht ∆ℎ
The full state feedback control matrix can be obtained by
solving the Riccati equations. The optimal control effort is
given by:
𝛿(𝑡) = R−1 B 𝑇 ∇(𝑡)
(18)
The control parameters and the state feedback gain can be
obtained from:
∇(𝑡) = −P(t)𝑥(𝑡)
}
(19)
K(𝑡) = R−1 B 𝑇 P(t)
Matrix P(t) solves the Riccati equation:
Ṗ(t) = −P(t)A − AT P(t) + P(t)BR−1 B 𝑇 P(t) − Q
(20)
The steady state algebraic Riccati equation was used:
0 = −PA − AT P + PBR−1 B 𝑇 P − Q
(21)
Subjected to the final condition:
P=𝐻
(22)
The Hamiltonian function is:
1
𝐻 = − [𝑥 𝑇 Q𝑥 + 𝛿 𝑇 R𝛿] + ∇𝑇 [A𝑥 + B𝛿]
(23)
2

Fig. 1 The block diagram of the closed-loop system of A/C longitudinal
dynamics

The state errors (Eu, Ew, Eq, Eθ and Eh) are minimised by
the autopilot using the state gains (N)5×1. The state errors
were obtained as below
𝐸𝑢 = 𝑢 − 𝑢𝑐
𝐸𝑤 = 𝑤 − 𝑤𝑐
𝐸𝑞 = 𝑞 − 𝑞𝑐 ⟩
(25)
𝐸𝜃 = 𝜃 − 𝜃𝑐
𝐸ℎ = ℎ − ℎ𝑐
The elevator and throttle servos were taken to be constants
to minimise the errors in elevator deflection and throttle
control in the inner loop, which are given by:
𝐸𝛿𝑒 = 𝛿𝑒 − 𝛿𝑒𝑐
⟩
(26)
𝐸𝛿𝑡 = 𝛿𝑡 − 𝛿𝑡𝑐
where the command actuation signal is 𝛿𝑐 = [∆𝛿𝑒𝑐 ∆𝛿𝑡𝑐 ]𝑇 .
Once the optimal LQR gains, K, were obtained and swift
convergences were reached, the inner loop was no longer
needed and the autopilot on the outer loop took place. The
servo constants (servo gearing) were set to obtain practical
elevator deflections and throttle commands. For simplicity,
the observation matrix (C) of the rate gyro, attitude gyro,
potentiometer, altimeter and accelerometer readings, was
taken to be the identity matrix.
The state gains were initially set equal to unity until smooth
responses obtained. Then, they were adjusted to scale the
states to be closely equal to the commanded states so as to get
zero steady-state error to a step input. The pre-compensator or
state gains, N, was itemized in terms of elevator and throttle,
Ne and Nt, respectively
N = [Nδe Nδt ]𝑇
(27)
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And those were found as follows
Nδe = Ne + k xe Nxe
(28)
Nδt = Nt + k xt Nxt
The verdict of the pre-compensator terms above was
somewhat tricky due to matrix manipulations associated.
These terms were found by using the first column of B (Be )
for Ne (elevator associated pre-compensator gain) and the
second column of B (Bt ) for Nt (throttle associated precompensator gain). However, Nxe (state-elevator associated
pre-compensator gain) and Nxt (state-throttle associated precompensator gain) were found by using the rows of C
(Cx ).associated with each state response being executed.
N
A Be −1 Θ
̅
[ xe ] = [
] [ ]
Ne
Cx 0
1
(29)
Nxt
A Bt −1 Θ
̅
[ ]=[
] [ ]
Nt
Cx 0
1
The zero acted in inversion part as the D matrix was fully
̅ is a zero vector with dimension of the matrix A.
zero. Θ
Therefore, Equation 28 was updated when the autopilot outer
loop being executed.
𝛿
𝛿
k
[ 𝑒 ] = [ 𝑒𝑐 ] − [ xe ] 𝑥
(30)
𝛿𝑡
𝛿𝑡𝑐
k xt
The commanded elevator and throttle actions can be written as
𝛿
N
[ 𝑒𝑐 ] = N𝐸𝑥 = [ δe ] 𝐸𝑥
(31)
Nδt
𝛿𝑡𝑐
At the end, the pre-compensator gains including all the states
coupling with control actions can be given as
nue nwe nqe nθe nhe
N
[ δe ] = [ n
nwt nqt nθt nht ] (32)
Nδt
ut

A MUX function was used to accumulate the coupled five
state variables of longitudinal aircraft motion as they were
simulated simultaneously under the stick-fixed (control off)
system of both elevator and throttle. Then, the controller was
turned on to examine the dynamic stability in a similar manner
to the first part. Following a transition time and after levelled
responses were obtained, the amplitude of step function or the
state’s gains (N) was used to compensate the output for being
equal to the reference input in steady state condition. N was
obtained from m-file code; N = rscale(AC,BC,CC,DC, K)
where AC, BC, CC and DC are the controlled matrices of A, B,
C and D. Fig. 2 shows the simulation diagram being used to
conduct the analyses just aforementioned. The airplane
dynamical system developed in SIMULINK for flight
simulation purposes is shown in Fig. 2. The K matrix was
found for each flight case using MATLAB built-in function
(lqr) after the R and Q matrices were being picked in an
iteratively trial and error basis, as; K = lqr(A,B,Q,R). Table I
shows the LQR gains for three conditions.

III. SIMULATION ANALYSES AND RESULTS

The determination of the Q and R is the main controller
tuning task. First, Bryson’s rule was used as a design
iteration at M=0.5 (baseline case) to find those matrices then
they were weighted during subsequent iterations to achieve an
acceptable trade-off between performance and control effort.
Following from that, the Q and R matrices were used at M=0.2
and 0.9 are tuned iteratively until the adequate response is
obtained in terms of response time and overshoot. It was
observed from a few iterations that the first element of the
diagonal Q matrix influences the overshoot, the second
element influences the overshoot location, the third and fourth
elements influence the response time, and the fifth element
influences the steady-state convergence. However, the
elements of the diagonal R matrix factor the growth of
response amplitude (N). Table II shows the Q and R matrices
for all the three conditions.

A. Simulation Approach
First of all, the B747-100 A/C was simulated for
longitudinal flight under no control (stick fixed) applied and
compared at three altitudes of sea level when M=0.2, 20000ft
when M=0.4 and, and 40000ft when M=0.9. Thus, the A/C
stability was statically examined as CG accordingly shifts.
Then, the LQR controller was implemented and tested at these
flight constraints for autopilot-stability augmentations and
dynamic stability being ensured for stick free model.

TABLE I
THE LQR GAINS FOR THREE CONDITIONS OF B747-100 LONGITUDINAL TRIM

Flight conditions
M=0.2 and
sea level
M=0.5
and 20,000ft
M=0.9
and 40,000ft

K
0.354
−53.8
−73.9
[
0.179 −33.8 120.7
0.043 −68.8 −87.7
[
0.078 −124.5 53.8
0.024
−14.9 −141.7
[
0.049 −31.2 70.9

69.8 466.5
]
150.9 287.7
−527.2 497.4
]
867.5
507.6
−109.3 56.7
]
115.9
137.9

TABLE II
Q AND R MATRICES AT THREE CONDITIONS OF B747-100 LONGITUDINAL
TRIM

Flight
conditions
M=0.2 and
sea level
M=0.5 and
20,000ft
M=0.9 and
40,000ft
Fig. 2 Simulation model of B747-100 longitudinal dynamics
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Q

R

diag[0.0095,0.1,200,80,3000]

diag[0.01,0.01]

diag[0.001,0.01,100,5000,10000]

diag[0.012,0.012]

diag[0.0002,0.015,600,600,400]

diag[0.024,0.024]
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B. Control Off (Stick fixed)
First, the B 747-100 A/C was simulated for a longitudinal
uncontrolled flight at sea level when M=0.2, 20000ft when
M=0.4 and 40000ft when M=0.9. The pilot does not interact
with the control mechanisms over which the aeroplane made
stick fixed flying. The plane was excited to respond to unit
step-input reference states, including 1° pitch angle (the
foremost influence of altitude) and 1m/sec resultant flight
velocity (the foremost influence of thrust). The linearized
models of the longitudinal dynamics at a trimmed flight
conditions were found by filling all the stability derivatives of
A/C at those flight scenarios into Eq.(3)-Eq.(5), can be
summarised in Table III and Table IV.

TABLE III
BOEING 747-100 LONGITUDINAL SYSTEM CHARACTERISTICS WITH CONTROL
OFF AT THREE FLIGHT STATES

Flight
Conditions
M=0.2
and
Sea-level
M=0.5
and
20,000ft
M=0.9
and
40,000ft

A
−0.0209
−0.2020
0.0003
0
[
0
−0.0025
−0.0679
0.0003
0
[
0
−0.02
−0.424
0.0002
0
[ 0

0.1220
−0.5121
−0.0054
0
−1
0.0782
−0.433
−0.0058
0
−1
0.0159
−0.401
−0.006
0
−1

0
−9.81 0
67.3608
0
0
−0.4844
0
0
1
0
0
0
67.3608 0]
0
−9.81 0
156.058
0
0
0
0
−0.5104
0
0
1
157.88 0]
0
0
−9.81 0
265.48
0
0
0
0
−0.539
0
0
1
265.48 0]
0

ten transfer functions (TF) were obtained for longitudinal
variables at each Mach number with respect to the elevator
and throttle inputs. The stability of longitudinal motion can be
evaluated by obtaining the roots of the characteristic equation
given by Eq. (6).
The roots are the eigenvalues of the A matrix. Obviously,
all those TFs shown had the same dominators. The
characteristic equation and the resulting eigenvalues of the
open loop system can be shown in Table V. The characteristic
equations are of the 5th order in s Laplace variable. However,
pole-zero cancellations at the origin made the characteristics
equation of the fourth order were found. The eigenvalues
show the longitudinal dynamic motion consists of a long
period and short period oscillations. Negative conjugate
eigenvalues indicate the static stability of the airplane.
However, a pair of eigenvalues was very close to the
imaginary axis and one eigenvalue at the origin indicates that
the plane may not sufficiently be dynamically stable to
perform trimmed flight at three conditions and maintain a
constant altitude.

TABLE V
BOEING 747-100 LONGITUDINAL CHARACTERISTICS WITH CONTROL SYSTEM
OFF AT THREE FLIGHT STATES

Flight
Conditions
M=0.2
and
Sea-level
M=0.5
and
20,000ft
M=0.9
and
40,000ft

TABLE IV
BOEING 747-100 LONGITUDINAL STABILITY CHARACTERISTICS WITH

Characteristic equations

Eigenvalues

s4 + 0.9428s3 + 0.617s2
+
0.0225s + 0.01209 = 0
s4 + 0.9199s3 + 1.06s2
+
0.0045s + 0.004763 = 0
s4 + 0.9602s3 + 1.835s2
+
0.0365s + 0.002348 = 0

-0.00284 ± 0.134i
-0.469 ± 0.61i
-0.0002 ± 0.0672i
-0.4598 ± 0.9186i
-0.0076 ± 0.1188i
-0.4725 ± 1.2606i

CONTROL SYSTEM OFF AT THREE FLIGHT STATES

Flight Conditions
M=0.2
and
Sea-level
M=0.5
and
20,000ft
M=0.9
and
40,000ft

B
0.2923 0.3048
−0.5967 −0.013
−0.3764 0.598
0
0
[
0
0 ]
0.6158 0.4617
−1.5700 −0.016
0.248
−1.090
0
0
[
0 ]
0
0.2380 0.5029
−1.727 −0.024
−1.217 0.130
0
0
[ 0
0 ]

Therefore, the models of longitudinal coupling variables for
height, heading speed holdings, attitude rate and orientation of
the B 747-100 were obtained in responses to elevator and
throttle with control hands off. As a result of such itemization,

A stick-fixed B747-100 longitudinal flight simulation
analysis is performed for the three flight conditions of table V.
The aircraft longitudinal motion exhibits poor responses with
high overshoot, long settling time and high oscillations,
although dynamic stability is observed. Elevator and throttle
commands have to be controlled to enhance those longitudinal
responses. The first pair of eigenvalues with small magnitudes
corresponds to a long period or phugoid motion whereas the
second pair of eigenvalues with large magnitudes correspond
to a better damped short period motion. The Phugoid mode is
more pronounced at M = 0.2 and 0.5 whereas short period
mode persists longer and is easier to observe at M=0.9. Large
peaks in the oscillatory responses were found as a result of the
effect of the zeroes of the system on the dynamics.
Altitude simulations are shown in Fig. 3. Altitude plots at
M=0.2 and 0.5 were normalised by a factor of 100 and at
M=0.9 was normalised by a factor of 1000 for a tight
comparison. Those simulations show the airplane altitudes
diverge away from sea level (0ft), 6095m (20,000ft) and
12190m (40,000ft). Moreover, unfavourably negative altitudes
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100
50
0
-50
-100
-150
-200
-250
-300
0

M=0.9 at 40,000ft, (factor = 1000)
M=0.5 at 20,000ft, (factor = 100)
M=0.2 at sea level, (factor = 100)

50

100

150

200
250
Time (sec)

300

350

400

Pitch rate (rad/sec)

M=0.9 at 40,000ft
M=0.5 at 20,000ft
M=0.2 at sea level

0.1
0

500
250
0
0

100

150

200

250

300

350

400

Fig. 6 Resultant velocity simulations of stick-fixed B747-100 longitudinal
trim perturbation at three flight conditions

C. Control On (Stick free)
After applying the iterative trial-and-error design procedure,
the Q and R matrices were reached at each flight condition
satisfying control effort requirements and reasonable
performance in terms of longitudinal responses. The FSF
controller based on the K gains of the LQR algorithm revised
the A and B matrices as shown in Table VI and Table VII.

ON AT THREE FLIGHT STATES

50

100

150

200
250
Time (sec)

300

350

400

2

Flight
Conditions

A

M=0.2
and
Sea-level

−1.897
−0.179 52.30
−4.75 −447.7
0.0057 −33.04
1.544
281.88
1.36
0.209 −0.669 −100.45 −31.69 64.16
0
0
0
2
0
[ 0
0 ]
0
−1
2.11

M=0.5
and 20,000ft

0
-2

M=0.9
and 40,000ft

M=0.9 at 40,000ft
M=0.5 at 20,000ft
M=0.2 at sea level

-4
-6
0

50

Time (sec)

Fig. 4 Pitch rate simulations of stick-fixed B747-100 longitudinal trim
perturbation at three flight

Pitch angle (rad)

750

TABLE VI
BOEING 747-100 LONGITUDINAL SYSTEM CHARACTERISTICS WITH CONTROL

-0.1
-0.2
0

1250
1000

Pitch rate simulations at three flight conditions are shown
in Fig. 4. Wild oscillations were seen at M=0.2 and 0.5
whereas the oscillation came down at M=0.9 in about four
minutes. It appeared that at M=0.9 was less susceptible to
pitch rate impacts on longitudinal stability than at M=0.2 and
0.5. Averaged pitch rates at three conditions showed
pronounced deviations from longitudinal flight. Uncontrolled
flight shows very little damping in level cruise for the B747100. Pitch simulations at three flight conditions are shown in
Fig. 5. Again, high oscillations are observed for M=0.2 and
0.5, although faster damping within four minutes is noticed
for M=0.9. Uncontrolled flights cause a small stability margin
in B747-100 level cruise.

0.2

M=0.9 at 40,000ft
M=0.5 at 20,000ft
M=0.2 at sea level

1500

Fig. 3 Altitude simulations of stick-fixed B747-100 longitudinal trim
perturbation at three flight conditions

0.3

Resultant velocity simulations at three flight conditions are
shown in Fig. 6. The change in resultant velocity was found
by working out the resultant of forward and transverse
velocities. Large oscillations were also seen at M=0.2 and 0.5
however the trend at M=0.9 slightly wavered. A peak at
M=0.9 was almost marked at 87sec and lost 95% of its
magnitude in about four minutes. Averaged velocities at three
conditions showed considerable deviations from Mach
number constraints, i.e., far away from 68.2, 170.5 and
306.9m/sec for M=0.2, 0.5 and 0.9 respectively. Unfavourable
longitudinal flights at three cases would be most likely
scenarios for off-control flights.
Resultant velocity (m/sec)

Altitude (factor*m)

were obtained due to a control-fixed combination of elevator
and throttle. Altitude loss is more pronounced for M=0.9, as
flight speed is approaching the transonic regime, efficient
simultaneous control of elevator and throttle turns out to be a
necessity for the B747-100 airborne.

50

100

150

200
250
Time (sec)

300

350

400

Fig. 5 Pitch angle simulations of stick-fixed B747-100 longitudinal trim
perturbation at three flight conditions
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−1141.41
−0.053
321.59
4.699
5.003
395.76
−110.03
0.653
0.0
−6.42
0.00011 −15.32 −128.04 −219.27
358.09
0
4
0
0
0
[ 0
]
0
2.47
0
−2

−0.81 −195.39
−0.041 52.30
1.51
0.0
0.67
−1.46
99.38
−26.56
0.0011 15.87 −215.38 −53.87 −11.56
0
0
0
4
0
[ 0
]
2.07
−1
0
0
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TABLE VII
BOEING 747-100 LONGITUDINAL STABILITY CHARACTERISTICS WITH

method. Those simulations converge for three altitudes at
three Mach numbers. They were levelled in few seconds (less
than 10sec) at 5.7858×10-2m, 6095m and 12190m in
corresponding with sea level, 20,000 and 40,000ft respectively.
Hoverer, considerably small overshoots less than three percent
were found at less than 10sec for the three cases. Elevator and
throttle (in tandem configuration) were doing greatly to obtain
converged altitudes at three flight conditions. The response of
M=0.5 was found a bit faster than those at M=0.2 and 0.9.

CONTROL ON AT THREE FLIGHT STATES

M=0.5
and
20,000ft
M=0.9
and
40,000ft

B
0.293
0.305
−0.298 −0.006
−3.012 4.784
0
0
[ 0
0 ]
0.420
0.615
−0.393 −0.007
−8.704 6.004
0
0
[ 0
0 ]
0.238
0.305
−0.432 −0.009
−9.736 6.105
0
0
[ 0
0 ]

1.5
M=0.9 at 40,000ft

Now, the stability of longitudinal motion was re-evaluated
by obtaining the eigenvalues of the controlled state matrix
(AC). The characteristic equations with the resulting
eigenvalues of the closed loop system are shown in Table VIII.
The characteristic equations are of the 5th order in s Laplace
variable. However, no pole-zero cancellations were found.
The eigenvalues show the longitudinal dynamic motion has
enhanced by moving farther away from the eigenvalues closer
to the imaginary axis. Negative conjugate eigenvalues were
found at M=0.2 comparing with negative real eigenvalues at
M=0.5 and M=0.9. However, the eigenvalue at the origin was
now moved into the left s-plane although it was very close to
the imaginary axis. It declared the plane may be dynamically
stable to perform trimmed flight at three conditions. The
improved dynamic responses of the plane system can be
clearly seen in following analyses for stick-free B747-100
longitudinal flight.

Altitude (m×10000)

Flight Conditions
M=0.2
and
Sea-level

0.6
0.3
0
0

-5

x 10
0.75
0.5
0.25
0
0 5 10 15 20 25

5

10

15

4.7858e-6

20 25 30
Time (sec)

35

40

45

50

Pitch rate responses at the three abovementioned flight
conditions are shown in Fig. 8. Convergence to zero pitch rate
is obtained using LQR control within less than 10 seconds and
without oscillations as seen in Fig. 4. This ensures
longitudinal trimmed flight when the pitch angle reaches zero.
The conditions M=0.2 and 0.9 produce comparable peaks of
1.7×10-3rad/sec after approximately 2 seconds but a lower
peak of 4×10-4rad/sec is observed when M=0.5 after
approximately 1 second. The response at M=0.5 is less
susceptible to pitch rate impacts on longitudinal stability
compared to M=0.2 and 0.9.
×104
-3

Characteristic equations

Eigenvalues

s5 + 133.7s4 + 3689s3
+3086s2 + 1545s
+2026 = 0
s5 + 238.1s4 + 1578s3
+19520s2 + 35710s
+1821 = 0
s5 + 242s4 + 6034s3
+27550s2 + 12060s
+446.6 = 0

-99.78
-16.683 ± 3.4421i
-0.2624 ± 0.0334i

Pitch rate (rad/sec)

SYSTEM ON AT THREE FLIGHT STATES

M=0.9
and 40,000ft

1.219

Fig. 7 Altitude response of stick-free B747-100 longitudinal trim perturbation
at three flight conditions

BOEING 747-100 LONGITUDINAL FLIGHT CHARACTERISTICS WITH CONTROL

M=0.5
and 20,000ft

M=0.2 at sea level

0.6095

0.9

TABLE VIII

Flight
Conditions
M=0.2
and
Sea level

M=0.5 at 20,000ft

1.2

-119.82, -102.99
-13.09, -2.15, -0.053
-214.5, -21.78, -5.28,
-0.443, -0.041

The simulations of altitude-hold under control at three
flight conditions are shown in Fig. 7. Altitude plots were
normalised by 10000 for tight comparison. The close-up view
of the M=0.2 plot is made to show the detailed tendency. And
satisfactorily required altitudes were obtained due to the
control on combination of elevator and throttle using the LQR

2 x 10
1.5
1
0.5
0
-0.5
-1
-1.5
-2
0
5

M=0.9 at 40,000ft
M=0.5 at 20,000ft
M=0.2 at sea level

10

15

20 25 30
Time (sec)

35

40

45

50

Fig. 8 Pitch rate response of stick-free B747-100 longitudinal trim
perturbation at three flight conditions

Pitch angle responses at three flight conditions based on
control on the flight are shown in Fig. 9. Yet again, wild
oscillations that were seen in Fig. 5 had disappeared by
applying the LQR controller. Likewise, observations on the
pitch rate in Fig. 6, the pitch attitude behaves in a similar
mode as the pitch attitude is the integration of pitch rate. Pitch
attitudes converged well at three conditions of levelled
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Fig. 9 Pitch angle response of stick-free B747-100 longitudinal trim
perturbation at three flight conditions

Resultant velocity (m/sec)

The changes in the resultant velocity responses at the
abovementioned three flight conditions are shown in Fig. 10.
Large oscillations seen in Fig. 6 died out with the LQR
elevator and throttle control inputs turned on. Small
overshoots of less than 3% were obtained for all three flight
conditions. Velocities at those three conditions converged to
68.2, 170.5 and 306.9m/sec for M=0.2, 0.5 and 0.9
respectively. In all three cases, the desired velocities are
tracked within 100 seconds.
450
400
350
300
250
200
150
100
50
0
0

elevator is considered to be negative, and the down deflection
is taken to be positive. A negative elevator deflection
therefore leads to a nose-up response. However, the forward
push of throttle lever (positive displacement) results in a
positive increase in thrust, and it is usually expressed in
degrees (1° throttle corresponds to 0.3W thrust change) [1].
The servo constants were set to obtain practical elevator
deflections from -0.542rad to 0.345rad (i.e., maximum 51°)
and the throttle command from -0.436rad to 0.786rad (i.e.,
maximum 70°). However, trim attitude ranges from -0.234rad
(-13.5°) to 0.069rad (4°). These values are shown for the
B747-200 model [15] and the B747-400 model [16], and thus
being taken to arbiter the fly qualities of the B747-100 model
as assumed the same.
Fig. 11 spectacles the control efforts for B747-100
longitudinal dynamics at M=0.2 and sea level. Elevator
reached the steady deflection of 0.25rad (14.32°) and throttle
excited to reach the steady of 0.23rad (13.17°), both in about
23sec. The peaks of 0.0.29rad and 0.26rad produced in turn by
elevator and throttle commands at 4.1sec to tackle the pitch
rates’ peaks seen in Fig. 8. It seemed both actuations did a
comparable duty for a longitudinal flight at M=0.2 in the case
of handling coupling variables when they would be used to
control them. And such a coupling action causes violence on
the convention of elevator deflection since nose-up plane
would be as shown in Fig. 9 of 0.34° pitch attitude. Clearly,
the plane used it to prepare for landing as the gear up and flap
reacted [14].
0.4

Control effort (rad)

longitudinal flight with slightly pitch attitudes of about 6×10 3
rad (0.344deg.), -1.01×10-3rad (-0.058deg.) and -5.7×10-3rad
(-0.327deg.) at M=0.2, 0.5 and 0.9 respectively. Again flights
at M=0.5 and 0.9 made the B747-100 level cruise pitching
nose down as result of the elevator deflected up which is
opposite to the M=0.2 case. However, trim position ranges
from -0.234rad (-13.5°) to 0.069rad (4°), [15], [16]. The
settling down of pitch attitude took about 2.5 sec at M=0.5
while at M=0.2 and 0.9 took about 10sec. Clearly, the plane
pitches at very low incidences which seem reasonable
circumstances for a longitudinal level trim flight at those
flights.

0.3
0.2

0
0

M=0.9 at 40,000ft
M=0.5 at 20,000ft
M=0.2 at sea level

Elevator deflection
Throttle actuation

0.1
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80

90

100

Time (sec)

306.9

Fig. 11 Control efforts for B747-100 longitudinal trim at M=0.2 and sea level

170.5
68.2

20
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60

80 100 120 140 160 180 200
Time (sec)

Fig. 10 Resultant velocity response of stick-free B747-100 longitudinal trim
perturbation at three flight conditions

D. Control inputs vs. CG shift

Fig. 12 spectacles the control efforts for B747-100
longitudinal dynamics at M=0.5 and 20,000ft. Elevator
reached steady deflection of 0.31rad (17.76°) in about 20sec
whereas throttle actuated to reach 0.58rad (33.2°) in about
50sec. It seemed that the throttle doubled its action by
increasing the thrust and augmenting the heading speed as
shown in Fig. 10 comparing with M=0.2. However, the
elevator just excited to perform additional 3.44°. No peaks
appeared in comparison with Fig. 11. The nose-down plane
would be to descent from 20,000ft, as shown in Fig. 9 of 0.058° pitch attitude.

The dynamic performance of the B747-100 system during
longitudinal trimmed flight was significantly affected by
actuator commands. As a convention, the up deflection of the
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Control effort (rad)

0.8
0.6
0.4
0.2
0
0

Elevator deflection
Throttle actuation

10

20

30

40

50 60
Time (sec)

70

80

90

100

Fig. 12 Control efforts for B747-100 longitudinal trim at M=0.5 and 20,000ft

0.41rad (23.49°) respectively. The allowable position of CG
shift during take-off cannot exceed 25% MAC [17]. The
maximum throttle excitation of 0.58rad (33.2°) occurred at
M=0.5 and 20,000ft as CG travelled in the range of 13% to 33%
MAC whereas the lowest of 0.23rad (13.17°) happened at
M=0.2 and sea level as CG travelled in the range of 11% to 13%
MAC. Also, the maximum elevator deflection of 0.31rad
(17.76°) occurred at M=0.5 and 20,000ft whereas the lowest
of 0.245rad (14.04°) happened at M=0.9 and 40,000ft, as CG
travelled in the range of 13% to 33% MAC. The time constant
ratio of throttle to elevator ranges from 15 to 35 [1]. That
means the A/C system needed more throttle power than
elevator due to considerable associated lag.
0.31

0.3

Control effort (rad)

0.28

0.67
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0.52
0.47
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0.37
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M=0.2 and sea level
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Fig. 14 The control efforts as CG shifts during three conditions of B747-100
longitudinal flight
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Throttle actuation
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0
0

0.29

Control effort (rad)

Fig. 13 spectacles the control efforts for B747-100
longitudinal dynamics at M=0.9 and 40,000ft. Elevator
reached steady deflection of 0.245rad (14.04°) in about 50sec
and throttle actuated to reach about 0.41rad (23.49°) in about
60sec. The throttle augmented the heading speed as shown in
Fig. 10 comparing with at M=0.5 and M=0.2, even though its
magnitude was lower than M=0.5. It thought that the throttle
at M=0.5 was used to maintain altitude as well. However,
almost comparable elevation deflections were applied at both
M=0.2 and 0.9. Elevator action settles down quicker than
throttle command. The nose-down plane, as shown in Fig. 9 of
-0.33° pitch attitude, would be to descent from 40,000ft.
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Time (sec)

70

80

90

100

Fig. 13 Control efforts for B747-100 longitudinal trim at M=0.9 and 40,000ft

Fig. 14 categorises the control efforts as CG shifts during
three conditions of B747-100 longitudinal flight. As the plane
flown along the flight envelope the position of CG
accordingly changes, and during which dynamic stability is
being managed by elevator and throttle actions required to
control longitudinal mission. The CG shifts for the Boing 747400 were adopted to carry out the analysis here [17]. As seen
in Fig. 14, the CG position at M=0.2 and sea level fluctuated
from 11% to 13% mean aerodynamic centre (MAC) in which
the elevator and throttle were excited to 0.25rad (14.32°) and
0.23rad (13.17°) respectively. The CG position of M=0.5 at
20,000ft fluctuated from 13% to 33% MAC in which the
elevator and throttle were excited to 0.31rad (17.76°) and
0.58rad (33.2°) respectively. The CG position of M=0.9 at
40,000ft fluctuated from 13% to 33% MAC in which the
elevator and throttle were excited to 0.245rad (14.04°) and

IV. CONCLUSIONS
An LQR reference tracking regulator was designed to
control the coupled longitudinal dynamics states using both
elevator and throttle commands. This LQR approach achieves
swift damped responses for the B747-100 longitudinal trim
with CG variation. The airplane is shown to be dynamically
stable with good flight handling characteristics with coupled
stick-free elevator and throttle control. Simulations of the
stick-fixed case have shown highly oscillatory responses of
longitudinal variables for all three conditions on the CG
location. Long period phugoid modes were observed. Its scale
is long enough to justify the use of an efficient stability
augmentation system. Although the airplane did not have
unstable eigenvalues, dynamic stability was unsatisfactory due
to oscillatory responses with large overshoots and altitudedivergence. The controlled plane simulations show that
reasonable performance specifications are met through
weighted LQR matrices for each flight case in terms of control
effort and time response. A CG shift flight envelope has been
correlated with the elevator and throttles control actions and
the intermediate altitude between the lowest and highest under
consideration here was found to lead to the highest energy
consumption. This indicates that the altitude where LQR
should be implemented may be another optimisation problem
for future consideration.
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Abstract—This paper presents an application that improves the
circuit performance of a multifunction analog filter by employing
second generation inverting composite current conveyor
(ICCCII) as active element in the same circuit topology which is
employing second generation inverting current conveyor
(ICCII). ICCCII used in this work is implemented by using two
current conveyors as sub-circuit. The validity of the presented
application is verified and a comparative performance analysis is
done by PSPICE simulation program using MOSIS 0.35 μm
CMOS process parameters . Simulation results are included to
demonstrate that employing ICCCII significantly improves the
performance and working accuracy of the circuit when
compared to the same topology employing ICCII.
Keywords—Composite current conveyor, second generation
inverting current conveyor, multifunction filter, CMOS, circuit
simulation

I. INTRODUCTION
The current conveyor is a versatile active building block
and it is still popular to employ it as active element in analog
circuit design. Different types of current conveyor enable the
researchers to design multipurpose circuits. In recent years,
second generation current conveyors (CCIIs) have found
wide application in realization of active filters and sinusoidal
oscillators in both voltage-mode and current-mode circuits
since it has one high impedance input, one low impedance
input and one high impedance output [1],[2]. The composite
current conveyor is constructed to provide current gain,
reduce parasitic resistance and enhance the input impedances
that are advancements when compared to the conventional
current conveyor. There are some implementation techniques
of composite current conveyor available in the literature [3][6]. However it has some advantages which are mentioned
above, in the literature we have found, none of filter circuit is
employing inverting composite current conveyor. Furthermore,
none of comparative study has been done to mention the
advancements of employing composite current conveyor
against conventional current conveyor in any filter application.
The purpose of this work is to present a second generation
inverting composite current conveyor based multifunction
filter with improved performance against to the same circuit

topology which is employing second generation inverting
current conveyor and carry out a comparative performance
analysis between them.
The outline of this paper is as follows: In section 2, the
circuit description of second generation inverting composite
current conveyor is given. The circuit topology used for
performance comparison is presented in section 3. Routine
circuit analysis is also done in this chapter. In section 4,
simulation results including frequency responses and total
harmonic distortion (THD) values of the presented circuit are
given and a comparative study is carried out to represent the
improvements achieved by using inverting composite current
conveyor. Finally, the conclusion presents the outcome of the
work in section 5.
II. SECOND GENERATION INVERTING
COMPOSITE CURRENT CONVEYOR
The second generation inverting composite current
conveyor is a three terminal building block and it’s schematic
symbol is as shown in Fig. 1.

VY
VX

IY
IX

Y
ICCCII

Z

IZ Vz

X

Fig. 1 The schematic symbol of ICCCII

The defining equation of ICCCII can be given as
𝐼𝑌
0
[𝑉𝑋 ] = [ −1
𝐼𝑍
0

0
0
±1

0 𝑉𝑌
0] [ 𝐼𝑋 ]
0 𝑉𝑍

(1)

The positive sign at the third row denotes ICCCII+,
whereas the negative sign denotes ICCCII-. Composite current
conveyor implementation is based on a technique to enhance
the performance of the current conveyor by either lowering
the x-terminal impedance or enhancing the y-terminal
admittance. This provides the composite current conveyor
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based circuits have better output characteristics when
compared to the same circuit topology employing
conventional current conveyor. The ICCCII used in this work
is constructed of two second generation current conveyors as
shown in Fig.2.

following transfer function

Vout Y1  Y2

Vin Y1  Y3
Y1

ICCCII+
ICCII+

Vin

CCII+

Y

Y

Y
Z

Y

Vout

ICCCII+ Z

Z
X

Z

X

X

(2)

X

CC1

CC2

Y3

Y2

Fig. 2 ICCCII implementation using ICCII

Fig. 3 ICCCII+ based multifunction filter

III. CIRCUIT TOPOLOGY
The ICCCII based voltage-mode multifunction filter
topology is shown in Fig. 3. This topology is modified by
replacing the ICCII in the circuit of [7] by ICCCII.
The routine analysis of the circuit using (1) yields the

As it is seen from Table I, low-pass, high-pass, band-pass,
all-pass and band-stop (notch) filter circuits can be realized by
different combinations of the three admittances. Radian
frequency and quality factor equations of the resulted circuits
are also given in the same table.

TABLE I
ADMITTANCE COMBINATIONS, RADIAN FREQUENCY AND QUALITY FACTOR EQUATIONS OF THE FILTERS

Filter
Type

LP

HP

BP

BS/AP

Y1

Y1  G1  G2

Y1  sC1  sC2

Y1  0

Y1  sC1  G1

Y2

Y2 

Y2 

Y2 

Y2 

Y3

Radian
Frequency

1
1
1

sC 2 G 2

Y3  sC 3

0 

G1G2
C 2 C3

Q

Y3  G3

0 

G2 G3
C1C 2

Q

Y3  sC 3  G3

0 

G2 G3
C 2 C3

Q

Y3  0

0 

G1G2
C1C 2

Q

1
1
1

sC 2 G2

1
1
1

sC 2 G2
1
1
1

sC 2 G2

Quality Factor

- 126 -

C 2 C 3 G1G 2
C 3 G 2  C 2 G1

C1C2G2 G3
C2 G3  C1G2

C2 C3G2 G3
C2 G3  C3G2

C1C2 G1G2
C1G2  C2 G1

6th International Conference on Advanced Technology & Sciences (ICAT'Riga)

Sep 12-15, 2017, Riga/LATVIA

___________________________________________________________________________________________________________

The conditions must be satisfied for band-stop and all-pass
filters are as follows:

ICCCII based circuit. The frequency deviation error is 1.31 %
for ICCII based circuit and 0.37 % for ICCCII based circuit.

(C1G2  C2G1  C2G2 ) (for BS filter)
(C1G2  C2G1  C2G2 )  (C1G2  C2G1 ) (for AP filter)

TABLE III
PASSIVE COMPONENT VALUES

The sensitivity of radian frequency to the passive
components are all calculated as
𝜔

𝜔

𝜔

𝜔

𝜔

𝜔

𝑆𝑅10 = 𝑆𝑅20 = 𝑆𝑅30 = 𝑆𝐶10 = 𝑆𝐶20 = 𝑆𝐶30 = −1/2

Filter
Type
LP

R1

R2

R3

C1

C2

C3

500 Ω

500 Ω

-

-

300pF

300pF

HP

-

500 Ω

500 Ω

300pF

300pF

-

BP

-

500 Ω

500 Ω

-

300pF

300pF

AP

500 Ω

125 Ω

-

300pF

1.2 nF

-

BS

1kΩ

500 Ω

-

150pF

300pF

-

(3)

As it is shown in (3), the sensitivities of passive components
are less than unity.
IV. SIMULATION RESULTS
The proposed circuit’s performance has been evaluated by
PSPICE simulation program using MOSIS 0.35 μm CMOS
process parameters. The circuit schematic of CMOS ICCII
used to implement ICCCII is shown in Fig. 4. This circuit is
obtained by grounding the Y1 and Y3 terminals of CMOS
DDCC circuit which is reported in [8]. W/L parameters of
MOS transistors used in simulation are given in Table II.

Fig.5 and Fig. 6 show the comparison of frequency
responses of the filter employing ICCCII against to the same
filter topology employing ICCII. As it is seen from the figures,
the frequency responses of the circuit are improved by
employing ICCCII as active element instead of ICCII.
20
CMOS ICCII:
Composite:

0

Gain (dB)

-20

-40

-60

Fig.4 Circuit schematic of CMOS ICCII

-80
1E+2

TABLE II
DIMENSIONS OF TRANSISTORS

W(μm)
0.5
30
7
2
5
1
5
10
20
0.5
2
10
0.5
1

1E+4

1E+5

1E+6

1E+7

1E+8

1E+9

Frequency (hz)

Fig.5 Comparison of frequency responses of the multifunction filter

L(μm)
2.5
2.5
0.5
0.5
0.5
2
0.5
0.5
0.5
0.5
0.5
0.5
0.5
0.5

CMOS ICCII:
Composite:

4

Gain (dB)

Transistor
M1-M4
M1A-M4A
M5A,M5B,M5C,M5D
M6-M7
M8
M9
M10-M11
M12-M13
M1P-M3P
M4P
M5P-M7P
M1N-M3N
M4N
M5N-M7N

1E+3

0

-4

The circuit is supplied with symmetrical voltages of ±1.5 V.
The biasing voltage is taken as VBB = −0.5 V. The passive
component values choosen in simulation are given in Table III.
Taking these values, the central frequency (f0 ) is calculated
as 1.061 MHz which is very close to the simulated value of f0
is 1.047 MHz for ICCII based circuit and 1.057 MHz for
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1E+4
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1E+6

1E+7

1E+8

Frequency (hz)

Fig.6 Comparison of all-pass filter responses
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The distortion performance of the filter circuits is
comparatively measured and the results are given in Table IV.
Voltage tracking errors of ICCII and ICCCII are sketched in
Fig. 7. It can be clearly seen that in higher frequency ranges,
the ICCCII has significantly better voltage tracking error
performance. Up to 200 MHz frequency range, the error
remains below 4 %.
TABLE IV
THD RESULTS OF THE FILTERS

Filter Type
LP
HP
BP
AP

ACKNOWLEDGMENT
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THD (%)
Circuit employing
Circuit employing
ICCII
ICCCII
1.46
0.55
1.55
0.77
1.69
0.69
2.35
0.75

2.0
CMOS ICCII:
Composite:

1.6

Vx / Vy

1.2

0.8

0.4

0.0
1E+0

1E+1

1E+2

1E+3

1E+4

1E+5

1E+6

1E+7

1E+8

simulation program. A comparative performance analysis is
carried out to demonstrate the improvements of the circuit
employing inverting composite current conveyor against the
same circuit topology employing inverting current conveyor.
From the simulation results it is seen that the frequency
responses, working accuracy and distortion performance
characteristics of the circuit are improved with the presented
application.

1E+9

Frequency (hz)

Fig. 7 Comparison of voltage tracking errors

V. CONCLUSIONS
An application to improve the circuit performance of a
voltage-mode multifunction filter by employing second
generation inverting composite current conveyor is presented.
The workability of the circuit is validated by PSPICE
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Abstract— In this study, mixed convection flow in a cavity
filled with Fe3 O4 -water under the effect of a magnetic field
is investigated numerically. Induced magnetic field is taken
into account, and the governing dimensionless equations in the
form of stream function, vorticity, temperature and magnetic
induction terms are solved utilizing radial basis function based
pseudo spectral (RBF-PS) method. The parameters in the range
of Rayleigh number Ra = 103 to Ra = 105 , Hartmann
number Ha = 1 to Ha = 200, magnetic Reynolds number
Rm = 1 to Rm = 100 and solid volume fraction χ = 0
to χ = 0.2 are performed in the computations. In numerical
results, streamlines, isotherms, vorticity contours and induced
magnetic field lines are presented as well as the average Nusselt
number through the heated wall. Convective heat transfer and
fluid flow decrease imposing the magnetic field. The increase
in the concentration of Fe3 O4 nanoparticles causes convective
heat transfer to increase inside the cavity.
KeywordsNanofluid, Magnetite (Fe3 O4 ), mixed convection
flow, MHD convection, Radial basis function

II. M ATHEMATICAL BASIS AND P ROBLEM S ETUP
The two-dimensional, unsteady, laminar, Newtonian and
incompressible flow is considered. Nanoparticles (Fe3 O4 )
and the base fluid (pure water) are in thermal equilibrium,
and their thermophysical properties are given in Table I.
The thermo-physical properties of nanofluid is assumed
constant except the density variation treated by Boussinesq
approximation. The magnetic Reynolds number Rm ≫ 1 is
assumed. This means that the induced magnetic field emerges
inside the cavity.
Physical Properties
ρ(kg/m3 )
cp (J/(kgK))
k(W/(mK))
β × 10−5 (1/K)
σ(S/m)

Base fluid
997.1
4179
0.613
21
0.05

Fe3 O4
5200
670
6
1.3
25000

TABLE I: Thermo-physical properties of H2 O and Fe3 O4 .
I. I NTRODUCTION
In order to enhance the heat transfer, nanoparticles are
added to the traditional liquids (water, ethylene glycol,
kerosene). Nanofluids have taken great attention due to the
various applications such as nuclear reactors, food processing, electronic cooling, and chemical processes.
There are a considerable amount of numerical studies
on convective heat transfer and MHD flow in nanofluidfilled cavities. Finite volume method [9], [12], [13], [14],
[22], lattice boltzmann method [1], [6], [7], [8] and finite
difference method [21] are the most applied methods in these
studies. Ferrofluids are encountered in [7], [8], [14], [15],
[16], [18], [19], [20].
In this paper, mixed convection flow is numerically solved
by radial basis function based pseudo spectral (RBF-PS)
method in a lid-driven, Fe3 O4 -water nanofluid filled cavity.
The method provides to solve the problem at a small number
of grid points. To the best of author’s knowledge, induced
magnetic field with a ferrofluid is also firstly taken into
account. The main goal is to investigate behaviour of heat
transfer and fluid flow under the effect of concentration of
nanoparticles and, applied and induced magnetic field.
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The continuity, momentum, energy and induction equations in dimensional form are as follows
∂u ∂v
+
=0
(1a)
∂x ∂y
µnf 2
∂u
∂u
∂u
1 ∂P
∇ u=
+u
+v
+
+
ρnf
∂t
∂x
∂y
ρnf ∂x


By
∂By
∂Bx
+
−
(1b)
ρnf µm
∂x
∂y
µnf 2
∂v
∂v
∂v
1 ∂P
∇ v=
+u
+v
+
− βnf g(T − Tc )
ρnf
∂t
∂x
∂y ρnf ∂y


Bx
∂By
∂Bx
−
−
(1c)
ρnf µm
∂x
∂y
∂T
∂T
∂T
αnf ∇2 T =
+u
+v
(1d)
∂t
∂x
∂y
1
∂Bx
∂Bx
∂Bx
∂u
∂u
∇2 Bx =
+u
+v
− Bx
− By
σnf µm
∂t
∂x
∂y
∂x
∂y
(1e)
1
∂By
∂By
∂By
∂v
∂v
∇2 By =
+u
+v
− Bx
− By ,
σnf µm
∂t
∂x
∂y
∂x
∂y
(1f)
where density, the heat capacitance, the thermal expansion
coefficient, the thermal diffusivity, the dynamic viscosity, the
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thermal conductivity and the electrical conductivity of the
nanofluid, respectively, are [3], [9], [10], [14]
ρnf = χρs + (1 − χ)ρf
(ρcp )nf = χ(ρcp )s + (1 − χ)(ρcp )f

(2)
(3)

βnf = χβs + (1 − χ)βf
knf
αnf =
(ρcp )nf
µf
µnf =
(1 − χ)5/2
ks + 2kf − 2χ(kf − ks )
knf = kf
ks + 2kf + χ(kf − ks )
ξ + 2 + 2χ(ξ − 1)
σnf = σf
,
ξ + 2 − χ(ξ − 1)

(4)
(5)
(6)
(7)
(8)

and µm is the magnetic permeability of the nanofluid, χ =
χs /χf is the solid volume fraction and ξ = σs /σf .
The dimensionless variables are defined in order to obtain
non-dimensional governing equations as
x
y
u ′
v
T − Tc
x′ = , y ′ = , u′ =
,v =
, T′ =
,
L
L
V0
V0
Th − Tc
tV0 ′
p
Bx
By
t′ =
,p =
, Bx′ =
, By′ =
,
(9)
2
L
ρnf V0
B0
B0
where L is the characteristic length, V0 is the lid velocity
and B0 is the magnitude of the applied magnetic field.
These dimensionless variables in Eq.(9) are substituted
into Eq.(1). The prime notation is dropped, and u − v −
p − T − Bx − By form of the dimensionless equations are
obtained. Then, velocity components are defined in terms
of stream function as u = ∂ψ/∂y, v = −∂ψ/∂x which
satisfy the continuity equation. Pressure terms are eliminated
in momentum equations applying the definition of vorticity
∂v
∂u
as ω =
−
. By this way, vorticity transport equation
∂x
∂y
is deduced. Thus, the non-dimensional governing equations
in terms of stream function ψ, vorticity ω, temperature T ,
magnetic induction components Bx and By are obtained as

Rayleigh number Ra and Hartmann number Ha are
νf
V0 L
, Re =
,
αf
νf
r
gβf ∆T L3
σf
Ra =
, Ha = B0 L
,
αf νf
µf

Rm = V0 Lσnf µm , P r =

where ∆T = Th − Tc .
The problem configuration is depicted in Fig.1. The left
wall is the hot Th = 1 and moving wall with velocity V0 = 1,
and the right wall is the cold Tc = 0 wall. The black thick
walls are adiabatic in which ∂T /∂n = 0. A magnetic field
in magnitude B0 is applied with an angle φ. In this case,
boundary conditions of induced magnetic field components
become Bx = B0 cos φ and By = B0 sin φ everywhere on
the boundary. No slip boundary conditions (u = v = 0) on
each walls are imposed, and also ψ = 0 on each walls.
V0
y

B0

φ

Th

v

g
u

Tc

x
Fig. 1: Problem Configuration.

III. A PPLICATION

OF THE

N UMERICAL M ETHOD

The non-dimensional governing equations are approximated by radial basis function based pseudo spectral (RBFPS) method. The novel books [4], [5] involve concise explanations and examples on RBFs.
RBFs approximate an unknown ϕ (ψ, T, Bx , By or ω) in
a diffusion-convection type equation, ∇2 ϕ = u · ∇ϕ, as

∇2 ψ = −ω
(10a)
1
∂B
∂B
∂B
∂u
∂u
x
x
x
∇2 Bx =
+u
+v
− Bx
− By
Rm
∂t
∂x
∂y
∂x
∂y
NX
b +Ni
(10b)
ϕi =
αj fij ,
(11)
1
∂By
∂By
∂By
∂v
∂v
j=1
2
∇ By =
+u
+v
− Bx
− By
Rm
∂t
∂x
∂y
∂x
∂y
(10c) where Nb is the number of boundary nodes, Ni is the number
of interior nodes, f ’s are RBFs depending on radial distance
1 αnf 2
∂T
∂T
∂T
∇ T =
+u
+v
(10d) r = ||x−xj || (x = (x, y) is the field point and xj = (xj , yj )
P rRe αf
∂t
∂x
∂y
is the collocation point), and αj ’s are initially unknown
1 ρf µnf 2
∂ω
∂ω
∂ω
Ra βnf ∂T
coefficients.
∇ ω=
+u
+v
−
Re ρnf µf
∂t
∂x
∂y
P rRe2 βf ∂x
Eq.(11) can also be expressed in matrix-vector form as
(10e)






ϕ = F α,
(12)
Ha2
∂ ∂By
∂Bx
∂ ∂By
∂Bx
−
Bx
−
+ By
−
,
ReRm
∂x ∂x
∂y
∂y ∂x
∂y
where the matrix F is of size (Nb + Ni ) × (Nb + Ni ), and
where the dimensionless parameters magnetic Reynolds the coefficient vector α is {α1 , . . . , αNb +Ni }. Equivalently,
number Rm, Prandtl number P r, Reynolds number Re, α = F −1 ϕ.
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Using Eq.(11) and Eq.(12), the first and second order space
derivatives of ϕ are derived as
∂ϕ
∂F
∂F −1
=
α=
F ϕ,
∂x
∂x
∂x

∂ϕ
∂F
∂F −1
=
α=
F ϕ,
∂y
∂y
∂y
(13)
 
2
2
2
2
∂ ϕ
∂ ∂ϕ
∂ F −1
∂ ϕ
∂ F −1
=
=
F ϕ,
=
F ϕ.
∂x2
∂x ∂x
∂x2
∂y 2
∂y 2
(14)
Using Eqs.(13)-(14), and Backward-Euler method for the
time derivatives, an iterative system on non-dimensional
equations Eq.(10) are built as
D2 ψ n+1 = −ω n

(15a)

un+1 = Dy ψ n+1 , v n+1 = −Dx ψ n+1
Bn
ΩBxn+1 = − x − [Bx ]nd Dx un+1 − [By ]nd Dy un+1
∆t
Byn
n+1
ΩBy = −
− [Bx ]nd Dx v n+1 − [By ]nd Dy v n+1
∆t


1 αnf
I
Tn
D2 −
− M T n+1 = −
P rRe αf
∆t
∆t


n
1 ρf µnf
I
w
D2 −
− M wn+1 = −
Re ρnf µf
∆t
∆t
Ra βnf
n+1
−
Dx T
P rRe2 βf

Ha2
−
B n+1 (Dxx Byn+1 − Dxy Bxn+1 )
ReRm x

+ Byn+1 (Dyx Byn+1 − Dyy Bxn+1 ) ,

(15b)

(15d)

Z

1
0

∂T
dy.
∂x

0.9

0.8
0.7

0.6
0.5

0.4

0.2
0.1

0
0

0.1

0.2

0.3

0.4

0.5

0.6

0.7

0.8

0.9

1

Fig. 2: Node distribution.
Table II shows well agreement of the proposed scheme
with the benchmark problem described in [11]. γ is fixed
at 0.1, and ∆t is changed. The reverse would also be
possible. However, decreasing γ is resulting with much more
iterations.
(15f)

(16)

in which ϕ1 = ψ, ϕ2 = Bx , ϕ3 = By , ϕ4 = T, ϕ5 = w.
The average Nusselt number through the heated wall is
computed by
knf
kf

1

(15e)

Once the vorticity equation is solved, a relaxation parameter
0 < γ < 1 is used as wn+1 ← γwn+1 + (1 − γ)wn .
The iteration continues until the following criterion is
satisfied
5
X
||ϕn+1
− ϕnk ||∞
k
< 10−5 ,
(17)
n+1
||ϕ
||
∞
k
k=1

Nu = −

The physical parameters P r = 6.8 and Re = 100 are
fixed. The polyharmonic spline RBF, f = r7 , is used. The
implementations are done in MATLAB.
The grid distribution is set up as given in Fig.2.

0.3

(15c)

−1
−1
where Dx = ∂F
, Dy = ∂F
, Dxx =
∂x F
∂y F
2
2
2
∂ F −1
∂ F −1
∂ F
−1
, Dyy = ∂y2 F , Dxy = ∂x∂y F
= Dyx , D2 =
∂x2 F

n+1
Dy , Ω =
Dxx + Dyy , M =
[u]n+1
D
+
[v]
x
d
d
D2
I
Rm − ∆t − M , I is the identity matrix, and n shows the
iteration number.
Initially, ψ, T, Bx , By and ω are taken as zero except on
the boundary. The unknown vorticity boundary conditions
are managed by using the definition of vorticity

wbc = ∇ × u = Dx v n+1 − Dy un+1 .

IV. N UMERICAL R ESULTS

(18)
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Ra
103
104
105
106

[11]
1.117
2.244
4.521
8.824

Present
1.1178
2.2461
4.5261
8.8336

(Nb , Ni )
(64, 516)
(64, 516)
(80, 724)
(96, 964)

∆t
0.01
0.01
0.01
0.001

TABLE II: Comparison of N u.
Nb = 96, Ni = 964 number of grid points are carried out
in the computations regarding to the Table III.
N b , Ni
88, 840
96, 964
104, 1096
112, 1236

Nu
8.33
8.32
8.31
8.31

TABLE III: Grid independence in case of Ha = Rm =
10, Ra = 105 , χ = 0.04, φ = π/2.
Fig.3 examines the effect of the magnitude of the applied
magnetic field. As Ha increases, streamlines are divided
into secondary vertex (Ha = 200), and also the effect of
moving lid on primary vortex almost disappears. Isotherms
almost become perpendicular to the top and bottom walls
pointing to the conductive behaviour. The higher intensity of
the applied magnetic field suppresses the induced magnetic
field as seen in induced magnetic field lines, and also inhibits
the lid movement. Vorticity almost becomes stagnant at the
center.
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The magnetic Reynolds number variation is illustrated
in Fig.4. As Rm increases, induced magnetic field lines
circulate in the direction of moving lid due to the increase
in advection effect of external magnetic field. No significant
effect on other contours is observed.
The augmentation in Ra is pronounced in isotherms in
Fig.5. Isotherms strongly circulate inside the cavity in the
direction of movement of lid exhibiting high convective
effect due to the increase in buoyancy-driven convection.
Fig.6 shows the variation of the average Nusselt number
with Hartmann number, magnetic Reynolds number, angle of
the applied magnetic field and Rayleigh number, respectively,
in different concentrations of nanoparticles. In Fig.6a, the
first outstanding case is to note that heat transfer enhancement decreases with the increase in χ for Ha > 40. For
large values of Ha (Ha ≥ 80), the effect of χ almost
disappears and retarding effect of Lorentz force dominates
over the mixed convection flow.
N u increases with the increase in Rm in Fig.6b. Also,
convective heat transfer is pronounced as the solid volume
fraction increases.
Fig.6c presents the N u variation in different angles of
applied magnetic field. A symmetric pattern occurs. The
highest convective heat transfer is seen at φ = 0 and φ = π.
This may be due to the accelerating behaviour of applied
magnetic field from left to right while the heat rises in the
direction of moving lid on the left wall. On the contrary,
rising heat is suppressed with the applied magnetic field at
an angle φ = 3π/4.
Fig.6d also confirms that the convective heat transfer
becomes prominent as Ra increases at any χ. N u values are
much closer to each other at Ra = 103 than Ra = 105 for
any χ. This points that heat transfer enhancement remarkably
occurs at a large Ra with a higher χ value.
V. C ONCLUSIONS
In this study, mixed convection flow in a square cavity
filled with a ferrofluid is numerically investigated. RBF-PS
is applied to the non-dimensional governing equations in
terms of stream function, temperature, vorticity and induced
magnetic field components. The main objective of the study
is to investigate induced magnetic field in presence of Fe3 O4 water nanofluid. In results, the rise in Rayleigh number and
nanoparticle concentration lead to the increase in convective
heat transfer while the fluid flow and heat transfer are suppressed by the augmentation of Hartmann number. Magnetic
Reynolds number particularly affects the induced magnetic
field lines as well as convective heat transfer.
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Fig. 3: Hartmann variation when Ra = 105 , Rm = 10, χ =
0.04, φ = π/2.
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Fig. 4: Rm variation when Ra = 105 , Ha = 10, χ =
0.04, φ = π/2.
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Fig. 5: Rayleigh number variation when Ha = Rm =
10, χ = 0.04, φ = π/2.
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Abstract— Smart Factories are characterized by their scalability
and modularity whereby field devices and production units will
turn into so-called Cyber-Physical-Systems (CPS) and enable
dynamic adjustments during running production. This paper
outlines an approach for a seamless integration of future CPSbased factories across various engineering and simulation
disciplines. They are intended to support and evaluate such (re-)
engineering processes but require relevant model data about
modifications made. This includes the identification, recognition
of available CPS-based units as well as their model-based
integration. For this purpose, a generic data model and vendorindependent system architecture has been developed. Across a
varied set of digital tools it allows data to be enriched and used as
needed for each CPS. The objects’ characteristic models and data
can be im- and exported across various departments. In a final
step, the approach is being demonstrated within an industryrelevant use case in the SmartFactoryKL. Besides selected results of
the prototypical implementation, an insight into the ongoing work
is presented.
Keywords—Smart Factory, Cyber-Physical System, Automation,
Digital Manufacturing, Modelling, Engineering, Simulation, Plugand-Play

I. INTRODUCTION
The manufacturing industry will increasingly benefit from
the advances in ICT and computer sciences. In this work, two
main aspects being considered: Firstly, CPS-based factories.
Relying on the newest and foreseeable further developments of
computer science and information & communication
technologies on the one hand, and of manufacturing science and
technology on the other, they will lead to the next industrial
revolution [1], [2]. Secondly, engineering and simulation
disciplines, which are already well-defined and accepted
measures for engineering and decision-making processes.
These will grow in importance for the optimization and
acceleration of all phases of the production life-cycle. Both
entail new potentials as well as challenges.
CPS provide the best preconditions for principles of
modularisation, scalability and vendor independence of
production environments. Dedicated production functionalities
instantiated in standardized, self-contained units make it
possible to build individual production processes with
minimum engineering effort [3]. Production processes are
becoming thus more complex.

The overall objective is the adaptation of such short-term
modifications within the digital world. The prevalence of socalled Cyber-Physical Production Systems (CPPS) is imminent.
However, a wider approach for their integration across various
engineering and simulation disciplines is still missing and timeconsuming reverse engineering already a widespread procedure
in industry.
In order to make it a success, the European research project
MAYA [4] and following paper pursues an approach of
enriching, maintaining and providing model data in a same
level of granularity as intended by scalable production systems,
realized through a common data model for CPS-based objects
and an appropriate system architecture.
The structure of the paper is as follows: Within the second
section the reader gains an overview of the state of the art. This
is followed, in Section III, by the integration approach. It
consists of two main components: the development of a data
model for CPS, described in Section IV, as well as its
instantiation within an appropriate system architecture, which
is part of Section V. The integration approach is being
demonstrated in Section VI. The final section provides the
outlook and summary.
II. STATE OF THE ART
A. CPS-based factories
Physical objects or things embedded with electronics,
software, sensors, and network connectivity are revolutionizing
the manufacturing sector [5]. So-called Cyber-Physical
Systems (CPS) are key technologies of Smart Factories, within
which information from all related perspectives is closely
monitored and synchronized between the physical factory floor
and the cyber computational space [6]. They are interacting
with and controlling physical devices and will transform
traditional hierarchies to a decentralized self-organization [7].
Due to their high degree of hardware and software
standardization [8], CPS allow easy integration or replacement
of new manufacturing units, e.g. in case of reconfiguration. By
adopting Plug-and-Play principles, CPS can easily be removed
or added during plant operation and give plant operators the
ability to select vendor-independent units that are most suited
to given requirements. This is becoming increasingly necessary
in a globalizing world where high product variability and at the

- 137 -

6th International Conference on Advanced Technology & Sciences (ICAT'Riga)

Sep 12-15, 2017, Riga/LATVIA

___________________________________________________________________________________________________________

same time shortened product-life-cycles require agile and
flexible production structures [9]. Industry 4.0 is the synonym
for this transformation of today's factories into Smart Factories,
which are intended to address and overcome the current
challenges of mass customization (Fig. 1).

Fig. 1 Agile and flexible production structures within the 4th industrial
revolution [10]

B. Engineering and Simulation Disciplines
Besides modularization and scaling of CPS-based factories,
engineering and simulation disciplines are another driving
force of industrial productivity [11]. So-called Digital
Manufacturing solutions have been considered as a highly
promising set of technologies for reducing production
development times and cost as well as for addressing the need
for customization and increased production quality [12], [13].
Among them, engineering and simulation disciplines cover
a wide range of applications along the production life-cycle –
from the early stages (e.g. layout planning, electrical planning,
robot simulation) to the ramp-up and production (e.g. virtual
commissioning, process and energy simulation) [14]. Focusing
on the factory life-cycle, at the very beginning the factory exists
only in its digital representation. Through the later phases, the
real factory comes into existence, defined by further digital
tools and disciplines. During production the real and digital
factory interact in order to make manufacturing more efficient.
Due to the widespread use of ICT in industry, a vast number of
tools have already established themselves successfully in the
market [15], [16]. While formerly such solutions were only
profitable for large companies, nowadays small and mediumsized businesses are already able to integrate and use suitable
tools along their production life cycle, independent of fullservice providers and high license fees.
C. Emerging Challenges
Within the age of CPS-based factories, digital manufacturing
becomes increasingly more complex. Main challenges in terms
of the design, modelling and simulation of CPS-based factories
are set out in [17] and [18]. Two main key points have become
apparent:
1. By adopting Plug-and-Play principles, especially the
identification, recognition as well as model-based

integration of CPS-based units within the engineering
and simulation environment is challenging. Currently,
this process is marked by time-consuming reverse
engineering [19]. Operators need to perceive changes
within the real environment and transmit them manually
in the digital environment.
2. Companies are challenged by the growing heterogeneity
of tools, characterized by insufficient data consistency
and a lack of model data management for maintaining
and providing relevant digital information all along the
production life-cycle across a varied set of tools
(exemplarily shown in Fig. 2 for virtual commissioning
within the automotive industry [20]).
Engineering and simulation tools have to support both the
integrated design and development as well as the reengineering processes and management of CPS-based
production systems [15]. Fundamental issue in realizing this
vision will be the fusion of relevant engineering and simulation
data all along the production life-cycle across a varied set of
tools, allowing data to be enriched and used as necessary.
Inspired by the Digital Twin concept it will be seen as one of
the next big advances in modelling, simulation and
optimization technology [21], [22], [16].

Fig. 2 Heterogeneity of tools and insufficient data consistency

III. INTEGRATION METHODOLOGY
The overall integration methodology of cyber-physical
production systems across various engineering and simulation
disciplines is shown in Fig. 3. The methodology builds on the
fundamental assumption that the future production
environment is permeated by smart embedded objects, which
enable a modular and manufacturer-independent production
configuration. They are identifiable and able to provide
context-based data according to their behaviour within the real
world. On the opposite, engineering and simulation disciplines
embody the digital world providing objects’ model data along
their production life cycle.
Following a common scheme, both data sets are being
aggregated in an object-oriented way. In this manner, the same
level of granularity for the digital companion can be achieved
as intended by physical objects within the scalable production
(e.g. instances of CPS-based devices, workstations, production
modules or plants). A data model defines mandatory or optional
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elements, associations or dependencies as well as data types
and restrictive values of attributes.
Referring to the methodological framework, objects’
instances and related data are held and managed in a projectrelated database and library. Users can create and administrate
digital companions as well as read and write data relevant to
them, to achieve a simpler and more consistent data flow and a
less time-consuming process of modelling and model
maintenance.

defines the version of the catalogue, which the eCl@ss category
is related to and the last one contains the IRDI (International
Registration Data Identifier) for the class. Besides,
AutomationML role class libraries are being used [27]. They
provide semantic role descriptions of given classes e.g. a set of
basic discrete manufacturing industry related role classes
(AutomationMLDMIRoleClassLib).

Fig. 4 Identification and classification of data elements

Fig. 3 Overall integration methodology

IV. DATA MODEL
The following section documents the data model that can be
thought of as a container uniting relevant engineering and
simulation data of CPS. It specifies mandatory or optional
elements and attributes, their associations or dependencies as
well as types and restrictive values.
Hereinafter, the data model is structured into three sections
that correspond to the main semantic areas of the data model:
the identification and classification of data elements, references
to physical devices and their communication details as well as
general-purpose classes to define properties and maintain
references of existing standards to integrate them into a single
extensible CPS definition [20].
A. Identification and Classification
The DataElement represents a base class for CPS and any
further classes that are defined. A unique identifier and a human
readable name facilitates discovery and identification.
According to IEC 61360-1 additional attributes can be defined
[23]. Hereinafter, mandatory attributes for versioning data
items will be considered, like date and time of creation and
modification as well as the resulting version and userID (see
Fig. 4). It is conceivable to take further data models into
account. As an example ODVAConfigData class is depicted
that covers a list of attributes to identify machineries which
could be applied on CPS-based production modules or
machines [24], [25].
Semantic classification of objects is done by referencing the
four-stage, numeric eCl@ss class structure. According to [26]
the first attribute defines the classification class. The second

B. Model data and Properties
To integrate model data and properties into a single object
description, CPS has two associated classes. Property is an
abstract class and represents numeric, textual properties e.g.
frame positions or characteristics of objects. PropGroup
represents a composition of different properties e.g. a list or
structured combination of numeric and textual properties.
ExternalReference defines a generic reference to a data source
that is an external file e.g. geometrical, structural, behavioural
or runnable simulation models stored in a manufacturer
database. It contains any kind of data in proprietary or
interoperable formats (see Fig. 5).

Fig. 5 Model data and properties

Using external references allows avoiding re-defining data
models and persistency formats for all possible engineering and
simulation disciplines. This approach has been adopted from
AutomationML, where additional data can be stored in external
files (e.g. COLLADA for geometry or PLCOpen for control
data). Property and ExternalReference are subclasses of
DataElement and automatically inherit all attributes and
methods of their parent class.
C. Connection configuration and signals
This section contains classes needed to model
communication details of CPS that can be used by tools to open
data streams with real devices (Fig. 6).
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ConnectionConfig is the abstract base class which allows
storing connection configurations of CPS using separate classes
representing protocols. Common to every configuration is the
method of authentication (either anonymous, via username &
password or via certificate & private key) as well as a number
of signals.

1. Depending on the engineering- and simulation project,
data might differ from each other. Therefore, instances
and their model data are being managed in project- or
plant-specific libraries. Users can thus share objectspecific model data for various engineering- and
simulation projects. In addition, vendors may offer
public instance libraries for their products, too.
2. It is possible that similar objects are installed in the same
factory. It therefore makes sense that instances can be
used as templates for creating new ones in the same or
different library. To do so, existing ones are copied via
drag-and-drop. All information and references are
carried over but can be overwritten by user of the new
library (see Fig. 7).
3. User actions are logged with a timestamp and username
to be able to trace them back afterwards, especially with
multiple developers having shared access to one
instance (revision control).

Fig. 6 Connection configuration and signals

Signals are defined by DataType and Direction. Inheriting
classes abstract their corresponding underlying protocol. E.g. a
signal for MQTT represents a topic that describes data which is
published to (direction is OUT), subscribed to (IN) or both
(IN_OUT). Currently MQTT, OPC UA and OpenDDS are
supported, although support for any other protocol can be easily
implemented by extending the base classes if necessary.
V. SYSTEM ARCHITECTURE AND COMPONENTS
The purpose of the following section is to provide a brief
overview of the developed system architecture and components
that serve as a generic implementation basis and can be
separated into multiple layers with various sub-components
(see Fig. 8). According to the separation of concerns principle,
system components will be clearly differentiated based on their
tasks.
Users gain access to the system via a web-based user
interface or direct machine-to-machine communication. The
web-based UI provides a user friendly interface for executing
queries while on the other hand tools can directly send requests
via appropriate application programming interfaces (APIs) to
the backend.
The Access Control firstly involves authentication using a
user-roll directory as well as a subsequent legitimation check
done by the resource manager. Permissions for groups of
employees that work jointly on engineering or simulation
projects can be set. After successful verification, access to the
secured area is granted.
The Instance Manager offers services to administrate and
manage instance data. Depending on authorization users can
create new instances with it, search existing ones for certain
criteria, copy or move them and access, overwrite and delete
individual elements. According to structural specifications of
the data model, existing knowledge can be modelled and
aggregated, assigned to concrete objects and be provided across
various application, e.g. intra- and inter-departmentally to
authorized users. Therefore, the system architecture
additionally fulfils three main functions:

Fig. 7 Instance libraries and relations between instances

The Registry ensures a seamless connection of physical
objects to the digital world. Available objects within a plant
network are uniquely (e.g. using a serial number) registered and
listed in a device directory. In order to assign specific
information and properties (e.g. connection configuration,
signals, parameters, location) to existing objects, an associated
library is created as mentioned before.
In doing so, CPS manufacturers may as well directly provide
their instances usable to create new ones or to capture
information contained. Otherwise, the plant operator has to
create and specify the objects’ characteristics. In summary, the
Registry allow users:
 to view objects currently available inside the plant and
perceive changes (contrary to classical reverse
engineering, see Section II)
 to connect to objects by retrieving the connection
configuration (e.g. IP address, protocol) and opening a
direct communication channel with the CPS
 to assign real objects to instances out of one's own project
libraries (via unique IDs as mentioned before)
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From a technology point of view, AutomationML as an open
and XML-based data format is used for im- and export of model
data. This already accepted standard for exchanging
engineering data facilitates acceptance among users.

Through a web-based user interface or tool-specific REST
API, users can access and examine the instance library.
Relevant model data of the new component can be im- or
exported via AutomationML. Alternatively, the instance can be
copied via Drag'n'Drop in users’ own libraries. Before recommissioning, the technical feasibility can be verified within
different
engineering
and
simulation
disciplines.
Simultaneously with the integration of a new CPS, users can
support and evaluate the (re-)engineering and decision-making
process. By retrieving connection information (e.g. IP address,
protocol), users can open a bidirectional communication
channel with the CPS (e.g. for parameterizations).

Fig. 9 CPS testbed for prototypical implementations

C. Implementation

Fig. 8 System architecture

VI. DEMONSTRATOR AND IMPLEMENTATION
A. Demonstrator
As a proof of feasibility the following section describes a
prototypical instantiation and implementation of prior
developed methodology components. A demonstrator was
designed and built that embodies core aspects of Industry 4.0.
The testbed consists of several single-board computers of
different brands equipped with sensors representing embedded
or cyber-physical systems. Each system is mounted on uniform
carrier boards with their own power and network distribution
components. Following the Plug-and-Play paradigm, they can
be easily integrated or excluded from the network (Fig. 9).
B. Scenario
Detailed functionality and interaction is described by using
the following scenario: The demonstrator simulates a modular
configurable production module in which several CPS perform
various manufacturing processes. For the production of new
customized products an additional unit is required. The CPS is
being integrated via Plug-and-Play. It is detected and identified
by the registry, its digital counterpart is being offered in a
project related instance library. An authorized user group
receives notification of this change.

For executing queries, a REST-based approach was chosen
in which user can access the database easily via a RESTful
service. Every modelled element can be created, retrieved,
modified or deleted via respective HTML methods POST, GET,
PUT or DELETE. The URL for these actions follows the
pattern « …/{element type}/{element id}/… » (see examples
in table I). Supported data formats are JSON and XML.
TABLE I
HTML METHODS

GET

/project/{id}/cps/{cps-id}

Retrieves every
stored information of
the specified CPS.

POST

/project/{id}/cps/{cpsid}/property

Creates a new
property for the CPS
using the provided
data.

PUT

/project/{id}/cps/{cpsid}/externalReference/{refid}

DELETE

/project/{id}/cps/{cpsid}/child{child-id}

Updates the
addressed external
reference using the
provided data.
Removes the
specified child CPS
from the parent CPS

Authorized users can search, view or manage instances and
their attached properties or model references via a web-based
user interface (Fig. 12). The left-hand side consists of a tree
view beginning with the different projects down to properties,
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signals etc. of CPS whereas the right-hand side allows editing
all attributes described in Section VI (see Fig. 10). The UI was
implemented using cross-platform JavaScript libraries and
plugins like jQuery [28] and jsTree [29] as well as Bootstrap as
an open-source web framework for designing web applications
[30].

corresponding AutomationML attributes. SystemUnitClasses
and InterfaceClasses are primarily used to identify the types
which correspond to the data model types of Section IV.

Fig. 12 Demonstration within SmartFactoryKL

Fig. 10 Web-based user interface

As mentioned in Section V, user actions are logged with a
timestamp and user ID to be able to trace them back afterwards,
especially with multiple developers having shared access to
same instances within jointly managed engineering or
simulation projects. User will receive immediately notifications
as seen in Figure 3. The same applies to changes within the real
world. The registry serves as a factory-internal contact point.
CPS discover this component via multicast Domain Name
System (mDNS) and register themselves.

Fig. 11 Change information

MongoDB is being used for the back-end data store.
Classified as a cross-platform NoSQL database, MongoDB
uses JSON-like documents with schemas [31]. The
aforementioned ID of every DataElement is used to retrieve
JSON representations. As mentioned in Section V, every single
DataElement can be im- or exported to AutomationML. This
allows every involved tool to contribute to the CPS instance in
a unified way.
Almost every DataElement is directly mapped to an
InternalElement in AutomationML – the only exceptions are
signals and model references which are mapped to
ExternalInterfaces. Attributes of data elements are mapped to

VII. CONCLUSIONS AND OUTLOOK
This paper describes an approach for a seamless integration
of CPS-based factories across various engineering and
simulation disciplines. Therefore, a suitable data model and
reference architecture were developed and subsequently
implemented. For the final step, a demonstrator was designed
and built that embodies core aspects of Industry 4.0. It
demonstrates the practical applicability for the manufacturing
domain.
The methodological framework allows a more direct
integration between the physical production and its digital
companion. Across a varied set of digital tools data can be
enriched and used as necessary for each CPS, especially for the
increasing number of changes that are made in the physical
world (e.g. via plug-and-play).
The approach can also be transferred and extended to other
domains. In a further step, the existing system prototype will be
integrated into other platforms and demonstrations of the
SmartFactoryKL. This also includes the link with further
research activities in the field of digital manufacturing.
Moreover, a simulation framework that connects different tools
for a simultaneous, multi-disciplinary simulation was not taken
into consideration and may be incorporated.
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Abstract— The e-Learning market is growing rapidly along with
the development of electronic media based on the Internet. Elearning not only enables learning using multimedia but also may
rapidly reflect demand on or content of new education.
Accordingly, this paper designed and embodied an e-Learning
web page for intellectually retarded children in order to
complement the current status of insufficient education on the
disabled in Korea. HTML (Hyper Text Markup Language) 5
Canvas was employed so that its embodiment was made possible
in the web without installation of a platform or plug in. In
addition, the web was produced as a responsive web, enabling
content delivery while maintaining the layout in diverse
platforms, thereby improving convenience of the user and
making it possible for the user to utilize it without constraints.
The e-learning webpage produced in this paper is expected to
enhance mentally retarded children's educational effects and
quality by utilizing their leisure time after school.
Keywords— e-Learning, HTML5, Responsive Web, Design of eLearning Contents, HTML5 API

I. INTRODUCTION
The recent development of information technology has led
to fast expansion of internet-based e-Learning that overcame
temporal and spatial constraints of traditional face-to-face
education [1]. e-Learning that is also called as remote
education, virtual education, online education, and web-based
education refers to learning performed through electronic
media such as information and broadcasting technologies[2].
Figure 1 below shows part of the policy news announced by
the Ministry of Trade, Industry and Energy in March 2017.
With merits of high accessibility and interactivity, the global
e-Learning market is rapidly expanding.

Thus far, in Korea, technological development of e-learning
and creation of institutions for it has been pursued according
to the first and second basic plans for development of eLearning industry. In 2015, Korean-style online open lectures
have been established [3].
In 2017, the Ministry of Trade, Industry and Energy made
written deliberation and resolution of the Third Basic Plan to
Promote Development of e-learning Industry and e-learning
Utilization (2017-2019) that contained new growth engine
strategies for the e-Learning industry [4]. The Third Basic
Plan explored and supported promising areas of new growth
of e-learning that realized customized and realistic cuttingedge education utilizing artificial intelligence and virtual and
augmented reality, and focused on promotion of utilization of
e-Learning across the society such as school education and
industrial training [5].
Korea Differently Abled Federation announced the areas of
education for the disabled as part of the project for
"comparison of nation-wide city and provincial welfare and
education for the disabled". The quality of education for the
disabled has been continually declining from 2013. The
nation-wide average of education for the disabled whose
indexes were reduced from 12 to 10 in 2015 was 65.14 points
and about five points have been continuously decreased for
the recent three years.
E-Learning market is growing together with the
development of information technology. E-Learning is
independent from time and space and cost-effective.
Accordingly, this paper designed and embodied e-learning
web pages for the mentally retarded children with many
constraints in receiving social education. The e-Learning web
page embodied in this paper was designed able to be
embodied in the web without any other special installation
using HTML5 Canvas.
II. RELATED STUDIES

Fig. 1. The Size and Prospects of E-Learning Industry in the World

A. Responsive Web
Responsive Web is namely a web of responses. It provides
contents in an optimal state in all devices by optimizing layout
in response to the width of a browser [6]. Responsive Web
maximizes its usability and efficiency by constructing an
integrated web independent from devices, not producing an
individual site dependent on devices[7]. It is a next generation
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web technology that embodies screens flexibly according to
the device of the user such as PC, smart phones, or tablets.
Using flexible grid, it maintains the same contents at any
resolution through changes in layout according to the size of
the screen.

B. Functional design
Each e-learning content is applied sequentially according to
each stage. Figure 3 below shows the structure chart of DFD
of the content on learning of four fundamental arithmetic
operations.

B. HTML5 Canvas
HTML5 is the most recent standard of programming
language for production of web documents and may embody
colorful graphic effects on the Internet browser. When
HTML5 Canvas, one of such elements, is used, figures or
graphs may be produced only with Java Script without
separate plug-in or program installation. This enables
synthesis, modification, and manipulation of images or
pictures[8]. Canvas uses a two-dimensional square planar
coordinate system with two axes of x and y, and data on
internal images of the canvas and rendering are separately
managed within the browser. The emergence of Canvas, an
element drawing much attention in HTML5, enabled the web
to be independent from plug-in, platform, and development
tools.
Fig. 3. Arithmetic Operation’ DFD Diagram

III. DESIGN AND IMPLEMENTATION
A. Structural design
Figure 2 below illustrates the context data flow diagram
(DFD) of the web page designed in this paper. Other functions
than "viewing information on the producer" are available
when the user logs in after obtaining membership. The eLearning contents are composed of six elements. "Vowel and
consonant learning" and "number learning" focus on the user's
understanding, and learning of vocabulary and four
fundamental arithmetic operations is also made possible based
on such basic learning. Children's songs and stories were
devised to trigger interest from the user and enabled to be
utilized for education of the user. In addition, for maintenance
and repair, the "suggestion board" was established so that the
user's opinions were able to be obtained regarding the overall
content of the web page and contents.

The user can select the level of learning of four
fundamental arithmetic operations and practice their concept
with images. After completion of the learning, the degree of
understanding by the user may be assessed through a quiz on
four fundamental arithmetic operations. The current status of
learning may be stored into the database of the server. Figure
4 below displays the structure chart of DFD in My Page.
When a user signs up, his or her personal information may be
revised and the current status on learning may be taken from
the server’s data base for review.

Fig. 4. My Page’ DFD Diagram

Fig. 2. Top Level DFD Diagram

C. UI design
The main screen was designed to be flat using image
buttons so that each content is visible at a glance. Considering
main subjects were mentally retarded children, each function
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was designed to be perceived intuitively. Functions like
information on the producer and My Page excluding each
educational content were aligned on the left side of the screen
together with logos so that they may be differentiated from
educational contents. Considering that major users of the web
page are mentally retarded children, the main page was
designed to be simple and understandable as much as possible.
Figure 5 below shows the design of user interface of the main
screen.
Fig. 7. Tablet Screen, Mobile Screen

IV. CONCLUSIONS
This paper designed and embodied an e-Learning web page
for mentally retarded children. So that they can easily
understand and utilize the webpage, the main page was
composed of image buttons. Considering that the major
subjects of the web page are disabled children, HTML5
Canvas was utilized so that the program is available without
separate plug-in installation. It was designed as a responsive
web for maximal convenience in use. This web page is
expected to be conducive to improving intellectually retarded
children's education quality and concentration. Future research
will further develop this study and complement its web
accessibility to design and embody an e-learning page for the
visually and audibly disabled.

Fig. 5. Main Screen’ Story Board

D. Implementation
The main page of this paper was composed using
responsive web. Media queries were utilized to compose PC
screen, tablet screen, and mobile screen. The screen
configuration was made possible to be in alignment with the
range of the designated size. Figure 6 shows the main
configuration screen of PC screen, the basic layout.
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Abstract— A two-stage biquadratic 4th-order switched capacitor
low-pass filter (SC LPF) employing folded-cascode CMOS
operational amplifiers with a dynamic switching bias circuit
(DSBFC OP Amps) capable of processing video signals, which
enables low power consumption, operation in wide bandwidths
and low power supply voltages, is proposed. In the newlyproposed 4th-order SC LPF, the new DSBFC OP Amps,
performing a dynamic on-off switching operation, appropriate
for providing low power consumption while maintaining highspeed switching operation, are used. This SC LPF consists of
two-stage biquadratic circuits cascading two 2nd-order SC LPFs
to achieve the sufficiently sharp roll-off. In this circuit, dynamic
charging operations through two-phase clock pulses during the
on-state period of the OP Amps and non-charging operation
during their remaining off-state period are separated. Through
SPICE simulations, it was shown that the 4th-order SC LPF with
an OP Amp switching duty ratio of 50 % is able to operate at a
14.3 MHz high-speed dynamic switching rate, allowing
processing video signals, and a dissipated power (65.7 mW) of
68 % of that observed in the static operation of the OP Amps.
The stop-band gain below -31 dB in the frequency response,
which is suitable, was obtained at over 4 MHz. This is much
lower than below -21 dB in the 2nd-order LPF. The simulation
results confirmed that the two-stage biquadratic circuit
configuration for SC LPFs using DSB OP Amps is useful for
achieving low stop-band gain, and reducing the power
dissipation.
Keywords— Switched Capacitor Circuit,
Operational Amplifier, Dynamic Switching

Filter,

CMOS,

I. INTRODUCTION
The switched capacitor (SC) techniques are appropriate for
realizing various filters that can be integrated in monolithic
ICs from using the CMOS technology. The CMOS SC
techniques suitable for realizing analog signal processing ICs,
have promising use in video signal bandwidth circuits in
particular. It has been demonstrated that SC techniques using
CMOS operational amplifiers (OP Amps) are useful for
implementing analog functions such as filtering [1,2].
Although CMOS OP Amps are suitable for such filter ICs, the
use of several OP Amps results in large power consumption.
Especially, the power consumption of OP Amps in high speed
operation becomes large because they have wide-band
properties. Therefore, the use of them is currently limited to
the use in low-frequency pass-band of at most a few hundred

kHz (that is, applications of low speed signal processing, such
as analog voice signals).
Until now, several approaches have been considered to
decrease the power consumptions of OP Amps, including the
development of ICs that work at low power supply voltages
[3]. A clocked current bias scheme for folded-cascade OP
Amps suitable for achieving a wide dynamic range has
typically been proposed to decrease the power consumption of
the OP Amp itself [4,5]. Because the circuit requires
complicated four-phase bias-current control pulses and biasing
circuits, it results in a large layout area and is not suitable for
the high-speed operation. A control method using power
supply switching has been proposed for audio signal
processing as another approach in decreasing the power
consumption of OP Amps [6]. Because large capacitors for the
power supply terminals are intrinsically loaded, the switching
speed is limited to a low speed of 1 MHz at most. Therefore,
this type of control circuit is not suitable for application to
video signal processing ICs, which are required to operate at
over 10 MHz switching frequency.
Recently, the author proposed a folded-cascode CMOS OP
Amp with a dynamic switching bias circuit (DSBFC OP Amp),
of simple configuration, to provide low power consumption
while maintaining high speed switching operation suitable for
processing video signals [7]. The author also proposed a 2ndorder SC LPF using this DSBFC OP Amps and confirmed
high speed operation in a video signal bandwidth [8].
However, signal processing circuits such as wideband filters
with the stop-band gain enough for practical use, have not
been developed yet.
In this paper, a configuration of 4th-order SC Butterworth
low-pass filter (LPF) with DSBFC OP Amps consisting of
two-stage biquadratic circuits, is proposed, which enables low
power consumption and is suitable for achieving wide
bandwidths due to the sufficiently sharp roll-off and operation
in low power supply voltages, and its availability is also
evaluated for the performance of frequency response and
power dissipation.
II. SC FILTER THEORY
The discrete-time transfer function of fourth-order SC
infinite impulse response (IIR) LPF is shown as follows using
the z-transform.
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H(z) =

K1 （1+z−1 )2
−k
1+∑2
k=1 bk z

･

K2 （1+z−1 )2

(1)

−k
1+∑2
k=1 b2k z

Here, K1, K2, bk, b2k, and z-1 represent the gain constant for the
initial stage LPF, the gain constant for the 2nd-stage LPF, the
filter coefficient in a recursive loop of the initial-stage LPF, the
filter coefficient in a recursive loop of the 2nd-stage LPF, and
the one-step delaying operation respectively. All of operation
circuits are composed of active sampled data processing
circuits with a sampling circuit, switching circuits and
capacitors.
III. SC FILTER CIRCUIT DESIGN
A fourth-order IIR LPF with the Butterworth frequency
characteristic was designed because it is easy to design due to
its flat gain characteristic in the pass-band. The filter order of
fourth was selected to achieve a sharp roll-off with a gain of
below -30 dB at a stop-band over 4 MHz. The other design
condition was set as follows. That is, a sampling frequency
fs=14.3 MHz, which is equal to four times of NTSC color subcarrier frequency 3.58 MHz, and a cutoff frequency fc=2 MHz,
respectively, were chosen, that enable it to process video
signals. Under this condition, the discrete-time transfer
function is given by
H(z) =

0.10573(1+z−1 )2
1−0.74578z−1 +0.16869z−2

･

0.13976(1+z−1 )2
1−0.98582z−1 +0.54484z−2

The circuit configuration realizing this transfer function is
shown in Fig. 1. This SC LPF consists of two-stage
biquadratic circuits cascading two 2nd-order SC LPFs of LPF1
and LPF2. The transfer function of this SC LPF circuit is
shown in (3).
H(z) =
･

Because the coefficients in (4) are equal to those in (2), other
coefficients are determined as follows,
I1=K1=0.10573
G1=4K1=0.42292

D1 I1 +(A1 G1 −2D1 I1 )z−1 +D1 I1 z−2
D1 B1 +(A1 C1 +A1 E1 −2D1 B1 )z−1 +(D1 B1 −A1 E1 )z−2
D2 I2 +(A2 G2 −2D2 I2 )z−1 +D2 I2 z−2
D2 B2 +(A2 C2 +A2 E2 −2D2 B2 )z−1 +(D2 B2 −A2 E2 )z−2

C1=1+b1+b2=0.42291
E1=1-b2=0.83131
(3)

In the LPF1, in order to enable easily to determine the
capacitance value of each capacitor, the coefficient of A1 is set
to be equal to that of B1. Capacitors can be basically divided
into two groups. In one group (C1, D1, E1, and G1), charges are
supplied to OP Amp 11. In another group (A1, B1, and I1),
charges are supplied to OP Amp 12. Even if a capacitance of
each capacitor group is multiplied by constant times, the
transfer function of the LPF1 does not change. Therefore,
capacitances of integral capacitors B1 and D1 are here selected
as a reference capacitance in each group and each coefficient
of B1 and D1 is normalized to 1. At this time, 1 for every
normalized coefficient of A1, B1, and D1 is obtained because
A1 and B1 are the same coefficient. The same way of thinking
as that in LPF1 is applicable in determining each capacitance
of LPF2 (A2, B2, C2, D2, E2, G2, and I2) as well. As shown in
(2), each transfer function for the LPF1 and LPF2 is
independent of each other. Therefore, normalization of the
coefficients in the LPF1 and LPF2 can be made independently.
In Fig. 1, when the coefficients of A1, B1, D1, A2, B2, and D2
are normalized to 1, the transfer function (3) is changed to (4).
H(z) =

Fig. 1 Configuration of the 4th-order SC LPF with DSBFC OP Amps

(2)

I1 +(G1 −2I1 )z−1 +I1 z−2
1+(C1 +E1 −2)z−1 +(1−E1 )z−2

･

I2 +(G2 −2I2 )z−1 +I2 z−2
1+(C2 +E2 −2)z−1 +(1−E2 )z−2

I2=K2=0.13976
G2=4K2=0.55904
C2=1+b21+b22=0.55902
E2=1-b22=0.45516
Here, b1=-0.74578, b2=0.16869, b21=-0.98582, and
b22=0.54484. When the smallest coefficients of I1=0.10573 in
the LPF1 and I2=0.13976 in the LPF2 are replaced as a
reference capacitance of 0.5 pF, each capacitance is set in
proportion to the above coefficients as shown in Fig. 1. A
sample/hold circuit is also applied in the SC LPF to maintain
its input signal for stabilizing. At this time, the transfer
function is multiplied by the following zero-order hold
function due to a sample-hold effect.
Hs(jω)=

sin(ωTs /2)

(5)

ωTs /2

Here, Ts represents the one cycle period of sampling pulses.
Therefore, when the transfer function (2) is replaced using
z=e𝑗ωTs , the magnitude of the transfer function of the 4th-order
SC LPF considering the sample-hold effect is given by (6).

(4)
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Fig. 3 Operation waveforms of the 4th-order SC LPF

Fig. 2 Configuration of the DSBFC OP Amps

Here, |H1(jω)| and |H2(jω)| in (6) are the following functions
respectively.
|H1(jω)|=
|H2(jω)|=

0.21146(1+cos(ωTs ))
√1.58464−1.74317 cos(ωTs )+0.33738cos(2ωTs )
0.27953(1+cos(ωTs ))
√2.26869−3.04587 cos(ωTs )+1.08968cos(2ωTs )

(6a)
(6b)

The SC LPF was designed referencing a SC biquadratic
circuit with integrators in the reference [9]. It consists of a
sample-hold circuit with a holding capacitor C S1 and a
sampling switch controlled byφSH, CMOS switches φ1 and
φ2, capacitors A1, B1, C1, D1, E1, G1, I1, A2, B2, C2, D2, E2, G2,
and I2, and four FC CMOS OP Amps with the DSB circuit
(DSBFC OP Amps). A configuration of the DSBFC OP Amp
enabling low power consumption, which is different from
conventional ordinary OP Amps [7], is shown in Fig. 2. With
respect to the DSBFC OP Amps, the same CMOS channel
width / length as that in the DSBFC OP Amp shown in the
reference [7] was employed. Their load capacitances were
optimized as a 4 pF to achieve the high attenuation stop-band
gain characteristic. The sampling switch was designed to a
channel width / channel length W/L=35/2.5 (μm/μm) for each
of p-MOSFET and n-MOSFET. The holding capacitor CS1 has
a small capacitance of 1 pF. CMOS switches with a
W/L=25/2.5 (μm/μm) are turned on and off by nonoverlapping two-phase clock pulsesφ1 and φ2, swinging from
-2.5 V to 2.5 V. These sampling and CMOS switches are
designed to have a balanced structure with each equal length
and width of p-channel and n-channel MOSFETs (component
of these CMOS switches) to delete a feed-through
phenomenon, which is caused by gate clock pulses due to a
capacitive coupling between gate and CMOS-switch output
terminals. Major CMOS process parameters are given as a
gate insulating film thickness tox=50 nm, an n-MOSFET
threshold voltage VTn=0.6V, and a p-MOSFET threshold
voltage VTp=-0.6 V.
The operation waveforms of the SC LPF are shown in Fig.
3. The operation principle of the SC LPF is basically similar
to that of 2nd-order LPF described in [8]. In each of the LPF1
and LPF2, the function of LPF is achieved due to integration
using positive/negative integrators, addition and feedback

operations. The total gain is determined by a product of gain
of two LPFs. In this SC LPF, charging operations through the
clock pulses φ1 and φ2 are achieved during the on-state period
of the DSBFC OP Amps. The off-state period T B (the
remaining period of the one cycle period Ts) of them is
separately provided to realize low power dissipation for the
SC LPF. An input signal is sampled during the sampling
phase of φSH (10 ns) and the first period of clock phase φ1,
while its corresponding charge is stored on the holding
capacitor CS1 and is transferred to an output terminal Vout,
charging all capacitors. The voltage at the off transition of
φSH is kept on CS1 during the remaining period of clock phase
φ1. During subsequent clock phaseφ2, each charge of two
capacitors C1 (C2) and G1 (G2) is discharged and each charge
of remaining capacitors is redistributed in each circuit of the
LPF1 and LPF2. During the on-state period, the OP Amps
turn on by setting a bias voltage of VB at an appropriate level
enabling M3 and M4 to operate in the saturation region, and
operate normally as operational amplifiers. φB is set to low
just before φ1 changes to high. Subsequently, φB becomes 2.5
V at the off-state transition of the OP Amps, at the same time
φ2 is switched to off. During this off period T B, the OP Amps
turn off by setting VB at nearly -2.5 V enabling M1 to operate
in a low impedance and M3 in a high impedance. Therefore,
during this off period, the OP Amps do not dissipate at all.
When TB is relatively long as compared to the one cycle
period Ts, the power dissipation is expected to become lower
than that observed in ordinary static operation for the SC LPF
using conventional OP Amps. If half GB (Gain Bandwidth
product) OP Amps for the SC LPF are used in the static
operation (without DSB operation), rise and fall times to
stable states of filter output signals will increase to much
larger than twofold, because slowly changing transition occurs
at the end of transition. Therefore, an expected proper filter
performance will not be able to be obtained when such OP
Amps are used.
IV. SIMULATION RESULTS
The performance of the 4th-order LPF was investigated by
simulation using the SPICE program package. Operation
waveforms for an input signal of 1 MHz with an amplitude of
0.3 V and an output load capacitance of 4 pF are shown in Fig.
4. For the pass-band frequency signal, the output signal
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Power Dissipation Po [mW]

140

Fig. 4 Simulation waveforms for the 4th-order SC LPF. Input signal=0.3 V0-P,
Input signal frequency fin=1 MHz, Each load capacitance of OP Amps is 4 pF
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Fig. 6 Power dissipation vs. OP Amp switching duty ratio in the 4th-order SC
LPF. fin=1 MHz, The pulse width for φ1 and φ2 is 15 ns
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Fig. 5 Frequency response of the 4th-order SC Butterworth LPF. (a) Dynamic
switching operation mode of the DSBFC OP Amps, TB=35 ns, (b) Static
operation mode of the DSBFC OP Amps, φB＝-2.5V

amplitude nearly close to the input signal one was obtained.
The frequency response of the 4th-order LPF is shown in Fig.
5(a) in the dynamic switching operation of the DSBFC OP
Amps and (b) in the on-state (static operation) of them at φB=
-2.5 V. The frequency responses in case of both operation
modes are almost the same for the in-phase state, in which the
maximum output signal is obtained depending on a phase

between the input signal and the sampling pulse. The response
was near the theoretical one from 100 kHz up to near 4 MHz.
At 4 MHz within a stop-band, the gain below -31 dB was
obtained, which is 10 dB lower than that (below -21 dB) in the
2nd-order SC LPF. In the high frequency range over 5 MHz
within the stop-band, although it deteriorated due to a
sampling phase effect, the gain below -35 dB was achieved.
Thus, a wide stop-band with a high attenuation (a sharp rolloff characteristic) in the frequency response became possible
due to the two-stage biquadratic LPF configuration with the
increased filter order of 4th. It is also clear that there is no
deterioration caused by employing the DSB operation of the
OP Amps even in the high-order LPF.
Power dissipation vs. OP-Amp switching duty ratio with
φ1=φ2=15 ns is shown in Fig. 6. The power dissipation of the
SC LPF itself without including that of external drive circuits
decreased in proportion to the off-state period of the OP Amps
as expected. In the dynamic switching operation mode of
TB=35 ns (=50 % switching duty ratio) andφ1=φ2=15 ns, the
power dissipation of the 4th-order SC LPF (65.7 mW)
decreased to 68 % as compared to that in the static operation
of the OP Amps (97.1 mW). This value is twice as large as
that (32.9 mW) in the 2nd-order SC LPF because the 4th-order
SC LPF consists of cascade-connection of two 2nd-order SC
LPFs. Most of the power dissipation of the SC LPF
corresponds to total power consumption dissipated in the OP
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Amps themselves. The power consumption of the external
drive circuits in the dynamic switching operation mode was
nearly 26.5 mW. Thus, even when the four DSBFC OP Amps
are applied to the two-stage biquadratic circuits of SC LPF,
the dynamic operation of these OP Amps enabling low power
dissipation as compared to their static operation is also useful
for reducing the power dissipation of SC LPF. Typical
characteristics are listed in Table Ⅰ.

operation during the on-state period of the OP Amps and noncharging operation of them during their off-state period is also
useful for high-speed operation, and reducing the power
consumption of the SC LPF. This circuit should be useful for
the realization of low-power wide-band signal processing ICs
including multi-order low-pass, high-pass and band-pass
filters.

V. CONCLUSIONS
A two-stage biquadratic 4th-order switched capacitor lowpass filter employing cascode CMOS OP Amps with a
dynamic switching bias circuit capable of processing video
signals, which enables low power consumption, operation
wide bandwidths and low power supply voltages, was
proposed and its performance was evaluated. In this SC LPF,
charging operations through two-phase clock pulses during
the on-state period of the OP Amps and non-charging
operation during the remaining off-state period of the OP
Amps were separated. Through SPICE simulations, it was
shown that the 4th-order SC LPF is able to operate at a 14.3
MHz high-speed dynamic switching rate, allowing processing
video signals, and a dissipated power of 68 % of that observed
in the static operation of the OP Amps. The power
consumption in the SC LPF body except for the external drive
circuits was that of OP Amps. The gain below -31 dB in the
frequency response, which is suitable, was obtained at a stopband over 4 MHz. This is much lower than the gain below -21
dB in the 2nd-order SC LPF.
Thus, the two-stage biquadratic SC LPF configuration with
the increased filter order of 4th is of great use for achieving a
wide stop-band with a high attenuation. The dynamic charging
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Abstract— In this study, pulse density modulation (PDM)
controlled full bridge series resonant converter is simulated at
PSIM for 600 W PV system. Zero current switching (ZCS) is
provided and therefore switching and electromagnetic
interference (EMI) losses are decreased and the circuit is
operated at high frequency. The maximum power transferred
from PV panels is obtained by the proposed phase locked loop
(PLL) based 8 PDM control technique at 100 kHz switching
frequency. Series resonant converter is operated at constant
frequency and maximum power is transferred from PV panels at
ZCS condition by the proposed control technique. Incremental
conductance (IC) technique is used as maximum power point
tracking (MPPT) technique. The control of PDM-IC MPPT
algorithm and resonant converter is provided by DSP.
Keywords— PDM, resonant converter, ZCS, MPPT, PLL, IC

I. INTRODUCTION
In today's technology, fossil based fuels are used as a major
energy source in heating, production, transportation and all
other business sectors. However, renewable energy sources
has gained importance in recent years since fossil fuels give
harm to the environment and will run out in the near future.
Photovoltaic (PV) systems have been more common with the
incentives, researches and investments. Solar radiation can be
converted into electrical energy directly with the semiconductor materials used in PV panels. It is very easy to
install and transport the PV panels. However, the energy
obtained from PV panels is very low and changes
continuously throughout the day due to the environmental
factors. Therefore, MPPT dc-dc converters are used for PV
panels to operate at maximum power continuously [1]-[3].
MPPT, is completely an electronic system which tracks the
maximum power of a PV panel. MPPT system consists of
tracking the input voltage and current continuously,
calculation of the changes in the power and providing the
necessary steps in order to obtain maximum power point
(MPP). Although there have been many MPPT techniques in
literature, perturb and observe (P&O) and incremental
conductance (IC) methods are among the most frequently used
techniques since they have high efficiency and are easy to use.

Especially IC method is more preferable since it is not
affected by instantaneous weather changes and does not
oscillate much around MPP [4]-[7].
Pulse width modulation (PWM) control is generally used
in the control of the converters. However, switching and
electromagnetic interference (EMI) losses are high since
PWM control provides hard switching. Meanwhile, switching
frequency and the efficiency decrease due to the high losses.
In order to overcome these mentioned drawbacks zero current
switching (ZCS) and/or zero voltage switching (ZVS) are used
and therefore EMI losses are decreased and the efficiency is
increased [8]-[10]. It is very important to determine the
appropriate control method in order to provide ZCS and/or
ZVS in resonant converter circuits. PDM control provides
wide output power range for resonant converter by operating
at constant frequency. PDM control is an appropriate control
methods for resonant converters [11]-[13]. In PDM control,
the required output power value is obtained by deleting some
control pulses. ZCS is provided by PDM control when
converter operated at resonant frequency and therefore EMI
and switching losses are decreased [14, 15].
In this study, 100 kHz PDM-IC MPPT controlled full
bridge series resonant converter circuit is simulated at PSIM
for 600 W PV system. The operating frequency is increased
but switching losses are decreased by ZCS. Moreover,
maximum power is transferred from PV panels by the used
PDM-IC MPPT technique. PLL based 8 patterns PDM control
is proposed to provide ZCS condition by detecting the zero
transition points of resonant current in the system.
II. SERIES RESONANT CONVERTER
The schema of the full bridge series resonant converter
circuit is given in Figure 1. The input voltage of the circuit is
provided by PV panels. In the system, power of each PV panel
is 100 W and totally 600 W power is obtained by six series
connected PV panels. In the circuit four power switches are
used and the switches are switched in an order. Resonant
circuit is obtained by connecting inductor (L) and capacitor (C)
to the circuit in series. DC voltage is obtained in the output by
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the rectifier circuit. High frequency transformer is used for
voltage conversion and electrical isolation.

and the turn on duration of the switch. As the deleted pulse
number increases, power decreases. In Figure 3, the proposed
8 pattern PDM control pulses are given.

Io
Ipv

8/8
S1

S3

D1
L

A

D3

Vo

n1:n2

C

i

Co

7/8

R

B
Vpv

S2

S4

6/8

D4

PDM Control Pulses

D2

MOSFET Driver

PDM-IC MPPT
Control Circuit

Fig. 1 Full bridge series resonant converter circuit
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PDM controlled converter operated at three modes. In Mod
I, S1 and S4 are on while in Mod II S2 and S3 are on. In Mod
III output voltage (VAB) is zero. In this mode, there is no
voltage source connection and the current is in damped
oscillation form. Current and voltage waveforms of operating
modes are shown in Figure 2.
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Fig. 3 PDM control pulses

In the simulation study, a table is prepared to choose the
proposed PDM control pulses for the PDM control unit in
order to generate switch driving signals. The table consists of
0 and 1 bits. The lowest power is obtained at 1/8 while
maximum power is obtained at 8/8.

i

B. PDM-IC MPPT Method
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Fig. 2 Current and voltage waveforms in operating modes

As seen in the figure, on pulse is deleted in 8th cycle. This is
Mod III operating position. The average output power is 7/8
when compared with total power.

IC MPPT method is based on the principles that PV panel
voltage-power characteristic curve slope is zero at MPP
(dP/dV=0), bigger than zero on the left of MPP (dP/dV>0)
and smaller than zero on the right of MPP (dP/dV<0). PDMIC MPPT algorithm flow chart is shown in Figure 4. Firstly,
current and voltage of the PV panel is measure and pulse
density of the control signal is increased from initial value.
The measured current and voltage values are compared with
the previous one. Then, instantaneous current (In) and voltage
(Vn) values are obtained and it is checked whether voltage
change (dV) is zero or not. If dV is equal to zero and the
current change (dI) is positive (dI>0), pulse density is
increased. If dV is equal to zero but dI is negative (dI<0),
pulse density is decreased. If dV is not equal to zero and
dI/dV is bigger than -I/V (dI/dV>-I/V), pulse density is
increased. If dI/dV is smaller than -I/V (dI/dV<-I/V), pulse
density is decreased.

A. 8 PDM Technique
PDM is a command sequence. Power control is provided by
deleting some of the on pulses according to the command
sequence without doing any changes in switching frequency
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START

Measured V(n), I(n)
from PV panel

PD++

dV(n)=Vpv(n)-Vpv(n-1)
dI(n)=Ipv(n)-Ipv(n-1)

(a)

No
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PD--

dI/dV>-I/V
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dV=0
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PD++

dI>0

PD--

Yes

(b)

PD++

Fig. 6 (a) Rapidly changing solar radiation, (b) the power tracking of MPPT
RETURN

Figure 7 shows the ZCS conditions while the system
tracking the MPP by proposed 8 PDM.

Fig. 4 PDM-IC MPPT flowchart

III. SIMULATION RESULTS
The screen image of PLL based PDM-IC MPPT controlled
full bridge series resonant converter circuit simulated at PSIM
is shown in Figure 5.

(a)

(b)
Fig. 7 (a) VAB voltage and resonant current, (b) low side MOSFET drainsource voltage and resonant current

Fig. 5 PDM-IC MPPT controlled resonant converter circuit

To test the performance of the converter and PDM-IC
MPPT algorithm, solar radiation level is rapidly changed step
by step as 250-500-750 and 1000 W/m2 in PSIM. The
theoretical PV power (Pref) and obtained PV power (Ppv)
from the proposed system are shown in Fig. 6. MPPT tracking
efficiency is 97%.

IV. CONCLUSIONS
In this study, PDM technique is applied to full bridge
converter and ZCS condition is provided in all power points of
PV source. Therefore, switching and EMI losses are decreased.
Meanwhile, maximum power is transferred from PV panels by
the proposed PLL based PDM-IC MPPT algorithm. The
resonant frequency of the converter is 100 kHz. For future
studies, it is planned to remove the load and add a single
phase grid connection.
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the environment that the robot operates. These environmental
areas can be aerial, aquatic and terrestrial. In the aquatic and
aerial environments, the locomotive systems are generally
propellers or screws. The locomotive system in terrestrial
environment is complicated. Wheels, tracks and legs are the
typical terrestrial locomotive elements [3].
Different types and shapes can be used for mobile robot
according to aim of the system. While; robust body, teeth wheel
with suspension system is the best idea for terrestrial
environment, robot with legs can be used for complicated
operation environment. Cylindrical shape robots can serve for
variety of tasks such as security, hobby usage and educational.
Kim et al., developed a portable fire evacuation guide robot
system that is a cylindrical mobile robot to monitors indoor
disasters such as fire and detect victim during the disaster [4].
Song et al., a low cost and small surveillance robot for home
security that can be used in patrolling tasks in narrow indoor
environments. It was consisted of a camera, ZigBee for
communication, micro controller unit (MCU), infrared (IR)
sensor, obstacle avoidance system and hopping leg [5].
Another mobile robot for home security was developed by
Sethuram et al. Robot was equipped with Raspberry Pi B+ as
control unit and operation system. OpenCV was used as
computer vision library. System had ability to detect and save
faces of strangers with image acquisition and processing
methods [6].
Luo et al., also produced a multisensory based security robot
system for intelligent buildings. 14 different sensors were used
Keywords— Cylindrical Robot, Finite Element Analysis, Fused for different purposes such as fire and intruder detection,
obstacle avoidance, environmental situation control to create
Deposition Modelling, Rapid Prototyping, Rigid Body Dynamics
sensing subsystem of the robot [7].
I. INTRODUCTION
3D Printing is an additive manufacturing process that creates
Robot is an intelligent machine with sensors, control a physical object from a digital design. There are different 3D
systems, manipulators, power supplies and software to printing technologies and materials you can print with, but all
complete defined tasks. They can be used to perform a variety are based on the same principle: a digital model is turned into a
of tasks normally carried out by humans such as surveillance, solid three-dimensional physical object by adding material
exploration, patrol, fire searching-fighting, homeland security layer by layer. As 3D printers become more prevalent among
users they are being used to manufacture more diverse objects.
and care taker etc. [1].
The term of mobile robot refers to a system that is capable This has included components that either replace items
of doing tasks in different places with a platform that provide normally purchased or are uniquely designed for the specific
movement ability. They have unlimited movement except its needs of the user in terms of geometry and function [8].
The most common, quick and the cheapest printing
restrictions and they can operate in large workspace to perform
tasks in necessary areas and explore unknown environments [2]. technology is the Fused Deposition Modelling (FDM). In the
A mobile robot system consists of a platform moved by FDM method; filament that string of solid material is loaded to
locomotive elements. The locomotive system depends firstly on nozzle. Heated nozzle melts the filament and melted material
Abstract— In this study, cylindrical shape mobile robot was
designed, analysed and produced with rapid prototyping
technique. Design and Analyses stages were carried out using
Computer Aided Design (CAD) and Computer Aided Engineering
(CAE) tools. The shape of the robot was selected as cylindrical for
multipurpose tasks. It can serve as a hobby and education robot
for children and also used for security and military applications
with small upgrades. Analytical calculations, structural and
dynamic analyses were conducted to find torque and power used
for both actuator selection and determination of structural
strength of the robot. Fused Deposition Modelling (FDM) and
Polylactic Acid (PLA) material were selected for manufacturing
light weight, cheap and strong robot. The weight of manufactured
parts and commercially available components were about 1.5 and
1 kg, respectively. In the first part of the calculations and analyses;
the density of PLA, torque and power requirements, and loads on
cylindrical robot were calculated analytically using Engineering
Equation Solver (EES). In Ansys, a road was designed with 12
meters straight, 18 meters with 10° inclination and 12 meters
straight, respectively for Rigid Body Dynamics analysis tool to
find required torque values. The maximum velocity of robot was
defined as 4 m/s. Then, reaction forces and torques obtained from
calculations were applied to the cylindrical robot body to calculate
strength of the robot in dynamic conditions with Finite Element
Analysis (FEA) method. Torque and power requirements were
found as about 0.7 Nm and 21 W per wheel, respectively. The
results showed that safety factors were almost 15 and 3.4 for whole
body and critical component (motor-wheel connector),
respectively. The results imply that robot can execute its tasks
safely under dynamic conditions.
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can be extruded on a specific paths that is created by the
computer software. FDM offers a wide variety of plastic-based
materials in different colours including acrylonitrile butadiene
styrene (ABS), polylactic acid (PLA), nylon, carbon, bronze
and wood [9]. PLA and ABS are most common for prototype
production. These materials have low enough melting
temperatures to use in melt extrusion in a dedicated machine
and high enough temperature for prints to retain their shape at
average use temperatures [10]. As environmental pollution
made by plastics is a real problem to solve, PLA is used more
and more. It is biodegradable, thermoplastic and semi
crystalline [11].
ABS; strength, flexibility, machinability, and higher
temperature resistance make it often a preferred plastic for
engineers, and professional applications. It is strong, flexible,
with good machinability and a higher temperature resistance.
These properties can make it more popular for use in
professional applications. PLA; the wide range of available
colours and translucencies attract those who print for display or
general uses. When properly cooled, PLA seems to have higher
maximum printing speeds, lower layer heights, and sharper
printed corners. Combining this with low fault on parts make it
a popular plastic for general printers, hobbyists, and schools
[12].
In this article we focused on design, analysis and
manufacturing of Multipurpose Cylindrical Shape Robot. After
design process; solid state model of mobile robot was analysed
using Computer Aided Engineering (CAE) methods. Structural,
rigid and dynamic analyses were conducted. Important design
and manufacturing parameters were determined using analyses
and real world test results.

Fig. 2 Exploded view of cylinder robot
TABLE I
MOBILE ROBOT DETAILS

No

Component Name

1

Chassis

2

Chassis cover

3

Connection bolts

4

Connection nuts

5

Motor covers

6

Wheel-motor
connector

7

Wheels

8

Camera holder

II. DESIGN OF CYLINDRICAL ROBOT
The cylindrical shape robot (Fig.1) was designed with
minimum dimensions that was restricted by sizes of power
supplies. In the design of the developed robot, all mechanical
and electrical components such as screws, nuts, DC motors,
motor controller, and sensors were considered and design
process were carried out according to the technical datasheets.

Explanation

It is the body of mobile
robot.
Chassis Cover protect
electrical components of
the cylindrical robot from
external effects.
They are used to connect
the parts to each other.
They are for bolt
connections.
Motor covers are the part
connect motors to chassis
and keep them steadily.
They are for connection
between shaft of the
motors and wheels.
They are used to provide
movement to the robot that
actuated by the motors.
It is for camera
connections.

A. Components of Mobile Robot

Fig. 1 Cylindrical shape mobile robot design

Two brushed DC motors were used to supply required power
and torque to robot. In the selection of the DC motors, torque
and linear velocity requirement of the system were considered.
The maximum velocity of the robot was decided as 4m/s.
Power and torque requirements were calculated about 21 Watt
and 0.7 Nm per wheel. Motors were selected with 290
Rotations per minute and 0.85 Nm torque that can satisfy
expectations of robot.
Communication between user interface and robot was
established with Bluetooth module HC06. It can provide fast
communication solutions for Arduino and Rasperry Pi based
control systems.

The details of the robot are depicted in Fig.2, Table I.
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Obstacle avoidance system was built with HC-SR04
ultrasonic distance sensor. It has 2-400 cm measurement range
with the precision of 3 mm.
Control ability of cylindrical robot was provided by Arduino
Nano. Arduino is an electronic platform that provide easy to
use hardware and software. Arduino boards are able to read
inputs and give outputs according to the software that
programmed.
11.1 V and 1,350 mAh Li-Po battery was selected because
of the small dimensions. Battery can supply about 15 minute
operation time with 4m/s velocity at 10° inclinations and 0.2
rolling coefficient.

B. Circuit Connections and User Interface of Mobile Robot

III. CALCULATIONS AND ANALYSES

A. Analytical Calculations
Power and torque requirements of the cylindrical robot were
calculated with Engineering Equation Software (EES) using
necessary formulas (Fig.5). Power calculation of the system
requires to know estimated total force and desired speed of
robot. In the calculations, rolling coefficient, acceleration and
slope of the surface were defined. Hard operation conditions
were selected to find power and torque requirements with
safety factor. According to the this information, rolling
coefficient was selected as 0.2 considered as soil road,
acceleration was defined as 1 m/s2 and slope was as 10°.

Electronic circuit schema was prepared using Fritzing
Software that provides solutions for circuit simulation for
Arduino based circuits (Fig.3).

Fig. 3 Circuit design of mobile robot

Control interface of robot was designed to provide
opportunity to control with remote control devices such as
computer and electronic commander.

C. Material and Manufacturing of Mobile Robot
All of the parts of cylindrical shape mobile robot; Chassis,
chassis cover, motor cover, wheel-motor connectors, wheels
and camera holder were designed and manufactured using
Fused Deposition Modelling technique and PLA material (Fig.
4). The weight of manufactured parts and commercially
available components (motors, connection bolts, nuts and
batteries) were about 1.5 and 1kg respectively. As a result a
light weight cylindrical shape mobile robot with 2.5 kg was
designed and manufactured.

Fig. 5 Calculations with EES

B. Rigid Body Dynamic Analysis
Rigid analysis was carried out using ANSYS Workbench
Rigid Body Dynamics tool to obtain torque requirements of the
cylindrical robot according to the specified operation
conditions (Fig. 6). A road was designed with 12 meters straight,
16 meters with 10° inclination and 12 meters straight
respectively. Additional weight of the robot according to the
density differences and components, standard earth gravity and
remote displacements provide 4 m/s linear velocity were
applied with the rolling coefficient of 0.2.

Fig. 4 Manufactured mobile robot
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B.

Ftotal
Dynamic Analysis Results

10.24

Several loads and displacements were applied to the
cylindrical robot to provide desired movement. The applied
loads on the cylindrical robot are additional weight of the robot
(1 kg), standard earth gravity and remote displacement on the
x-direction with 4 m/s.
Torque values occurred at X, Y, Z directions and total are
given in Table III.
Fig. 6 Rigid body dynamic analysis

TABLE IIIII
OCCURRED TORQUE VALUES

C. Structural Analysis
ANSYS Static Structural Analysis tool was used for
structural analysis (Fig.7). Cylindrical robot was subjected to
loads calculated analytically and obtained from rigid body
analysis. Standard earth gravity, reaction forces, torque and the
rolling forces were applied to robot component (wheel-motor
connector) and whole body.
Occurred stresses, strains and safety factor of the system and
critical component were found with structural analysis.

Torque at directions
X
Y
Z
Total

C. Structural Analysis Results
According to structural analysis maximum stress was
occurred on critical component (motor-wheel connector).
Stress distribution of robot body is shown in Fig. 8.

Fig. 7 Structural analysis

Fig. 8. Stress distribution of whole body

Obtain equivalent stress, strain and safety factor values of
whole body is given in Table IV.

IV. RESULTS AND DISCUSSION

A. Analytical Calculation Results
Torque and power requirements of the cylindrical robot
were found. Occurred forces were calculated using EES.
Calculation of the total force (Table II) provide solution for
torque and power requirements. In the calculations, torque
requirement of the cylindrical robot was determined as about
0.6 Nm. It is lower than Dynamics analysis result. Differences
can be explained with missing values occurred on starting of
linear motion and climbing at numerical calculations.
Power requirement of one wheel was about 20 Watts.
Motors were selected using calculation and dynamic analyses
results.

TABLE IV
STRUCTURAL ANALYSIS RESULTS FOR WHOLE BODY

Criteria
Equivalent stress (Pa)
Equivalent strain (mm/mm)
Safety factor

Values
4.9753e+005
4,927e-004
15

Results showed that body of the cylindrical robot is safe
under the loads obtained from dynamic calculations and
analysis.
Results of the structural analysis for critical component
values are given in Table V and Fig.9.

TABLE III
OCCURRED FORCES ON MOBILE ROBOT

Forces
Fgradient
Frolling
Facceleration

Values (Nm)
-0.5
0.48
0
0,7

Values (N)
3.765
4.27
2.21
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TABLE V
STRUCTURAL ANALYSIS RESULTS FOR CRITICAL
COMPONENT (MOTOR –WHEEL CONNECTOR)

Criteria
Equivalent stress (Pa)
Equivalent strain (mm/mm)
Safety factor

REFERENCES
[1]

Values
7.3128e+006
9.5776e-003
3.4

[2]

[3]

[4]
[5]

[6]
[7]

[8]

[9]

Fig. 9 Stress distribution of critical component

[10]

According to results critical components can cause failure
under the harder conditions than specified in analysis. Wheelmotor connector can be manufactured with different materials
such as aluminium and steel to avoid failure.

[11]

[12]

V. CONCLUSION
In this study; cylindrical shape mobile robot was designed,
analysed and produced with rapid prototyping technique.
Design and Analyses stages were carried out using Computer
CAD and CAE tools. The shape of the robot was selected as
cylindrical for multipurpose tasks. It can serve as a hobby and
education robot for children and also used for security and
military applications with small upgrades.
Analytical calculations, structural and dynamic analyses
were conducted to find structural strength, torque and power
requirements of mobile robot. After design and analysis stages
body and connection components of robot were manufactured
using FDM technique. The selected results obtained from
analyses were presented. The safety factor of whole body and
critical component were calculated as 15 and 3.4. It can be
concluded that the structural material (PLA) could ensure the
safety under dynamic conditions.
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Abstract— Nowadays, electric vehicle usage and the use of
LiFePO4 batteries in electric vehicles gradually increase.
However, there are important features to be considered to use
these batteries safely and efficiently. Incorrect use of these
batteries can lead to burning, explosion or shortening of the life
of batteries.
In this paper, a Battery Management System (BMS) for lithium
based batteries is designed that operates more efficiently and
communicates with UART between master and slave modules
and can communicate via CAN protocol with external devices.
Micro controller based control and protection equipment is
designed that help to measure and monitor the voltage,
temperature and current values of the batteries. They protect the
battery cells from the conditions such as over charge, over
discharge, high current, high temperature. BMS balances battery
cell voltages during charging process with passive cell voltage
balancing. In addition to the main controller module in the BMS,
slave controller modules have been added to provide high
resolution voltage and temperature tracking. A modular BMS
has been devised which can be used in groups of batteries of
different voltage values thanks to electrically isolated slave
control modules.
Keywords— Battery management system, battery monitoring,
cell balancing, LiFePO4 batteries, electric vehicle

I. INTRODUCTION
LiFePO4 batteries are a type of rechargeable battery that
does not contain toxic substances, have high temperature
stability and long cycle life. The energy density is higher than
the lead acid battery. For these reasons, it has been
increasingly used in electric vehicles and backup power
sources in recent years. However, the batteries have important
features and sensitivities to be aware of when charging or
discharging. Battery cell voltage, current and temperature
values must be kept within the safe zone and should be
monitored continuously for this purpose so that the batteries
are not damaged and can be used safely.
The battery management system (BMS) is the entirety of
the hardware and software system used to make batteries safer
and more efficient [1],[2]. It is a system that manages the
charging and discharging processes by reading important
values such as temperature, voltage and current of the battery
cells [3]. Therefore, in the literature there are application-

based studies which can be used in real-time applications and
theoretical based studies aimed at achieving higher efficiency.
BMSs are often used with battery operated industrial,
commercial devices and systems to monitor batteries more
efficiently, safely. For this purpose, in [4] they proposed a
new method of designing a reliable and generalized BMS that
describes existing BMS techniques. In [5] the researchers
conducted a study on BMSs in electric and hybrid vehicles. In
this study, the latest developments in battery technology are
reviewed and the challenges in BMS systems are presented
and possible solution proposals are given. Gold categorized
BMSs according to their different functionalities [6]. When
the studies in the literature are examined, it is seen that the
designed BMS are not modular and can fulfill the duties for a
certain number of battery cells such as 7 [7], 22 [8], and 36 [9].
In addition to protection and monitoring, another important
feature that BMS should have is balancing the voltages of the
battery cells during charging. If there is no balancing, it is
possible that other cells cannot be fully charged due to a cell
reaching overvoltage and causing the high voltage protection.
The most common of the balancing methods is the passive
balancing, which is based on discharging the overcharged cell
with a resistor. This method is preferred because of easy
implementation and low cost.
In this study, for LiFePO4 batteries, slave and main
controller system was designed and realized with a real
monitoring system. The BMS, which can be used in high
voltage batteries, is designed consisting of a group of
electrically insulated slave control modules and a main control
module. Thanks to this modular system, voltage and
temperature values can be read in 12 bit resolution in high
voltage applications. This system was developed and tested in
an electric vehicle with 32 LiFePO4 battery cells that has
36Ah capacity. The results and design characteristics obtained
with this study are presented in this publication.
This publication is structured as follows; In the first part, an
introduction to the subject is given and the literature
information is shared. In the second part, the characteristics of
the BMS system and the tasks that need to be fulfilled are
mentioned. Section III describes the design of the BMS
system and the obtained results are presented in Section IV.
Finally, a general evaluation has been made in Section V.
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II. BATTERY MANAGEMENT SYSTEM AND DUTIES OF IT

A. LiFePO4 Battery
Batteries are the main energy source for electric and hybrid
vehicles and their performance also affects vehicle
performance. In battery selection, many factors need to be
considered such as; low internal resistance, no memory effect,
fast charge, high level safety, high energy density, high power
density, long life, high charge-discharge efficiency, high
reliability in cyclical use, low cost, and the ability to be
subjected to recycling processes [10].
Lithium-based batteries are preferred due to their light
weight, high energy density and lack of memory effect. In
addition, the safety risks of the batteries selected for use in
vehicles must be as low as possible. Due to the chemical
structure of LiFePO4 batteries, thermal stability is better than
other lithium based batteries. For these reasons, LiFePO 4
battery cells, a preferred battery for safety reasons, are
preferred in this study. The technical characteristics of the
battery cell are given in Table I.
TABLE I
SOME TECHNICAL CHARACTERISTICS OF USED WN36AH LIFEPO4 BATTERY.

Nominal Voltage
Nominal Capacity
Max. Cell Voltage
Min. Cell Voltage
Operating Voltage Interval
Internal Resistance
Cycle Life
Weight

3,2 V
36 A
3,8 V
2,5 V
2,8 - 3,7 V
<2 mΩ
>2000
1,3 kg

B. SOC Estimation
The BMS calculates how much energy is left in the battery
by looking at the voltage, current, and temperature of the
batteries. Important information such as how many kilometers
the car can go for electric car application and how many more
hours of energy it can provide for backup power supply
applications is calculated by the BMS circuits. The ratio of the
instantaneous capacity of the battery to the total capacity,
which is called state of charge (SOC), is calculated as a
percentage and displayed to the user.
LiFePO4 battery cell nominal voltage is 3.2V. At most of
the interval of battery capacity the voltage remains at 3.2V.
This feature of LiFePO4 batteries makes it difficult to
calculate capacity with voltage. One of the capacity
calculation methods is the current counting method. For the
capacity calculation algorithm, the current drawn from the
charger is collected every second during charging. The sum of
current in amperesxhour and the total capacity of the battery
can be found. During discharging, the SOC of the battery can
be calculated by subtracting the current drawn every second
from the battery bank from the total current. Relations related
to this method, called the current count, are given in Eq. (1)
and (2).

𝑞(𝑡) = 𝑞0 + ∫ 𝐼(𝑡). 𝑑𝑡

(1)

𝑞𝑘 = 𝑞0 + ∆𝑡. ∑𝑘 𝐼𝑘

(2)

In these methods, it is difficult to precisely determine the
remaining capacity of the battery due to reasons such as the
loss of PCB materials, the difference of each produced battery
cell, the failure to form a definite battery cell model, the
chemical characteristics of battery cells vary according to
battery age and ambient temperature.

C. Safety and Protection
One of the most important tasks of BMS is to ensure that
batteries are used safely. For this reason, the temperature,
voltage and current information of the battery should be kept
under constant control. If this data goes out of the safe zone,
the battery may be damaged. If the necessary precautions do
not taken in case of high current or high voltage, the battery
cells may become very hot and flame. The basic tasks that
should be included in a BMS system in general are described
below.


Voltage Protection
During battery charge and discharge operations, the cell
voltages must be read continuously to keep the cell voltage
values in the safe zone, to detect cell voltage differences and
to calculate battery remaining capacity.
The safe zone for the LiFePO4 battery cell voltages is
between 2.5 V and 3.7 V. During charging, the cell voltages
are read continuously and charging is terminated when the cell
voltage reaches the charging voltage maximum limit. During
discharge, when the cell voltage reaches the discharge
termination voltage of 2.5 V, the load is disconnected from the
battery bank and the cell is protected from over discharge.
When the cell voltage drops below minimum voltage limit, the
maximum capacity value the cell can store can reduce or
eliminate.


Current Protection
The limit values of the current to be drawn from the
batteries must be considered. The maximum instantaneous
current and continuous current that can be drawn from the
batteries will vary depending on the battery type and capacity.
In the batteries used in this study, the continuous current value
is 108 A and the instantaneous current value is 180 A (current
that can be drawn for 5 seconds). Batteries may heat up,
explode, or reduce their service life if these conditions are
exceeded. During charging and discharging, the current value
is read continuously. When the current values go out of the
safe zone, the BMS circuits separate the charger or load from
the battery pack.


Temperature Protection
The overheating of the batteries can cause the chemical
bonds in the cell to break. This can cause the batteries to lose
their life, deteriorate or explode. Since the chemical structure
of LiFePO4 batteries is predominantly iron, thermal stability is
higher than other lithium batteries. The Fe - P - O bond in the
chemical structure of LiFePO4 batteries is stronger than the
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chemical bonds in other lithium batteries. LiCoO2 batteries
have a high temperature explosion limit of 175 oC while
LiFePO4 batteries have an explosion limit of 250oC. The
temperature value for efficient use during discharge is
between -20 and +45 degrees. During charging, the
temperature should be between 0 and 45 degrees.
The battery temperature is read continuously during
charging and discharging in the BMS cycle and the user is
warned in critical situations. The charging unit or load is
separated from the battery pack if necessary. At the same time,
the Voltage-Capacity curve changes according to the
temperature value. Therefore, the battery cell temperature and
the battery cell temperature are also taken into account when
calculating the remaining capacity of the battery.

The vehicle's supply unit consists of 32 LiFePO4 battery
cells with a capacity of 36Ah connected in series and the DC
bus voltage is 102.4V. The BMS for this battery module is
designed and manufactured.
Because of the high number of batteries in this high voltage
application, instead of a centralized system, a system is
designed in which the slave controller modules and the master
controller module that controls these modules work together
as shown in Fig. 2. Thus, a BMS is installed which is highly
efficient and easy to install in battery pack. Battery cell
voltages and temperature values can be read at high resolution.
General topology of proposed BMS system is illustrated in
Fig. 2.



Voltage Balance
Cell voltage balancing is a process in which a lot of cells
are taken care of while charging the battery. When the battery
voltage reaches the upper limit, charging stops. The internal
resistance of the battery cell may vary for each cell. When
power is drawn from a series of connected battery packs, the
energy consumed on each battery cell will be different. In a
same way, when the battery pack connected in series is
charged, the stored energy will be different. In this case,
voltage differences may occur between the batteries during
charging and discharging operations. Although there is no
problem in total voltage during charging, some of the voltages
per cell may have reached the critical voltage level. Therefore,
when the batteries are charged, the voltages of all the batteries
must be measured separately and the battery voltages should
be balanced when necessary. If one of the batteries reaches
high voltage without reaching the required total voltage level,
the charging operation is stopped and the balancing operation
is started. The battery with higher voltage is discharged
through the discharge resistor until the voltage level returns to
normal. When voltage level reaches the same level as other
cells, balancing is stopped and charging is continued. As
shown in Fig. 1, the battery cell with excessive voltage is
discharged by the passive balancing method and the voltage
level is reduced. If the voltage of Bat2 cell is higher than Bat1
cell, SW2 is turned off and excess energy is wasted on
Discharge Resistor2 equalizing resistor. This process
continues until the voltage levels are equalized.

SW1

Bat1

Bat2

Bat32

3.2 V

3.2 V

3.2 V

Discharge SW2
Resistor 1

Discharge
Resistor 2

SW32

Fig. 2 General topology of proposed BMS system

A. Slave Module Design
Slave controller modules are auxiliary cards that read the
current, temperature, and voltage values of the batteries they
are connected to and send this data to master module, perform
management processing commands such as balancing from
the master controller. Application circuit block diagram of the
slave modules are illustrated in Fig. 3.

Discharge
Resistor 32

Fig. 1 Passive balancing method connection diagram

III. DESIGN OF BMS SYSTEM IN ELECTRICAL VEHICLE
The BMS is designed and implemented as part of
ALATAY-EV project that is a fully electric vehicle prototype
for the urban use.

Fig. 3 Slave module block diagram
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The slave controller card is connected to two battery cells
and receives the energy required for operation from these
battery cells. It has two temperature sensors, voltage divider
circuits, voltage balancing circuits, user warning LEDs and
electrically isolated communication circuits. Completed slave
module design can be seen from the Fig. 4. Voltage balancing
can be performed up to 2A using a 5W stone resistance.
Balance current can be adjusted between 0A and 2A with
balancing of PWM equipment. In the event of increased
temperature or precise balancing, the duty cycle can be
reduced by reducing the duty ratio of the PWM.

Fig. 6 shows the control flow diagram of the main
controller circuit. When the BMS system is turned on, initial
settings for the microcontroller are made. After this, the main
controller sends the initial communication signal to the slave
modules to receive the battery data required for the BMS
operations. Then, by evaluating the data coming from the
slave module card, it finds the data such as the highest and
lowest battery cell, the highest and lowest temperature value,
the total voltage value and decides the BMS commands.

Fig. 4 Designed BMS slave module

B. Master Module Design
The main controller module is the card that evaluates the
current, temperature and voltage information coming from the
slave module and carries out the operations of the BMS. The
master module sorts the information of temperature and
voltage from the slave module from the largest to the smallest
and takes the average of them. The controller marks the
battery cells that are at critical values. Master module decides
whether to start or stop balancing and charging and calculates
and displays the remaining battery capacity. Protect the
batteries from being overcharged or over discharged by
loading or disconnecting the battery when necessary. The
main controller module block diagram can be seen from the
Fig. 5.

Fig. 5 Main controller module block diagram

Fig. 6 Flow chart of the main controller

In the main controller system; if the highest voltage of the
battery cells reaches the upper limit of 3.7V during the
charging process, the charging relay is opened and charging is
stopped. Likewise, if the battery temperature reaches the
upper temperature limit, the charging process must be stopped
again to avoid battery failures.
The master card compares the voltage values of all the
battery cells and calculates the voltage difference between the
cells. If the difference value of cell voltages is more than 0.1V,
battery cells with higher voltage are discharged by passive
voltage balancing method. The balance process continues until
all the battery cell voltages are balanced. Once all cell voltage
levels are equal, the system will start charging again.
If the voltage of the battery cell with the lowest voltage
level during discharge is less than the lower discharge limit of
2.5V, the load relay is opened and the battery is protected
from over discharge. If the current drawn from the battery
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pack is greater than the instantaneous current value or if the
temperature of the battery pack reaches the upper temperature
limit, the load is separated from the battery pack and the user
is notified with the sound and visual warning.The final version
of the main module is shown in Fig. 7.

(a)

shown in Fig. 8, the properties of the battery cells can be
entered via a setup screen.

(b)

Fig. 7 BMS main module with a) front face, b) rear face

C. Communication and Monitoring

Fig. 8 BMS module setup screen

The communication between the slave controller modules
and the main controller module is carried out by the UART
communication protocol. Slave controller modules receive
their energy from the battery cells they are connected to. This
creates voltage reference differences between the seriesconnected modules. The slave and main controller modules
must be electrically isolated from each other for
communication. The BMS circuits are isolated from each
other by using the optical isolator integration at the slave
controller module communication output.
In addition to the BMS is connected to the CAN BUS
communication network and sends important battery data such
as maximum and minimum voltage, current and SOC to the
in-vehicle display screen, motor drive circuits and on board
charging unit. After these operations, the BMS sends the
necessary commands to the slave module. All of these BMS
data are displayed on the TFT display of the user interface.
A 3.2-inch TFT screen is placed on the main controller
module so that all battery information can be displayed on a
single screen. This screen shows all the battery cell voltages
and which of these battery cells has the highest or lowest
voltage value. When the BMS enters the sleep mode, the TFT
backlight can be turned off to save energy.
IV. IMPLEMENTATION RESULTS AND DISCUSSIONS
A BMS design that can be used in both low voltage and
high voltage battery groups has been made with master and
slave controller card designs. Because the two circuits are
very close to the battery cells, the cable length connecting the
circuits to the battery cells is very shortened. At this point,
cable losses are prevented to cause problems in reading analog
data. Thanks to the modular design, mounting of the BMS
circuits on the battery is facilitated. The use of the isolated
UART protocol in serially connected slave controllers allows
communication between modules with different references.
With this communication method, all the battery data can be
transmitted smoothly to the main controller module.
One of the important features of the design is its ability to
be used in battery groups with different specifications. As

Besides, many information (nominal voltage, battery
capacity, temperature values etc.) and status of the battery can
be read through the created graphic screens. Some screenshots
of the BMS module are given in Fig. 9.

Fig. 9 BMS main module screenshots a)BMS startup screen, b)BMS balance
screen, c)BMS voltage monitoring screen, d)BMS temperature monitoring
screen.

The designed BMS box provides short circuit protection for
both the battery and the BMS circuits. The protection box
simplifies the installation of the entire system into the electric
vehicle by keeping together elements such as controller
circuits, current sensor, circuit breakers and display screen
used in the BMS system. It is also understood that it is very
important to use this box because it protect components from
dust and external impacts. With the cooling fans mounted on
the battery box, the battery cooling process can be done easily
during the battery voltage balancing process. The designed
battery module and the BMS system are shown in Fig. 10.
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Abstract— Electric vehicles are promising solutions to today’s
transportation and environmental problems. To improve the
electric vehicles and use them safely could be possible with the
online monitoring and recording the important parameter of the
vehicle at the whole operating period. However, it is a complicated
problem and has some restrictions about the range, reliability and
stability. In this work, a telemetry system is presented to overcome
these struggles. The proposed system uses the RF signals to
transfer the data and reliable and stable ARM microprocessors to
proceed communication assignment. Functional operation of the
proposed telemetry system is tested in the competition of
International Tubitak Efficiency Challenge Electric Vehicle and
the results are presented in this paper.
Keywords— Electric vehicles, RF signals, Telemetry, CAN
communication, System design

I. INTRODUCTION
Telemetry is a system that collects, sends and receives some
information from vehicle to the place where monitoring or
recording is needed. Knowledge of some basic parameters of
the vehicle especially in competitions has crucial importance
for the reliability of the vehicle’s components and sustainability
of the race. Telemetry is also necessary for development and
adjustments of the vehicle management. Moreover, telemetry
system provides advantages to improve the safety condition of
the driver and warnings to prevent from failures [1].
In literature, telemetry system is implemented in several
ways for the vehicles. Most of the researchers uses the General
Packet Radio Service (GPRS) [1]-[3], radio frequency (RF) [4],
[5]and other telemetry system[5], [6]. GPRS is preferred for the
ease of implementation and it is a very robust and proven option
that offers the bigger coverage warranty. However, RF signals
more appropriate for the local applications like vehicle races.
RF range depending on the used module is sufficient and
provides reliable communication depending on the selected
communication protocol [4].
In this paper, RF telemetry system including transmitter and
receiver modules is designed for the electric vehicle and
implementation results are presented. The proposed system is
used for the vehicle ALATAY in the competition of
International Tubitak Efficiency Challenge Electric Vehicle.
This paper is structured as follows. The first section states
the needs for this work and gives an introduction to the subject.
The second section presents the structure of the telemetry
system and detailed information about the communication
protocols and hardware-software designs of telemetry. Section

III represents the results of implementation studies, and
discussion of the obtained results. Finally, conclusions are
given in Section IV.
II. TELEMETRY SYSTEM DESIGN
The constructed telemetry system has two parts; one part
carries out the data collection process and includes transmitter
module inside the vehicle. In addition to these assignments, the
system provides to display collected data to inform the driver
with familiar interface from commercial vehicles. Second part
of the telemetry system is produced portable outside of the
vehicle with receiver module and visualization tools.
Designed telemetry system has several communication
modules to support different communication protocols.
Transmitter module is placed inside the vehicle and sends
information to receiver module about battery status,
temperature and vehicle speed. Transmitter module obtains
these data from the main controller unit (MCU) of the vehicle
via Controller Area Network (CAN) bus communication. Data
is transferred from transmitter to receiver module by
NRF24L01 communication module. Transferred data is get
with the same communication module and shown on the TFT
screen of the receiver module as shown in the Fig. 1.

Fig. 1 General telemetry system design

In this application, the following modules are used as shown
in the Fig. 1:
•
A main controller unit (MCU) which collects
information about the battery voltage and temperature and
calculates the state of charge of the battery. MCU is also
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calculates the vehicle speed from the back-EMF voltages and
sends this information to the CAN bus. The presented MCU is
based on the STM32F407VG, a small and powerful ARM
Cortex M4 32 bit microcontroller. This model has been chosen,
basically because of its 168 Mhz speed and useful peripherals
in relation with the communication.
•
A display unit at the vehicle front console.
•
A transceiver unit that is located inside the vehicle
reads data from the CAN bus and sends the data with RF signals.
•
A second transceiver unit, held at the support service
area, is receiving the data to monitor the vehicle condition.

A. Communication Protocol
In telemetry system, vehicle main controller and transmitter
module communicate with CAN communication protocol.
Obtained data by transmitter module is sent with NRF24L01
module via Serial Peripheral Interface (SPI) communication
protocol to receiver card. These communication protocol
between modules are shown in Fig. 2.
CAN communication protocol is a communication protocol
that is frequently used in vehicles and that the secure
communication is in the front-line. The MCU unit in the vehicle
communicates with inverters and steering angle sensor via this
communication method. As the vehicle has 2 motors and 2
inverters, electronic differential application is used. Therefore,
the speed and torque references to be sent to these two inverters
are also implemented by CAN communication. Also, as shown
in Fig. 2, high-safety CAN communication is used between the
MCU and the telemetry transmitter because of the importance
of the data.
The NRF24L01 module is used to send the information to be
sent by the MCU. This module is a highly integrated, ultra-low
power, 2Mbps RF transceiver integrated circuit (IC) for the 2.4
GHz frequency band. The specified module sends the requested
information using the SPI communication protocol. SPI is an
interface bus commonly used to send data between
microcontrollers and small peripherals. It uses separate clock
and data lines along with a select line to choose the target
device. In telemetry application, RF signals and information are
transmitted synchronously with SPI protocol in wireless
environment.
As shown in Fig. 2, the MCU in the vehicle also
communicates with the display unit at the vehicle front console
using the UART. UART stands for Universal Asynchronous
Receiver / Transmitter. It's not a communication protocol like
SPI and CAN, but a physical circuit in a microcontroller, or a
stand-alone IC. A UART's main purpose is to transmit and
receive serial data. One of the best things about UART is that
it uses only two wires to transmit data between devices like
CAN.

Fig. 2 Communication protocols used in the vehicle.

B. Hardware Design
In this section, open circuit of transmitter-receiver card is
shown. Fig. 3. shows the main connection diagram of the
designed telemetry system. The same microprocessor with the
MCU, STM32F407 is used in the transmitter circuit. This
microprocessor has 100 pins that are set so that pins can be used
during communication with other peripherals as shown in Fig.
3. In the circuit drawings, the resistance and capacitors on the
sides of the microcontroller form the minimum circuit. This is
necessary for the microcontroller to protect from the sudden
voltage drops that can occur during the operation of the target
circuit. In addition, there are boot and reset buttons necessary
to boot and restart the system. Besides that, power supply of the
microcontroller and the transmitter is achieved with the
regulator circuits that reduces the 12 V to 5 V or 3.3 V as
needed.

Fig. 3 Telemetry main scheme.
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Transmitter and receiver cards are designed in Proteus
ISIS/Ares program as shown in Fig. 4. Because of the
importance of size and weight in electric vehicles, it is
important that the printed circuit board (PCB) should be as
compact as possible.

Fig. 4 PCB designs of transceiver modules.

C. Software Design
For the information exchange of the designed telemetry
system, a flow diagram was created as shown in Fig. 6. As can
be seen, the flow chart starts with the creation of the pre-set of
the communication method. The information to be sent is then
combined into a packet and sent in every 1 second with the SPI
protocol. The information is transmitted by the MCU to the
transmitter, which is speed, battery and temperature
information. The transmitted information in relation to the
battery includes current of the battery, the lowest and highest
cell voltages, the total voltage of the battery module and the
state of charge (SOC) information. In terms of temperature,
motor and battery temperature are separately measured and sent.

Fig. 6 Telemetry system flow diagram

After the design of PCB and production, transceiver modules
are get ready to be used. Fig. 5. shows the final appearance of
designed telemetry module from top and bottom.

III. IMPLEMENTATION RESULTS
In addition, we designed a protection box for the receiver
module in SolidWorks as shown in the Fig. 7. Final view of
telemetry system’s screen can be seen from the Fig. 8.

Fig. 7 Designed protection box for the receiver module.
Fig. 5 Final appearance of designed telemetry module from top and bottom.

- 169 -

6th International Conference on Advanced Technology & Sciences (ICAT'Riga)

Sep 12-15, 2017, Riga/LATVIA

___________________________________________________________________________________________________________

IV. CONCLUSIONS
In electric vehicle races, traceability of the vehicles and
directions according to the results obtained from this
monitoring is of utmost importance. For this reason, there is a
need for a reliable, consistent telemetry system that can fulfill
the required tasks. Therefore, in this study, a telemetry system
with the desired characteristics was designed and used
successfully in the competition of International Tubitak
Efficiency Challenge Electric Vehicle.
ACKNOWLEDGEMENT
This work was supported by the Scientific and
Technological Research Council of Turkey under Grant
114E023, and by the Pamukkale University under the Grant
PAU-ADEP/2017.
REFERENCES
[1]
Fig. 8 Final view of telemetry system’s screen.

The transmission was tested in a distance of 1000 m and
operated without problems. There were no problems in the
operation of the designed telemetry system even though many
vehicles were found in the race field and each tried to
communicate with similar methods.

[2]

ALATAY vehicle won the first prize in the category of
domestic product award in the participated competition with the
help of telemetry design and other designs, which is one of the
6 main topics evaluated by the competition committee. Fig. 9
shows this award and some of the team advisors.

[4]

[3]

[5]

[6]

Fig. 9 Domestic product award given to the ALATAY vehicle.

- 170 -

I. Tsoumas, E. Mitronikas, and A. Safacas, “Design of a Multifunctional
Data Acquisition and Telemetry System for Electric Vehicles –
Application in a Solar Car,” The 21st Worldwide Battery, Hybrid and
Fuel Cell Electric Vehicle Symposium and Exhibition (EVS 21), Monaco,
2-6 April, 2005.
E. Mitronikas, A. Safacas, and I. Tsoumas, “Development of a telemetry
system for electric vehicles,” European Ele-Drive Transportation
Conference, Brussels, Belgium, June, 2007
A. G. Calderón, G. G. Ruiz, and A. C. G. Bohórquez, “GPRS telemetry
system for high-efficiency electric competition vehicles,” EVS27
International Battery, Hybrid and Fuel Cell Electric Vehicle
Symposium, Barcelona, Spain, pp. 1-7, November 17-20, 2013
E. Onler, S. Celen, A. Moralar, and İ. H. Celen, “Development of
Telemetry System for Electric Powered Vehicle,” International Journal
of Current Research, vol. 8(9), pp. 38715-38719, 2016.
J. F. Ramos, J. J. F. Lozano, and A. G. Calderón, “Design of Electric
Racing Vehicles: An experience of interdisciplinary project-based
education in engineering,” EVS27 International Battery, Hybrid and
Fuel Cell Electric Vehicle Symposium, Barcelona, Spain, pp. 1-7,
November 17-20, 2013
K. Z. Tang, S. Tang, N. P. Kusumadi, and S. H. Chuan “Development
of a Remote Telemetry and Diagnostic System for Electric Vehicles and
Electric Vehicle Supply Equipment,” 2013 10th IEEE International
Conference on Control and Automation (ICCA), Hangzhou, China, pp.
609-613, June 12-14, 2013

6th International Conference on Advanced Technology & Sciences (ICAT'Riga)

Sep 12-15, 2017, Riga/LATVIA

___________________________________________________________________________________________________________

Dermatological Image Library and Dermatological
Wound Tracing Application for Dermatologists
Sümeyya İlkin*, Oktay Duman+, Suhap Şahin*
#

Kocaeli University
Computer Engineering Department, Faculty of Engineering (Block B), 41380, TURKEY
{sumeyya.ilkin, suhap.sahin}@kocaeli.edu.tr
+
Computer Engineering Department, Kocaeli University
Kocaeli, TURKEY
{oktay.duman}@kocaeli.edu.tr
Abstract—Applications developed for mobile devices which are
using the Android operating system are constantly on increasing.
Along with technological advances, devices using the Android
operating system have become more complicated and have more
hardware capabilities that similar to the desktop computer.
Therefore, applications for these devices are becoming more
diverse. In addition, various automation programs can be
created by providing databases and other application links to
these devices. In recent years, applications developed for mobile
devices have also started to be used in the medical field in order
to provide convenience for doctors/patients. In this study, a
mobile dermatological image library application was developed
that allows dermatologists to store patients’ wound images and
track dermatologic wounds. Dermatologists take images of their
patients with the help of camera applications in the application.
The developed application allows a dermatologist to track a
patient’s wounds by making a comparison with previous images
which belong to the same patient. This procedure is done by
using patient images that previously recorded in the
dermatologist’s account that it created on a cloud server by using
this application. Thus, the dermatologist is able to examine the
recovery process of his patient. Dermatologist can create a new
patient record for the first time in the application as well as
create a new image record for an existing patient. In addition,
the application allows to dermatologist can display the patient's
information or clear the patient's information. This application
was written in java language and has been developed for using in
the android operating system. The information was saved to a
database by using the existing SQL database in Android, and an
online dermatologic image library was created by using Dropbox
cloud server.
Keywords—Mobile Application, Android, Dermatologic Images,
Wound Area Tracing, Dermatologic Image Library

I. INTRODUCTION
With the development of technology, computer based
diagnostic systems are needed for early diagnosis of diseases.
Surveys show that as a consequence of the developments in
skin imaging technology, the interest in the topic of wound
dressing has increased substantially in the last decade [1, 2].
Therefore, the development of more capable software and the
use of diagnostic aids as well as the more accurate therapies to
be done with them increase the chances of patients recovering
and surviving. Digital dermatoscopy, which is a product of
developing technology, allows dermatologists to take a closer

look at suspicious skin lesions. Thus suspicious lesions can be
detected at an early stage by dermatologists. The dermoscopic
images obtained with these devices facilitate the diagnosis of
diseases for dermatologists [3]. The shortcomings of
expensive clinical dermatological tests and the lack of
consistent standards raise the need for computerized
diagnostic systems and the recording of digital dermoscopic
images in digital image atlases [2].
A expert dermatologist can visually diagnose diseases by
80% correctly. Expert dermatologists make the diagnosis of
skin lesions primarily by assessing pathological visual
evaluation and macroscopic properties of the skin. For this
reason, accurate diagnoses are more often based on the
experience and professional skills of dermatologists.
Diagnosis made with naked eye through images can be
mistaken when considering the visual limits of the human eye
[4]. Research has shown that dermoscopy can reduce
diagnostic accuracy when inexperienced dermatologists have
it. Therefore, there is a growing need for systems capable of
computerized dermoscopic image analysis to reduce error
rates in visual diagnosis-related diagnoses [5]. Especially in
patients with chronic illness, it is very important to track the
wound successfully. The follow-up of the healing process of
the patient is more objective and more accurate than the
follow-up using human eye and memory since it is
constructed with an operating system using digital images [6].
The new systems offer quite practical and inexpensive
possibilities for obtaining dermoscopy images [7]. The mobile
phone provides ‘any time, any place’ portal service. Due to
this, mobile devices have a great potential to become a
healthcare devices [8].
Several studies have demonstrated that the use of mobile
devices in medical applications is becoming widespread.
Jafari et al. [9] proposed a diagnostic system that detecting
melanoma from images taken with smartphones. Pires et al. [6]
proposed an application that detecting wound area by using
mobile devices. Godwin et al. [10] proposed a smart device
application for burn wound photography. Wyatt et al. [11]
proposed an iOS application for secure clinical image capture,
at Mayo Clinic.
In this study, a wound tracing application for mobile
devices is proposed. This application also allows users to
storage their patients’ information and wound images into
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their local or online dermatologic image library. The rest of
this paper is organized as follows. In the next section, methods
used are described in detail. In Section III, the application
architecture is described. In Section IV, the application
results are shown. Finally, Section V concludes this paper and
gives hint about future works.
II. METHODS USED
In the following subsections, methods and technologies
which are selected for using in this study are described in
detail.







Register the user,
Opening a new record for the patient,
Ability to view information of an existing patient,
To be able to track the wound of the patient,
Back-up user’s patient's images and information to the
online library
operations can be performed. In Fig. 1, shows the application
architecture.

A. Android Operating System
Most of the applications are developed on Android
operating system, because of high market share, low price and
wide range of usage of Android [12]. Android is designed for
mobile devices which include an operation system,
middleware and some key applications [13]. Android
operation system is an open source project. This operating
system is designed as a linux based system [14]. The Android
architecture consists of a Linux kernel, an Android runtime
which uses Dalvik virtual machine (DVM) to execute the dex
code, an Android libraries, and finally Android applications
[15]. Various applications can be developed for users in the
Android operating system. Various automation programs can
be created by providing existing database and application
links in the Android operating system.

B. Cloud Computing - Dropbox
Dropbox is a file hosting service allows users to storage
and shares their data. Users can access to the Dropbox via a
web browser or client software which is available for
Microsoft Windows operating system, Apple Mac OSX,
Linux, Apple iOS, Android, etc. devices [16]. Mobile cloud
applications, such as Dropbox, gaining importance and have
become everyday tool for millions of people recently [17].
Dropbox is the most frequently used cloud storage service by
over 50 million people [18].

Fig. 1 The architecture of the developed application

The dermatologist who successfully connects to the
application can access the patient information area, the
Dropbox area, and the photo-taking area. If the dermatologist
is connected to the Dropbox application, the Dropbox
application will encounter the registration screen if the user is
not registered. If the dermatologist is registered, this screen
can be connected to the online library section of the
application. In Fig. 2, shows the application flow diagram.

C. Database System for Android Operating System
SQLite is a database platform supported by Android.
SQLite is an embedded relational database engine. SQLite is a
very popular choice which is used in the iPhone and the
Android operating system because of its lightweight nature
[15]. The database file format is cross-platform. It is Android
native database service. SQLite is different from MySQL and
Oracle [19]. SQLite save each database to a single file which
consists of fixed-size pages. Its compact size and fast structure
make it very popular on mobile devices.
III. APPLICATION ARCHITECTURE
The application developed within the scope of the study
allows a dermatologist to make a comparison of patient's
image with another image previously recorded into his
dermatologic image library which was created by this
application. In this way, dermatologists can track the wound
healing process of their patients. With developed application;

Fig. 2 The application flow diagram

In Fig. 2, In PatientList and PatientDetail, information such
as patient name, surname, telephone, etc. are displayed and id
numbers are set for the patients. In AddPhoto, uses the Intent
function to take advantage of Android's built-in photo and
video capabilities. Also, the date and time information is taken
and the images are saved in the local database which is
created using SQLite. If the dermatologist connects to the
online library via DropboxSync, the application can transfer
relevant records to the online library. In Edit, Delete, the
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patient information is retrieved from the database by id
numbers and the new data is updated or deleted in the
database. With the application, wound tracing is performed
using superimposed images. The image present in the online
library or local database is displayed in a transparent form on
a new image. If there is more than one recording of the
selected view, the application considers the first selected
image.
The dermatologist can add additional personal information
for himself and/or his patient via the application. The
dermatologist is able to keep records of multiple patients.
Different information/wound images which are belong to the
patients can be recorded, updated and deleted at any time.

added or the dermatologist can log into the application. In Fig.
3 represents examples of the application’s user interfaces.

IV. RESULTS
The application was developed using the Java language for
the Android operating system. In addition to the system, the
Dropbox application is included in the application for create
an online dermatological image library. With the application,
dermatologists can record images of wound/skin lesions etc.
of patients in their Dropbox cloud server. As digital imaging
is done, more objective observations are made on the wound.
With the online library created within the scope of the study,
dermatologists can use the application as a national diagnostic
center working on digital platforms.
When the user first opens the application, the application
sends a screen message indicating that the user must register
or log in. When the user clicks on this screen, the user is
confronted with the area where he/she can save his/her
information. Here, the user is asked for the name, surname, email, sex, country, and the dermatologist's own specialty.
Once the dermatologist has fully recorded this information, he
can then log in to application. If the user is a dermatologist
registered in the application, he can login with his existing email address. He can check the information of his patient and
perform uploads to the online library. The Dropbox area can
display patient content that it has previously saved.
In the MainActivity class which is in the flow diagram
shown in Fig. 2, the area in which the logged-in user will
display patient information, the area to switch to the Dropbox
application, and the areas to switch to the SettingsActivity
class is exist. If patient information is entered, the patient's
menu is displayed. Users are faced with the menu of the
PatientDetail class when they click on their patient’s info.
Here, when the button is clicked to update the patient
information, the Patient Update menu comes up, where patient
information updates are performed. If the camera button is
pressed, the phone can capture images of the patient by
working on the camera application. The user can clear the
patient by pressing the patient delete button. In addition, when
a new patient is clicked while viewing patients, a new patient
is registered. When the user clicks on the Dropbox button, the
images are synchronized with the online library. If the user
has already registered in the application, the user’s images
uploaded to the online library come, or they record it for the
first time if it was not record before. If the setting button is
selected, the exit menu can be shown, a new patient can be

- 173 -

(a)

(b)

(c)

(d)

(e)

(f)

6th International Conference on Advanced Technology & Sciences (ICAT'Riga)

Sep 12-15, 2017, Riga/LATVIA

___________________________________________________________________________________________________________

(g)

(h)

V. CONCLUSION AND FUTURE WORKS
With this study, an online dermatological image library
application has been developed that can track the wound
healing stages for dermatologists. In the developed application,
if the dermatologist is not registered, he can first register when
his necessary information complete. Then, when
dermatologist enters the application, dermatologist can record
his patient or his patient's information. The dermatologist is
able to capture the wound images of his patient after
registration and upload it to the dermatological image library.
Dermatologist can view old and new wound images of his
patient at the same time. Thus dermatologist is able to track
his patient’s healing process. The dermatologist can update
the patient's information, upload different patient images,
trace the wound, or remove the recorded patients. In addition,
a registered dermatologist can view existing patients and
update the information of the patients in the local database.
Also this study will shed light on the work to be done and will
become a tool in future studies for the estimation of the skin
cancer from dermatological images.
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Abstract—This paper presents the mathematical model of the
electric assisted bicycle also called pedelec. This model includes
the vehicle and the electric motor dynamics and all equations in
the model. Model equations are constructed in the Simulink in the
time domain instead of s-domain. The main benefit of this method
is the ability to simulate different e-bikes characterized by
different parameters such as rolling resistance, chain gear ratio
and road gradient. PID control is used for testing the state-space
based model with constant but updatable parameters and using
different road slopes obtained from Selçuk University Campus
map. The cruise control for pedelec is achieved with 2 per mille
error as mean value.
Keywords— electric assisted bicycle, pedelec, time domain,
modelling, state space, power-assist strategy.

I. INTRODUCTION
Electric bicycles (e-bikes) have the potential to create an
environmentally-friendly alternative for transportation problem
in the city and at short distances. The number of electric and
regular bikes is increasing rapidly with the rise of gasoline
prices.
Motor powers of the electric bicycles generally sold in the
market is 250W and above. The use of a large motor causes
more electricity consumption and requires a larger battery. It
increases the total weight and size significantly, so ergonomics
of the vehicle is adversely affected by this situation. Also, most
of electric bicycles do not the ability to go by pedaling when the
battery runs out.
Electric assisted bicycles also called as pedelec is supported
by the electric motor while the driver pedaling in order to reduce
the rider effort. These assisted bicycles should have hub motors
in the center of rear or front wheel as well as have the systems
that rotate the pedal and hereby the bottom bracket gear group.
Thus, the motor should support the driver by controlling the
motor accordance with the pedaling speed and so it should
improve the driving comfort. Furthermore, driver can move the
bicycles by pedaling when the battery runs out in the pedelec
structure. As a result of these advantages, interest in pedelec is
increasing day by day.
There are many academic studies in this area, because
pedelec has an increasing demand and it is a hot topic.
Evaluation of metabolic efficiency of the driver, measuring
cardiopulmonary gas exchange, is an example for these works
[1]. Similarly, the effects of the motor support under different
terrain condition are evaluated by measuring some parameters
such as motor output power, speed, EMG, cardio parameters and
energy consumption [2].

Another research topic in this area is the investigation of
power requirements in road conditions that have various
disturbing effects on the electric powered bicycles. In one of
these studies, it was reported that users needed support on
average 125 W to 500 W power in real road conditions. This
work has been carried out with a wide range of rider group and
collecting the speed, torque, road curvature, wind direction and
speed values [3]. Abagnale et al. evaluated the energy
requirement in different electrical support proportion on real
road conditions. Additionally, they have investigated the
environmental effect by comparing the thermal moped that
similar to an electric bicycle in point of performances and
power [4].
It is seen that there are few studies about modeling and
simulation of the pedelec (or power assisted bicycles) in the
literature. Reinforcement-Learning-Based control algorithm
could be implemented in a work that tries to ensure driving
quality and power management [5]. Chang et al. presented
speed control system with the aid of a disturbance observer that
used to evaluate the resistance torque generated by the wind,
wheel roll, tilt angle and the torque provided by the user [6].
Mathematical model of an innovative electric bike also is used
for predicting the performance of the system through the
simulation procedure [7]. Fuzzy logic control usage for track
the desired velocity [8] is another example that lots of
algorithms and control techniques should be applied to the
dynamic systems easily with less labor via simulation.
The unclear phenomenon in the simulation works which
includes human-machine interaction is the human behavior.
The rider’s intelligence should be modeled as a PID controller
whose output is mechanical pedal torque [9]. Similarly, the
rider have been interpreted with P and I coefficients in order to
simulate the response time of the rider to track the desired
velocity and controller reply the demand with torque [10].
Forces acting on the pedal have been assumed that vary with
the speed of cycling and road slope. Thus the cycler pedal
torque has been evaluated by a lookup table related to these
parameters [11]. Human torque has been considered as a cosine
function related with the maximum human torque besides the
desired and measured velocity parameters [12]. Contribution of
the rider has been inferred by means of disturbance in these
cited works [13, 14]. In this paper, the rider has been simulated
as a PI controller providing the required force in Newton unit.
This paper presents a numerical representation and a
simulation for evaluation of the response of our pedelec design.
This dynamic model which is equipped with an appropriate
control for the management of the assisted power helps to
assess the environmental impact on the electrically supported
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where V is the longitudinal velocity of pedelec wheel and t
is the time.
The term Fα is gradient resistance force and formulated as:
𝐹𝛼 (𝑡) = 𝑚 𝑇 . 𝑔. 𝑠𝑖𝑛𝛼(𝑡)

(2)

Fw

II. PEDELEC DESCRIPTION
This study is a preliminary research for pedelec design with
an innovative bottom bracket mechanism. This has been
constructed with mechanical components such as worm gear,
module gear, one way bearing, modified pedal axle and gear
box as shown in Fig. 1.

Fh

Front
Wheel

Rear
Wheel

Chain
Rpg

Crank

Worm gear
MOTOR
Nsw
Module
Gear

Rrw

Rwg

bicycle. Control effort is dedicated to track the desired velocity
with reasonable human assist and bounded motor torque.
The rest of the paper is organized as follows: in section II the
pedelec description is presented. Section III with three subtitles
includes the mathematical representation of the whole system.
Simulink design about this system is described in section IV
and finally, model simulation results are illustrated in section
V.

Ftr

Nmgt

Wheel
Gear

α

Fα,Fw,Fr

Fig. 2 Forces acting on the bike

The force of rolling resistance (by neglecting the front wheel
component):

Motor connection axle
Gear box
Worm gear

𝐹𝑟 (𝑡) = 𝑓𝑟𝑐 . 𝑚 𝑇 . 𝑔

Module gear

One way bearing

(3)

Wind resistance is termed as Fw:

Pedal crank

𝐹𝑤 (𝑡) = 𝐶𝑤 .

BLDC motor provides contribution to the pedal axle in the
bottom bracket through the motor connection axle connect with
the worm gear. The worm gear rotates the module gear; as a
consequence, pedal axle is rotated with the help of one way
bearing. Bearing also ensures the action of the pedal
independent of the module gear, although rider will not have to
apply force to turn the electric motor. This kind of electric
supported bicycles reduce the energy expenditure of rider by
supporting with motor power while user keeps on cycling.
Although mechanical design is mentioned here, the main topic
of this article is the dynamic analysis and simulation of the
pedelec system.
III. STATE SPACE PRESENTATION OF THE SYSTEM

A. Equation of Mechanical Part of the System
Pedelec motion is depicted in Fig. 2 that includes commonly
used resistance forces assumed that affecting only rear wheel.
It is formulated as,
𝑑𝑉
𝑑𝑡

2

. 𝑉 2 (𝑡). 𝐴

(4)

where V(t) is the longitudinal velocity that can be converted
as angular velocity and turned into terms of motor shaft velocity:

Fig. 1 Pedelec drive sytem

𝐹𝑡𝑟 − 𝐹𝛼 − 𝐹𝑟 − 𝐹𝑤 = 𝑚 𝑇 .

𝛾𝑎

𝑤𝑤 =

𝑤𝑚
𝑛1 .𝑛2

. 𝑅𝑟𝑤

(5)

where ww is rear wheel angular velocity and wm is angular
velocity of motor shaft.
Control of the system is related to the motor so it would be
better to transfer the forces to the motor shaft. Therefore gear
ratios and their efficiencies are required as follows:
𝑛1 =
𝑛2 =

𝑁𝑚𝑔𝑡
𝑁𝑤𝑠
𝑅𝑤𝑔
𝑅𝑝𝑔

=

40

= 1;

2

;

𝜂1 = 0,85

(6)

𝜂2 = 0,96

(7)

where n1 is worm gear – module gear ratio, n2 is wheel gear
- pedal gear ratio, Nmgt is module gear tooth count, Nws is start
count of worm gear, Rwg and Rpg are whell gear and pedal
gear, respectively, η1 and η2 are efficiency values of
transformation.
Longitudinal dynamics has been concluded as follows.

(1)
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𝐹ℎ 𝐿𝑐𝑟
=
𝑛1 𝜂2
𝑚 𝑇 𝑅𝑟𝑤 𝑑𝑤𝑚 𝑚 𝑇 𝑔𝑠𝑖𝑛𝛼(𝑡)𝑅𝑟𝑤 𝑓𝑐𝑟 𝑚 𝑇 𝑔𝑅𝑟𝑤
+
+
+
𝑛2 2 𝜂2 𝑛1 2 𝜂1 𝑑𝑡
𝑛2 𝜂2 𝑛1 𝜂1
𝑛2 𝜂2 𝑛1 𝜂1
𝜏𝑚 +
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𝐶𝑤 𝐴𝑅𝑟𝑤 3 𝛾𝑎 𝑤𝑚 2
𝐶𝑤 𝐴𝑅𝑟𝑤 3 𝛾𝑎 𝑤𝑚 2
2𝑛2 3 𝜂2 𝑛1 3 𝜂1

+ 𝐽𝑚

𝑑𝑤𝑚
𝑑𝑡

+ 𝐵𝑚 𝑤𝑚

B. Equation of BLDC Motor
Brushless DC motor (BLDC) fed by voltage source inverter
should be considered with three groups of equations. First one
is the stator voltage equations related to the phase components
of star connected BLDC Motor are in (9) – (11).
𝑑𝑖𝑎
𝑑𝑡
𝑑𝑖𝑏
𝑑𝑡
𝑑𝑖𝑐
𝑑𝑡

=
=
=

𝑉𝑎 −𝐸𝑎 −𝑅𝑖𝑎

D statement in (17) includes a part that makes the equation
nonlinear and this wm parameter has been accepted as 15 km/h
which is the maximum velocity of our pedelec. Parameter
values used in (1) to (8) and their definitions can be shown in
Table I.
TABLE I
MECHANICAL PARAMETERS

Coefficient
mT (kg)
g (m/s2)
frc (m)
cw
γa (kg/m3)
A (m2)
Lcr (m)
Rrw (m)

(9)

𝐿
𝑉𝑏 −𝐸𝑏 −𝑅𝑖𝑏

(10)

𝐿
𝑉𝑐 −𝐸𝑐 −𝑅𝑖𝑐

(11)

𝐿

where R is resistance, L is inductance of each phase, iy is the
yth phase current and Ex is the xth back emf values. Second
equation group is back emf values and they can be calculated
as follows:
Ex = K e fx (θe )wm , x = a, b, c

(17)

2𝑛2 3 𝜂2 𝑛1 3 𝜂1

(8)

Description
Total mass
Gravity
Rolling resistance of dry asphalt
Air drag coefficient
Air density for sea level
Frontal area of bicycle with rider
Pedal crank
Rear wheel radius

Value
96
9.8
0,004
1
1,23
0,35
0,17
0,33

C. State Space Representation
The general equation for defining system in state space is as
follows:

(12)

.

where Ke is the back-emf constant, wm is mechanical rotor
speed and the fx is the trapezoidal function which forms the
Ke.wm value as trapezoidal shape according to the electrical
rotor angle (θe).
Last equation group about the motor is about
electromagnetic torque.
𝑇𝑚 = (𝐸𝑎 𝑖𝑎 + 𝐸𝑏 𝑖𝑏 + 𝐸𝑐 𝑖𝑐 )/𝑤𝑚

𝑑𝑡

=

𝑇𝑚−𝑇𝐿−𝐵𝑚 𝑤𝑚

(14)

𝐽𝑚

The damping coefficient B m is generally small and often
neglected.
The mechanical rotor speed and position are related as:
𝑑𝜃𝑚

= 𝑤𝑚
Equation (8) should be abbreviated as follows:
𝑑𝑡

𝑇𝑚 + 𝑇ℎ = 𝐽𝑒

𝑑𝑤𝑚
𝑑𝑡

+𝐷

𝐷=

𝑛 2 𝜂2 𝑛 1 𝜂1

+

𝑓𝑐𝑟 𝑚𝑇 𝑔𝑅𝑟𝑤
𝑛 2 𝜂2 𝑛 1 𝜂1

(19)

x   ia
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u  Va  Ea

m 

T
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Vc  Ec

Te  D  Th 

T

(15)

As a result, the Simulink model of proposed system is given
below.
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(20)

 ia  1
 i  0
 b 
 ic    0
  
 wm   0
  m   0

(16)

𝑚 𝑇 𝑅𝑟𝑤
𝑛2 2 𝜂2 𝑛1 2 𝜂1

𝑚𝑇 𝑔𝑠𝑖𝑛𝛼(𝑡)𝑅𝑟𝑤

y (t )  Cx(t )  Du
where :

where :
𝐽𝑒 = 𝐽𝑚 +

(18)

(13)

The equation of the motion system with inertia J m, friction
coefficient Bm, and load torque TL is given as:
𝑑𝑤𝑚

x(t )  Ax(t )  Bu

+
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(21)
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IV. SIMULATION FRAMEWORK
The whole model has been presented with the help of two
divided figure since the model environment is too large. While
Fig. 4 includes the BLDC motor related blocks and the state
space model of the whole system with the related inputs. Fig. 5
show the human model and the disturbance blocks.
Group 1 in Fig. 4 is constituted for PID control of the motor.
The difference of desired and measured velocity is an input for
the controller. The output of the PID block is a DC voltage
value between 0 – 1 V. The required pulse width modulated
(PWM) signal is produced by comparing this voltage with the
saw tooth signal value as an input of the voltage source inverter
(VSI) depicted in the group 3. The human torque input is firstly
implemented to the system to prevent exceeding the nominal
power of the motor. This is obtained by means of conditional
comparator block whose output is zero until the time value
under 1 second after that it provides the calculated motor torque.

Group 2 achieves the motor torque calculation given in (13)
and restricted with the saturation block in order to ensure
human torque contribution.
Group 3 includes many sub blocks such as VSI, sequential
switching and back-emf generation elements.
Group 4 has the state space block according to the equations
(20) and (21).
Group 5 in Fig.5 is the model of human behavior. It is
assumed as a PI controller whose output is the required force in
accordance with the desired and measured velocity inputs. This
force is multiplied with the pedal crank length to obtain the
human torque in the pedal axle.
Group 6 produces the environmental disturbances given in
(2), (3) and (4). Slope angle also is calculated in this group with
the help of such a look up table includes distance and the
elevation data.

Fig. 3 Simulink Model Part 1

Fig. 4 Simulink Model Part 2
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Elevation (m)

1160

906,2; 1159,1
998,9; 1152,6

607,9; 1151,5

1155

797,8; 1155,2
1150

74,6; 1145,1

198,9; 1143,5

696,1; 1152,1
485,9; 1146,6

1145
1140
-45

0; 1143,4
155

307,3; 1142,4
355

1154,8; 1146,7

402,3; 1144,1
555

755

955

1155

Distance (m)
Fig. 5 Simulated Road Elevations

V. SIMULATION RESULTS
The simulation has been run for 150 seconds. We choose the
fixed step size 1e-5 and the solver was ode3 (BogackiShampine). Powergui block has been used with discrete
simulation type, Tustin solver and 1e-5 as step size.
Desired speed has been taken as 4 m/s (14.4 km/h) and
gradient resistance has been calculated with the guide of the
road elevation profile given in Fig. 5. These road elevations are
gathered via Google Maps by defining a route in Selçuk
University Campus. The elevation graph is sampled in order to
calculate the regional slopes shown in Table II. Thus, the
pedelec with time varying parameter is simulated that change
the disturbance input shown in Group 6/Fig. 4.
Fig. 6 shows the pedelec velocity with the reference value
that is 4 m/s. Though the environment disturbances change by
time, the motor and human-driven torque provide keeping up
the reference value with 0.002 m/s error as mean value.
Additionally, overshoot value is %0.18 and undershoot value
is %1.99.
The torque and the slope values can be shown in Fig. 7. It
can be said that required torque for overcoming disturbances
and providing acceleration has been provided by both rider and
motor. In this study there is not motor torque control but it is
restricted to 0.4 Nm virtually in order to get the human torque
support.
VI. CONCLUSIONS
Pedelec is interaction with the rider and motor so human
contribution has to be modeled. In this paper the rider is
assumed as a PI controller providing the required force in
Newton unit. This structure should be modified for more
realistic modeling which considers the motor and human input
values are in relationship.
In this paper, the pedelec design [15] has been modeled using
state space approach. The system characteristics can be
investigated for different machine and environment parameters
which can be easily varied in the simulation study thanks to the
flexible structure of this model. The system has been tested
with varying road conditions whose slope change by distance
during the planed route. PID control has been used for testing
the proposed state-space based model with varying road slopes.

The cruise control objective has been achieved with 2 per mille
error as mean value, there is not motor torque control but it was
restricted in order to get the human torque support.
For further works, the torque control should be done in order
to ensure desired or limited human torque contribution. Human
behavior also should be modeled well-rounded for simulation
works by considering the environment parameters.
TABLE II
ROAD SLOPE VALUES

Distance(m) Elevation(m)

Degree

% Slope

0

1143,4

1,3

2,3

74,6

1145,1

-0,7

-1,3

198,9

1143,5

-0,6

-1

307,3

1142,4

1

1,8

402,3

1144,1

1,7

3

485,9

1146,6

2,3

4

607,9

1151,5

0,4

0,7

696,1

1152,1

1,7

3

797,8

1155,2

2,1

3,6

906,2

1159,1

-4

-7

998,9

1152,6

-2,2

-3,8

1154,8

1146,7
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1

Abstract— In this study, Mutually Coupled Reluctance Motor
(MCSRM) to reduce torque ripple, a new drive system and control
algorithm is proposed. According to Clasical Switched Reluctance
Motors, which are capable of producing higher torque MCSRMs,
due to the high rate of ripple of torque, have not received due
attention in industrial applications. Torque produced by the SRM,
high rate ripple in order to reduce the problem,various proposals
presented in the literature. Studies have generally concentrated
within the framework of the geometrical structure of amendment to
reduce the torque ripple. Made some changes to the structure of the
machine to resolve the issue, there has been limited in terms of the
solution for the machines. In this study, analyzing the results of
analysis of electric motor static torque, produced the "m-curve" is
controlled with multi-level drive system is introduced. In the
classical control, whereas the torque ripple 8.97%,with the
proposed new controller system 4.82%, the value has been
reduced.Between classical control and the proposed control method
with a value close to 50% of the torque ripple is reduced.Efficiency
is 64.1% of classical control ', the m-curve in the control increased
to 67.7%..
Keywords— Short pitched, Full pitched, SRM, Torque ripple

I. INTRODUCTION
The first Switched Reluctance Motor (SRM) was produced
in 1838. But it did not become widespread until the late 1970s
due to the difficulty of auditing. The development of power
electronics and semiconductor switches since the 1960s has
facilitated the control of SRM and led to an increased interest
in SRM [1]. SRMs have a quite simple structure.The SRMs
have no windings or magnets in the rotor.Only the stator has a
winding[2]The most important reason why many studies on
SRMs have been done in recent years is that the structure is
simple and the cost is low [3]. The simple structure of the
SRMs, fault tolerance capability, high torque and high speed
operating characteristics make it universally applicable [4-5].
Thanks to its robust construction, high starting torque, wide
speed range, natural fault tolerance and high operating
efficiency, the switched reluctance machine (SRM) has high
competitive power in handling [6]. The biggest disadvantage
of SRM is; Can not be directly fed from AA and DC sources
and electronically switched [3]. SRMs have a wide range of
applications such as automotive industry, aviation industry,

railway and light rail system vehicle excavation, household
appliances (brooms, white goods ...), general purpose
industrial drives, servo systems, robot applications [7].
Furthermore, the use of SRM in vehicles powered by
alternative energy sources is becoming increasingly
widespread.
II. STRUCTURAL COMPARISON BETWEEN CLASSICAL SRM
AND MCSRM
The phase number structure of SRM differs from the phase
numbers of known machines.Each stator pole carries an
excitation winding and is connected in series with the opposite
stator pole. In this way the two mutually opposite stator poles
together form a phase of the machine. Accordingly, as the
number of stator poles increases, the phase number will
increase. In SRMs, torque is produced according to
Reluctance, which varies depending on the air gap between
the rotor and the stator.The phase in SRM is in proper
condition; When it is stimulated by the correct voltage, the
moving rotor moves in the direction of reducing the reluctance
of the circuit. Continuity of rotation of the rotor is ensured by
the warping of the windings.The SRM consists of short-pole,
stepped windings wrapped around stator teeth[8]. Fig.1 shows
the general structure of SRM.
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This winding structure gained a different dimension in
1993 when Mecrow worked to increase SRM performance.In
the Mecrow study, simple changes were made to machine
windings without the use of additional windings. With these
changes, the positive torque production of the machine has
been increased.In MCSRM, torque is produced by the
changing of the mutual couple that occurs between phases
according to rotor position..MCSRM has 25% more average
torque than classical SRM[ 9].

Fig. 2 Mutual coupled SRM

III. STATIC ANALYSIS OF MCSRM

I2=0,45I1<I1<0,56 I1

(3)

The maximum current that a phase can draw in
conventional SRM is limited to 12A. Accordingly, the current
that a phase of MCSRM can draw is calculated as 6,72A.
IV. TORQUE CONTROL FOR MCSRM USING VOLTAGECONTROLLED SOURCE
The main problem is that the reference controller current is
higher than the mains current, the source can’t compensate for
this difference, and the torque collapses can’t be eliminated.
For this reason, in the third case, it is not possible to increase
the current drawn by the MCSRM and to eliminate the torque
collapses without interfering with the resource capacity.It is
suggested to use redundant power source so that the collapse
can be pulled to the current values at the angular values of the
moment collapse and the application is tested.
The maximum current that can be supplied to the MCSRM
in selecting the power source of the additional source used
should be selected so as not to cause motorized isolation
problems. Figure 3 shows the torque and average torque
curves generated at different phase currents. The curves
appearing in the figure are obtained as prototype motor FEA.
At different current values applied to the motor, the obtained
static torque curves are shown. The mean values of the torque
curves are shown as values plotted parallel to the position axis.
These indications determine the offset of the position axis of
the points where the torque curves intersect, and the extra
power is engaged and disengaged.

Although both machines have the same geometrical
structure, a common reference point must be established so
that the machines can be compared with each other because
the winding structures are different.In the literature study, two
reference points were generally used to compare the two
machines with each other. These;
* Operation of equipments with equal copper losses,
* Operation at equal magnetic working point,

Fig. 3 The intersection of the static moment curves and the mean moment
curves.

The SRM and MCSRM must have different geometric
constructions so that the two-way option can be selected as a
common reference.The purpose of the study is to determine
the increase of the generated moment by changing the
winding structure by keeping the geometric structure constant
and to decrease the rising torque ripple due to this increase.In
comparison between SRM and MCSRM, both machines were
operated with equal copper losses.

As seen in Figure 4, the intersection of the intersection
points is similar to the letter "M", so in practice this curve will
be called the "M" curve. When the "M" curve is expressed as
the Furier series, the values of the intermediate torque curves
without static analysis are obtained.

Copper losses of classical SRM and MCSRM are
calculated using the following equations (1 and 3)[10].
Pcu1=(1/3)RsI12 (ClassicalSRM)

(1)

Pcu2=(2/3)RsI22 (MCSRM)

(2)
Fig 4.Creation of the "M" Curve.
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Fig. 5 ‘M’ curve
Fig. 7 Total mechanical shaft power.

In Figure 5, the "M" curve and the auxiliary power source
are shown in the circuit and the angle values are shown.
Equation 4 shows the Furier expansion of the "M" Curve.
f ( M )  a 0  a1 cos(TW )  b1 sin(TW )

(5)

The additional source used to reduce torque ripple can be
supplied to the circuit with a DC line boost converter.
V. MCSRMWORKING TEST

Fig. 8 Dynamic moment generated by MCSRM.

Experimental embodiment, the direct current generator
connected in MCSRM coupled to perform the installation and
test procedures were used to measure the dynamic torque
indirectly. The MCSRM was subjected to a load test and the
motor and line current and the voltage applied to the motor
and the voltage applied to the motor were instantaneously
recorded.As a result of the calculations made, it was
determined that the average mechanical power of the MCSRM
was 95.75 watts, the efficiency was 64.1% and 0.60 Nm
during the loaded operation. Figure 6 shows the voltage and
line current applied to the MCSRM.
Fig. 9.Auxiliary source delivery status.

The angular values required to activate and deactivate the
auxiliary source are calculated from Equation 5.When it is
accepted that the average torque demanded from the system is
0.7 Nm; = 7 ° and = 9 ° respectively. The auxiliary source
remains at a total transmission of 16 °.Figure 9 shows the
auxiliary source delivery situation. Figures 10, 11 show the
improved total mechanical shaft power and shaft torque
obtained from the MCSRM generator obtained as a result of
the data received from the DSPIC.
Fig. 6 Voltage and line current applied to the MCSRM.

Figures 7 and 8 show the total mechanical shaft power and
shaft torque obtained from the MCSRM generator obtained as
a result of the data from the DSPIC.
VI. REDUCTION OF MCSRM’S TORQUE RIPPLE
The proposed algorithm and drive system for eliminating
the torque ripple of MCSRM has been tested on the
experimental setup. The transmission state of the auxiliary
source (V2) used in the proposed DC line boost converter
construction is shown in fig. 9.
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[4]

[5]

[6]
Figure 11. Dynamic moment produced by MCSRM

[7]

VII.
CONCLUSIONS
A new controller has been developed and detailed in order
to reduce torque ripple in the work done.Basically, to reduce
the ripple, a two-level voltage regulated drive structure is
proposed that will increase the torque produced when the
torque produced by the motor drops below the required
average torque value.A new method has been developed to
control the actuation of the auxiliary voltage source which
will provide simple control of the proposed structure.In this
developed method, static analysis moment curves belonging to
MCSRM are utilized.At different current values, the "M
curve" is obtained from the intersection of the intersection
points of the mean torque values that the static analysis torque
curves can give.With the aid of this curve, the auxiliary source
used to reduce the ripple is monitored, depending on the
average moment demanded from the MCSRM.Additional
power is injected into the system by the simultaneous
activation of the auxiliary source with the main source.The
efficineyc was increased to 64.7% in the classical inspection
and to 67.7% in the inspection conducted with the curve m.In
Fig. 12, the efficiency is compared in MCSRM as a result of
control with M curve.

[8]

[9]

[10]

Fig. 12. Efficinecy comparison
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Abstract— The transformer is an electrical device that transfers
energy from one circuit to another purely by magnetic coupling.
The transformer is one of the well-known electrical devices due
to its simplicity, reliability, and economy of conversion of
voltages. Its basic design, materials, and principles have changed
little over the last one hundred years, yet transformer designs
and materials continue to be improved. In power transformer,
insulation performance of the main insulation is an important
factor for transformer reliable operation, while the end
insulation is the most important part of the main insulation. The
end insulation of power transformer will affect the reliability of
power transformer, and also affect the economy of power
transformer, that is manufacture cost. As a general software on
finite element, ANSYS is widely used in real world application.
Many researchers have been done on power transformers,
voltage transformers and current transformers using ANSYS,
among which however seldom were about the electromagnetic
interface on the above mentioned on transformer. In this paper,
the three-dimensional electromagnetic analysis of power
transformers based on ANSYS researches will be investigated in
detail.
Keywords— ANSYS, electromagnetic analysis, energy transfer,
power transformer.

I. INTRODUCTION
One of the most important features of electrical energy is
that it can be easily transported to areas far from where it is
produced. As it is known, the electrical energy is produced as
direct or alternating current. High-voltage power transmission
in direct current has gained a great importance in recent years.
However, this issue has not reached the desired level.
However, since the voltage of the alternating current
electricity is increased and decreased by the help of the
transformers, it is important that the energy is carried by the
alternating current. As an electric machine for lowering or
raising the alternating current without changing the power and
frequency of the alternating current, the transformers have an
important role in the transport of electric energy in AC.
Transformers are machines that change the voltage and
current values without changing the frequency freely by
electromagnetic induction according to the required ratio.

Various transformer types are available in industrial
applications shown in Fig.1.

Transformer

Instrument
Transformer

Step up/down
Transformer

Single/three
phase
Transformer

Power
Transformer

Distribution
Transformer

Current
Transformer

Potential
Transformer

Figure 1. Transformer Types
Power transformers [1-19] shown in Fig. 2 are located in
transmission and distribution grids. Transformers used in
industrial plants, production centers and service supply are
also under this group. Power transformers [5-17], designed in
consideration of international standards and customer
specifications, incorporate the widest range in terms of power,
voltage and regulation characteristics even though that are
similar in principle.
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Power transformers may be separated into 4 main groups
according to its usage purposes;
 Generator (step-up) transformers:
They are generally connected to the output of the
generator in power plants between 6.3 kV – 36 kV and
connected to the transmission lines by high voltage coil.
 Network transformers:
They are generally used as step-down transformer in
transformer substations.
 Industrial transformers:
They work as step-down transformer in industrial
facilities.
 Special-type transformers:
Furnace transformers may be separated as furnace
reactors, serial shunt reactors, current rectifiers, phaseshifting transformers.
ANSYS software is a general-purpose finite element
analysis software, which can be connected with most CAD
software interface to achieve data sharing and exchange. The
typical ANSYS analysis process is composed of three parts,
which are pre-processing, solving and post processing.
Many researchers have been done on power transformers,
voltage transformers and current transformers using ANSYS,
among which however seldom were about the electromagnetic
interface on the above mentioned on transformer. In this
paper, the three-dimensional electromagnetic analysis of
power transformers based on ANSYS researches will be
investigated in detail.
II. ANSYS
ANSYS is a computer program that analyzes and designs
with finite elements. This program is used to see how the
machine element or system under consideration operates, or in
other words, the behavior of the system. This program can be
used to calculate the optimum design for given operating
conditions, using design optimization features under the same
conditions. ANSYS program can be used in ventilation and
heating applications, industrial, space vehicles, automobile
design, machining, electronics, power generation systems and
so on.
It is often seen that the transformer is modeled and
analyzed using the ANSYS Maxwell® simulation program.
Once the model required to perform the transformer
simulation has been created, the following steps should be
followed:
1) Geometric model creation
2) Selection of transformer materials
3) Determination of border conditions
4) Network eye model creation
5) Application of current values flowing from the windings
6) Analysis
7) Evaluation of results

III. LITERATURE REVIEW ABOUT ANSYS BASED TRANSFORMER
Two or three dimensional design and analyses based on
ANSYS about three-phase power transformers for different
frequency level (low, medium) are presented in this section.
2D electromagnetic transient and thermal modelling of a
325 MVA three-phase five-legged power transformer based
on ANSYS Maxwell are presented [20]. 3D finite element
analysis of the same transformer is proposed in [21].
Magnetic force distribution and magneto striction in threephase power transformers are proposed [22].
Magnetic flux density and core loss of hexagonal and Buttlap structure on T-joint design of 1 MVA power transformer
are investigated with 3D analysis. It is concluded that the
proposed hexagonal form of T-joint is more efficient than the
Butt-lap one [23].
It is proposed that slots in horizontal plates of T-beams in
shell-form power transformers reduce stray losses and
increase efficiency [24].
Separable transformers are designed to use in contactless
energy transmission systems for various applications. Mutual
inductance model is used for the equivalent circuit. A novel
method is proposed for high coupling of the coil. Threedimensional model is simulated on ANSYS. Efficiency of the
separable transformer is investigated [25].
3D analysis of separable (detachable) transformer is
presented. Various core types are proposed for separable
transformers. Among of them PM-type core is proposed as the
best type [26].
Magnetic circuit and 3D model of contactless loosely
coupled transformer is presented. The results are compared for
the optimum core structure [27].
A new calculation technique for nonlinear electric field of
500 kV converter transformer, the effect of electrical stress on
conductivity and the effect of temperature on the dc steady
state electric field for converter transformer are presented [28].
Medium frequency transformers are significant for isolated
DC-DC converters with the aspect of high conversion ratio. A
medium frequency power transformer with nanocrystalline
core and a 5 kVA power capacity is used in a three-level
isolated DC-DC converter. Losses of the medium frequency
transformer for both the proposed three-level inverter and the
conventional two-level inverter are simulated on ANSYS
Electromagnetic Suite [29].
Design procedure and analysis of a 35 kVA medium
frequency power transformer with the nanocrystalline core
material is presented with a prototype. Frequency-magnetic
flux density relationship for different soft core materials, the
exact equivalent circuit and the flux distribution on the core of
the designed transformer are also proposed [30].
The influence of core material on efficiency of dry-type
transformers are investigated by comparison. 100 kVA drytype transformer is analyzed two dimensionally on ANSYS
Maxwell in this way [31].
Design specifications for high power, mid-high frequency
transformer are presented. Cold-rolling grain oriented silicon
steel slice (DG4) material is chosen for the core. A mid-high
frequency transformer is designed two dimensionally and its
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values are calculated for full bridge circuit. The thermal and
electric field analysis is obtained on ANSYS [32].
Electromagnetic, thermal and fluid flow model of medium
power dry-type transformer are proposed in detail. The
proposed model is experimentally verified by a dry type
transformer with a 630 kVA capacity [33].
Transient analysis during lightning impulse of dry-type
transformer is presented. Dry-type foil winding transformer is
modeled regarding each turn of winding on ANSYS Maxwell
[34].
Improvement of an efficient three-phase distribution
transformer consists of amorphous core and vegetable oil is
proposed. The proposed procedure is verified by experimental
results of a 75 kV distribution transformer prototype [35].
Optimization procedure of transformer insulation is
presented with improvements on software based on ANSYS
environment. The proposed improvement is implemented and
verified with a 10 kV prototype transformer [36].
Investigation of main insulating and electric field of singlephase power auto-transformer is presented on ANSYS [37].
2D model of transformer winding and leakage
electromagnetic field of a 10 kV transformer is presented by
ANSYS [38].
Electromagnetic model including Maxwell forces on the
core during the excitation of a power transformer is presented
to contribute to noise investigation with experimental results
[39].
Electromagnetic force analysis of a three-phase power
transformer winding coils is presented for vibration analysis
[40].
800 kVA shell form power transformer is presented with a
prototype with amorphous alloy core. Magnetic flux
distribution of coils and cores of the transformer is proposed
to enhance short circuit withstand ability [41].
Calculation of leakage inductance and winding deformation
analysis of power transformer is proposed [42].
IV. CONCLUSIONS
Power transformers are one of the most important
components of the electric power distribution system and the
absence of such an element can lead to very serious
consequences. Numerous techniques are used to detect and
identify transformer faults. To protect the transformer from
internal malfunctions, comprehensive studies are carried out
during the design, production and maintenance phases. For
this reason, modeling studies have gained a serious
importance in recent years. One of the weakest components of
modern transient simulation software is the power transformer
model. Many opportunities exist to improve the simulation of
its complicated behaviors, which include magnetic saturation
of the core, frequency-dependency, capacitive coupling, and
topologically correctness of core and coil structure. This paper
presents a literature research of transformer models with using
ANSYS Maxwell program. The remarkable points of key
references are presented and discussed in order to give an
accessible overview of development, implementation and
limitations of the most useful models proposed to date.

Techniques for representation of the most important behaviors
are examined, with the intent of providing the needed base for
continued development and improvement of transformer
models.
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Abstract— The role of purchasing departments has become more
important in success of organizational functions due to increasing
competition, globalization and specialization in recent years.
Supplier selection and order allocation process, which deploys a
vast amount of company’s financial resources, involves much
more than ranking the suppliers based on traditional economic
approaches. With the growing pressure by governments and
customers on companies to be green, firms have started to
consider environmental criteria along with economic criteria in
decision-making process. This study presents a fuzzy multiobjective linear programming model for green order allocation
problem. The problem consists of four objective functions that
aims to minimize the net cost, the number of rejected products, the
number of late deliveries and greenhouse gas emission level. To
gain more realistic outcomes for the solution and add vagueness
into mathematical model, fuzzy logic has been utilized. Moreover,
the changes in the weights of the objective functions have been
analysed in order to present alternative solutions to decisionmaker for various scenarios.
Keywords— Multi-objective linear programming, fuzzy set theory,
order allocation, greenhouse gas emission, food industry

I. INTRODUCTION
From raw material to product, workpieces follow a long path
with several value additive steps inside and outside the
company. Since companies operate in complex and different
fields, it is getting more and more inevitable not to cooperate
with other firms. Consequently, enterprises tend to collaborate
with suppliers that are specialized in related product or field of
operation in order to gain competitive advantage and reduce
their expenditures. Specifically, in manufacturing industries,
raw material and constituent elements can account for
approximately 70% of product cost [1]. Therefore, purchasing
departments play a significant role in profitability of
organizations. Currently, by the virtue of outsourcing, supplier
selection and evaluation is widely considered as an important
issue in supply chain management.
In recent years, under the depletion of natural resources and
regulations introduced by governments, companies have started
to attach importance to environmental management systems to
enhance their environmental performance. With the increase of
environmental consciousness, companies have started to
regulate their supplier selection process along with other
organizational processes such as logistics network design, new
product development and even production systems based on

green terms. Consequently, the process of supplier selection,
which is the first step of designing a supply chain, has
significantly evolved according to environmentalist approaches.
In addition to reducing costs, maintaining quality standards and
customer service level, companies are forced to comply with
environmental legislations by customers and governments. To
gain competitive advantage and enhance market share,
companies tend to collaborate with suppliers that incorporates
environmental management systems into their manufacturing
processes with lower cost and adequate level of quality.
From this point of view, this study aims to propose a multiobjective linear programming model to determine the quantities
of products provided by the suppliers considering
environmental and economic aspects.
The rest of the paper is organized as follows. In the following
section, a brief literature review on green supplier selection and
order allocation problem is given. Section three contains the
methodology to solve the green order allocation problem. A
case study of the proposed multi-objective linear model is
illustrated in section four. Findings, conclusions and future
research directions are presented in the last section.
II. LITERATURE REVIEW
Supply chain management is the process, which starts with
the selection of appropriate suppliers and mainly consists of
material management, production and distribution stages.
Green supply chain management philosophy considers how
companies utilize their processes, technology, and capability
concerning supplier selection, evaluation, and integrating
environmental concerns, to increase their competitive
advantage [2]. Owing to increasing awareness in environmental
issues, supplier selection and order allocation processes focus
on green aspects as well as traditional economic ones.
In literature, numerous studies exist on supplier selection and
order allocation problem. However, only few articles have
integrated green criteria in this problem. Srivastava [3]
reviewed the literature of green supply chain management in
2007. Igarashi et al. [4] examined the published papers between
1991 and 2011 and gave an insight into requirements on greener
supplier selection and conceptual model development. A
comprehensive literature review on green supplier selection
that principally focuses on AHP method, has presented by
Govindan et al. [5] recently.
The subject of this study, green supplier selection and order
allocation problem, can be mainly divided into four categories
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according to solution approaches such as mathematical
programming, artificial intelligence, analytical and qualitative
approaches [6].
Shaw et al. [7] suggested an integrated methodology based
on fuzzy AHP and fuzzy multi-objective linear programming
model. In this study, AHP was used to determine the criteria
weights and mathematical model was used to allocate the
orders. Amid et al. [8] developed a weighted max-min model
for fuzzy multi-objective supplier selection including AHP in a
similar vein; the weights of the criteria were gathered. A
weighted additive fuzzy programming approach was
implemented in a textile firm for allocating the orders by Yücel
and Güneri [9].
A dynamic optimization adjustment program by using AHP
and genetic algorithm was introduced by Yan [10]. Another
study based on artificial intelligence was proposed by
Thongchattu and Siripokapirom [11] consisting of AHP and
artificial neural network in order to minimize a limitation error
set.
As analytical approaches, Rostamzadeh et al. [12]
implemented fuzzy VIKOR method for the solution of green
supplier selection problem of a laptop manufacturer in
Malaysia. Sivakumar et al. [13] proposed an integrated
approach including analytical and qualitative methods, AHP
and Taguchi loss functions, in mining industry.
The literature review has stated that researchers generally
have focused on supplier selection rather than order allocation
problem. Furthermore, fuzzy logic has been used in most of the
studies to add ambiguity in decision-making process. To deal
with our problem, a fuzzy multi-objective mathematical model
has been utilized. Four objective functions related to cost,
quality, lead-time and greenhouse gas emission are determined
based on expert’s remarks and the literature review. As the
demands of products and the objectives are not certain, the
mathematical model has been fuzzified by Zimmermann [14]
approach in order to include vagueness.
III. METHODOLOGY

A. Fuzzy Linear Programming
The conventional linear programming model to find
minimum or maximum values of objective function consists of
parameters, objective function, decision variables and
constraints denoted by certain values. However, it is not always
possible to define every problem with the conventional linear
programming model due to uncertainties and vagueness
inherited. Therefore, fuzzy linear programming models are
considered as useful tools for representing unclear, vague
information in order to formulate mathematical models. These
models differ in solution approaches derived from their vague
components [15]. Since our problem comprises ambiguous data
in both objective function and constraints, the fuzzy linear
programming model proposed by Zimmermann [14] has been
adapted to solve the problem. Conventional linear
mathematical model and Zimmerman approach [14] are shown
below.

Classical formulation of a linear programming model is given
in Eq.1.
𝑀𝑖𝑛𝑖𝑚𝑖𝑧𝑒 𝑜𝑟 𝑀𝑎𝑥𝑖𝑚𝑖𝑧𝑒 𝑍 = 𝐶𝑥

(1)

𝑆𝑢𝑏𝑗𝑒𝑐𝑡 𝑡𝑜 𝐴𝑥 ≤ 𝑏
𝑥≥0

The model can be transformed into fuzzy linear model as
representing in Eq.2.
̃≤
̃𝑍
𝐶𝑥
̃ ≤
̃𝑏
𝐴𝑥

(2)

𝑥≥0

To provide fuzziness and vagueness, a fuzzy set must
uniquely be determined by its membership functions, which is
a subset of the non-negative real numbers [7]. The general
membership functions of a fuzzy minimization objective and a
fuzzy constraint are given in Eq. 3 and Eq. 4, respectively.
1
𝑖𝑓 𝑍𝑗 (𝑥) ≤ 𝑍𝑗 − (𝑥)
𝑍𝑗 (𝑥) − 𝑍𝑗 (𝑥)
𝑖𝑓 𝑍𝑗 − (𝑥) ≤ 𝑍𝑗 (𝑥) ≤ 𝑍𝑗 + (𝑥)
𝜇𝑍𝑗 (𝑥) =
𝑍𝑗 + (𝑥) − 𝑍𝑗 − (𝑥)
+

+

0

{

𝑖𝑓 𝑍𝑗 (𝑥) ≥ 𝑍𝑗 (𝑥)

(3)
}

In Eq. 3, 𝑍𝑗 (𝑥) shows the function of minimization objective,
𝑍𝑗 + (𝑥) is the upper bound of the objective and 𝑍𝑗 − (𝑥) is the
lower bound of the objective.
𝜇𝐶𝑘 (𝑥)
𝐶𝑘 (𝑥) − (𝑏𝑘 − 𝑑𝑘 )
𝑖𝑓 𝑏𝑘 − 𝑑𝑘 ≤ 𝐶𝑘 (𝑥) ≤ 𝑏𝑘
𝑑𝑘
= (𝑏𝑘 + 𝑑𝑘 ) − 𝐶𝑘 (𝑥)
𝑖𝑓 𝑏𝑘 ≤ 𝐶𝑘 (𝑥) ≤ 𝑏𝑘 + 𝑑𝑘
𝑑𝑘
0
𝑖𝑓 𝐶𝑘 (𝑥) ≤ 𝑏𝑘 − 𝑑𝑘 , 𝐶𝑘 (𝑥) ≥ 𝑏𝑘 + 𝑑𝑘 }
{

(4)

In Eq. 4, 𝐶𝑘 (𝑥) shows the constraint function, 𝑏𝑘 is the right
hand side value of the constraint and 𝑑𝑘 is the tolerance interval
of the constraint.
The membership functions are incorporated into the fuzzy
weighted additive linear model proposed by Tiwari et al. [16],
Shaw et al. [7] and Amid et al. [17], which is shown in Eq. 5.
𝑞

ℎ

𝑚𝑎𝑥𝑖𝑚𝑖𝑧𝑒 ∑ 𝑤𝑗 𝑗 + ∑ 𝛽𝑘 𝛾𝑘
𝑗=1

𝑘=1

𝑠𝑢𝑏𝑗𝑒𝑐𝑡 𝑡𝑜

𝑗 ≤ 𝜇𝑍𝑗 (𝑥)

𝑗 = 1,2, … , 𝑞 (𝑓𝑜𝑟 𝑜𝑏𝑗𝑒𝑐𝑡𝑖𝑣𝑒 𝑓𝑢𝑛𝑐𝑡𝑖𝑜𝑛𝑠)

𝛾𝑘 ≤ 𝜇𝐶𝑘 (𝑥)

𝑘 = 1,2, … , ℎ (𝑓𝑜𝑟 𝑓𝑢𝑧𝑧𝑦 𝑐𝑜𝑛𝑠𝑡𝑟𝑎𝑖𝑛𝑡𝑠)

𝐶𝑟 (𝑥) ≤ 𝑏𝑟
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𝑟 = ℎ + 1, … , 𝑚 (𝑓𝑜𝑟 𝑑𝑒𝑡𝑒𝑟𝑚𝑖𝑛𝑖𝑠𝑡𝑖𝑐 𝑐𝑜𝑛𝑠𝑡𝑟𝑎𝑖𝑛𝑡𝑠)

𝑗 , 𝛾𝑘 ∈ [0,1]
𝑞

ℎ

∑ 𝑤𝑗 + ∑ 𝛽𝑘 = 1
𝑗=1

𝑥𝑖 , 𝑤𝑗 , 𝛽𝑘 ≥ 0

𝑖 = 1,2, … , 𝑛

𝑘=1

𝑗 = 1,2, … , 𝑞

𝑘 = 1,2, … , ℎ

(5)
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where 𝜇𝑍𝑗 (𝑥) and 𝜇𝐶𝑘 (𝑥) express membership functions of
objective function and constraints. In addition, 𝑤𝑗 and 𝛽𝑘
represent the weights of fuzzy goal and constraints,
respectively.

𝑁

𝑁

𝑁

∑ 𝑥𝑖𝑗 ≅ 𝐷𝑗

(10)

∀𝑗 ∈ 𝑀

𝑖=1
𝑁

𝑀

∑ ∑ 𝑥𝑖𝑗 ≤ 𝑐𝑖𝑗

(11)

𝑖=1 𝑗=1
𝑁

𝑀

∑ ∑ 𝑔𝑖𝑗 𝑥𝑖𝑗 ≤ 𝐺

(12)

𝑖=1 𝐽=1
𝑁

(13)

∀𝑗 ∈ 𝑀

𝑖=1

1
2
3
1
2
3
1
2
3
1
2
3

1700
1000
1000
900
500
1200
1100
2000
600
800
1000
400

4
2
7
3
2
8
4
2.5
6
5
3
5

2

Fuzzy multi-objective model
𝑁

𝑀

̃1 = ∑ ∑ 𝑝𝑖𝑗 𝑥𝑖𝑗
𝑀𝑖𝑛𝑖𝑚𝑖𝑧𝑒 𝑍

(6)

3

𝑖=1 𝑗=1

4
𝑁

𝑀

̃2 = ∑ ∑ 𝑙𝑖𝑗 𝑥𝑖𝑗
𝑀𝑖𝑛𝑖𝑚𝑖𝑧𝑒 𝑍

(7)

Greenhouse
gas emission
(g)

1

Rejection
rate (%)

TABLE 1
DESCRIPTIVE DATA ABOUT SUPPLIERS
Late delivery
rate (%)

Parameters
number of suppliers
number of products
capacity of supplier i for product j
late delivery rate of supplier i for product j
rejection rate of supplier i for product j
greenhouse gas emission of supplier i for
product j
net price of product j provided by supplier i
budget for product j
demand for product j
desired greenhouse gas emission level for
sourcing products

Price ($)

Decision variable
xij
amount of product j provided by supplier i.

Capacity
(item)

index for suppliers
index for products

(14)

Four objective functions, given in Eq. 6 to Eq. 9, aim to
minimize the cost of purchasing, the number of late deliveries,
the number of rejected products and the greenhouse gas
emission level of suppliers, respectively.
Eq. 10 shows that the demand of each product is satisfied.
Eq. 11 is used to provide capacity restrictions. Eq. 12 provides
the overall greenhouse gas emission level within the
predetermined limit value. Eq. 13 illustrates the budget
constraint for each product and Eq. 14 ensures that the decision
variables are positive integers.
Descriptive data about suppliers, which are late delivery rate,
rejection rate, greenhouse gas emission, capacity and net price
values based on products are presented in Table 1.

Product
(item)

Indices

𝑥𝑖𝑗 ≥ 0

Supplier

Notation

pij
Bj
Dj
G

(9)

𝑖=1 𝑗=1

∑ 𝑝𝑖𝑗 𝑥𝑖𝑗 ≤ 𝐵𝑗

All objectives comprise fuzziness.
Demands of all products have vagueness.
The weights of each objective and fuzzy constraint are
known.

N
M
cij
lij
rij
gij

𝑀

̃4 = ∑ ∑ 𝑔𝑖𝑗 𝑥𝑖𝑗
𝑀𝑖𝑛𝑖𝑚𝑖𝑧𝑒 𝑍

Assumptions

i
j

(8)

𝑖=1 𝑗=1

IV. A CASE STUDY
The main subject of this study is the order allocation problem
of a food company that has been through the process of new
product development. Owing to increasing consciousness of
environmental theme and pressures enhanced by lawmakers
and customers, the company tends to count environmental
criteria in decision-making process. As the problem includes
ambiguity and vagueness in objectives and demands for the
products, fuzzy logic has been used. To solve the problem, a
fuzzy multi-objective linear programming model has been
developed to determine the quantities of products to be supplied
by the producers. Assumptions and notation of the proposed
model are represented below.




𝑀

̃3 = ∑ ∑ 𝑟𝑖𝑗 𝑥𝑖𝑗
𝑀𝑖𝑛𝑖𝑚𝑖𝑧𝑒 𝑍

0.05

0.02

0.8

0.04

0.01

0.75

0.02

0.05

0.9

0.03

0.02

1.1

𝑖=1 𝑗=1

The budget of the company for each product and predicted
demand values for the products are illustrated in Table 2. To
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clarify, the demand for Product 1 is predicted as 3500 and it is
assumed that it can fluctuate the values between 3200 and 3900.

constraints are used to generate membership functions. Total
seven membership functions are expressed below.
1
39500 − 𝑍1 (𝑥)
𝜇𝑍1 (𝑥) = {
4300
0

TABLE 2
DATA ABOUT BUDGET AND DEMAND OF COMPANY
Product
1
2
3

Budget ($)
14500
10000
15000

Demand (item)
3500 [3200,3900]
4000 [3800,4100]
2000 [1800,2100]

1
367 − 𝑍2 (𝑥)
𝜇𝑍2 (𝑥) = {
71
0
1
300 − 𝑍3 (𝑥)
𝜇𝑍3 (𝑥) = {
88
0

The complete fuzzy multi-objective mathematical model to
solve the problem is shown below.
̃1 = 4𝑥11 + 2𝑥12 + 7𝑥13 + 3𝑥21 + 2𝑥22 + 8𝑥23 + 4𝑥31 + 2.5𝑥32 + 6𝑥33
𝑍
+ 5𝑥41 + 3𝑥42 + 5𝑥43

̃3 = 0.02(𝑥11 + 𝑥12 + 𝑥13 ) + 0.01(𝑥21 + 𝑥22 + 𝑥23 )
𝑍
+ 0.05(𝑥31 + 𝑥32 + 𝑥33 ) + 0.02(𝑥41 + 𝑥42 + 𝑥43 )

𝑠𝑢𝑏𝑗𝑒𝑐𝑡 𝑡𝑜

𝑥12 + 𝑥22 + 𝑥32 + 𝑥42 ≅ 4000
𝑥13 + 𝑥23 + 𝑥33 + 𝑥43 ≅ 2000
𝑥11 + 𝑥21 + 𝑥31 + 𝑥41 ≤ 14500

𝑖𝑓 296 ≤ 𝑍2 (𝑥) ≤ 367}
𝑖𝑓 𝑍2 (𝑥) ≥ 367
𝑖𝑓 𝑍3 (𝑥) ≤ 212
𝑖𝑓 212 ≤ 𝑍3 (𝑥) ≤ 300}
𝑖𝑓 𝑍3 (𝑥) ≥ 300

𝐶3 (𝑥) − 1800
𝑖𝑓 1800 ≤ 𝐶3 (𝑥) ≤ 2000
200
𝜇𝐶3 (𝑥) = 2100 − 𝐶3 (𝑥)
𝑖𝑓 2000 ≤ 𝐶3 (𝑥) ≤ 2100
100
0
𝑖𝑓 𝐶3 (𝑥) ≤ 1800, 𝐶3 (𝑥) ≥ 2100}
{

𝑥12 + 𝑥22 + 𝑥32 + 𝑥42 ≤ 10000
𝑥13 + 𝑥23 + 𝑥33 + 𝑥43 ≤ 15000
0.8(𝑥11 + 𝑥12 + 𝑥13 ) + 0.75(𝑥21 + 𝑥22 + 𝑥23 ) + 0.9(𝑥31 + 𝑥32 + 𝑥33 )
+ 1.1(𝑥41 + 𝑥42 + 𝑥43 ) ≤ 9000
𝑥11 ≤ 1700,

𝑥12 ≤ 1000,

𝑥21 ≤ 900,

𝑥22 ≤ 500,

𝑥31 ≤ 1100,

𝑥32 ≤ 2000,

𝑥33 ≤ 600

𝑥41 ≤ 800,

𝑥42 ≤ 1000,

𝑥43 ≤ 400

After building the membership functions according to
tolerances and calculating the lower and upper bounds of
objectives, the crisp formulation of fuzzy equally weighted
multi-objective model is constructed as follows.

𝑥13 ≤ 1000
𝑥23 ≤ 1200

𝑀𝑎𝑥𝑖𝑚𝑖𝑧𝑒 1 + 2 + 3 + 4 + 𝛾1 + 𝛾2 + 𝛾3
𝑠𝑢𝑏𝑗𝑒𝑐𝑡 𝑡𝑜

𝑖 ∈ 𝑁, 𝑗 ∈ 𝑀

1 ≤ [39500 − (4𝑥11 + 2𝑥12 + 7𝑥13 + 3𝑥21 + 2𝑥22 + 8𝑥23 + 4𝑥31 + 2.5𝑥32

𝑖 ∈ 𝑁, 𝑗 ∈ 𝑀

+ 6𝑥33 + 5𝑥41 + 3𝑥42 + 5𝑥43 )]/4300

In order to compute each lower and upper bound of the
objective functions, each objective is minimized and
maximized one by one. The data set obtained from calculation
of objective functions are given in Table 3.

2 ≤ [367 − 0.05(𝑥11 + 𝑥12 + 𝑥13 ) − 0.04(𝑥21 + 𝑥22 + 𝑥23 )

− 0.02(𝑥31 + 𝑥32 + 𝑥33 ) − 0.03(𝑥41 + 𝑥42
+ 𝑥43 )]/71

3 ≤ [300 − 0.02(𝑥11 + 𝑥12 + 𝑥13 ) − 0.01(𝑥21 + 𝑥22 + 𝑥23 )

− 0.05(𝑥31 + 𝑥32 + 𝑥33 ) − 0.02(𝑥41 + 𝑥42
+ 𝑥43 )]/88

TABLE 3
OBJECTIVE FUNCTION VALUES ACCORDING TO MEMBERSHIP FUNCTIONS
=1
35200
296
212
7920

𝑖𝑓 𝑍2 (𝑥) ≤ 296

𝐶2 (𝑥) − 3800
𝑖𝑓 3800 ≤ 𝐶2 (𝑥) ≤ 4000
200
𝜇𝐶2 (𝑥) = 4100 − 𝐶2 (𝑥)
𝑖𝑓 4000 ≤ 𝐶2 (𝑥) ≤ 4100
100
0
𝑖𝑓 𝐶2 (𝑥) ≤ 3800, 𝐶2 (𝑥) ≥ 4100}
{

𝑥11 + 𝑥21 + 𝑥31 + 𝑥41 ≅ 3500

Objective function
Z1
Z2
Z3
Z4

𝑖𝑓 𝑍1 (𝑥) ≥ 39500

𝐶1 (𝑥) − 3200
𝑖𝑓 3200 ≤ 𝐶1 (𝑥) ≤ 3500
300
𝜇𝐶1 (𝑥) = 3900 − 𝐶1 (𝑥)
𝑖𝑓 3500 ≤ 𝐶1 (𝑥) ≤ 3900
400
0
𝑖𝑓 𝐶1 (𝑥) ≤ 3200, 𝐶1 (𝑥) ≥ 3900}
{

̃4 = 0.8(𝑥11 + 𝑥12 + 𝑥13 ) + 0.75(𝑥21 + 𝑥22 + 𝑥23 ) + 0.9(𝑥31 + 𝑥32 + 𝑥33 )
𝑍
+ 1.1(𝑥41 + 𝑥42 + 𝑥43 )

𝑥𝑖𝑗 𝑎𝑟𝑒 𝑖𝑛𝑡𝑒𝑔𝑒𝑟

𝑖𝑓 35200 ≤ 𝑍1 (𝑥) ≤ 39500}

1
𝑖𝑓 𝑍4 (𝑥) ≤ 7920
8615 − 𝑍4 (𝑥)
𝜇𝑍4 (𝑥) = {
𝑖𝑓 7920 ≤ 𝑍4 (𝑥) ≤ 8615}
695
0
𝑖𝑓 𝑍4 (𝑥) ≥ 8615

̃2 = 0.05(𝑥11 + 𝑥12 + 𝑥13 ) + 0.04(𝑥21 + 𝑥22 + 𝑥23 )
𝑍
+ 0.02(𝑥31 + 𝑥32 + 𝑥33 ) + 0.03(𝑥41 + 𝑥42 + 𝑥43 )

𝑥𝑖𝑗 ≥ 0

𝑖𝑓 𝑍1 (𝑥) ≤ 35200

4 ≤ [8615 − 0.8(𝑥11 + 𝑥12 + 𝑥13 ) − 0.75(𝑥21 + 𝑥22 + 𝑥23 )

− 0.9(𝑥31 + 𝑥32 + 𝑥33 ) − 1.1(𝑥41 + 𝑥42 + 𝑥43 )]/695

=0
39500
367
300
8615

𝛾1 ≤ [3900 − 𝑥11 − 𝑥21 − 𝑥31 − 𝑥41 ]/400
𝛾1 ≤ [𝑥11 + 𝑥21 + 𝑥31 + 𝑥41 − 3200]/300
𝛾2 ≤ [4100 − 𝑥12 − 𝑥22 − 𝑥32 − 𝑥42 ]/100

Since having vagueness in four objective functions and three
constraints, upper and lower bounds of objective functions and

𝛾2 ≤ [𝑥12 + 𝑥22 + 𝑥32 + 𝑥42 − 3800]/200
𝛾3 ≤ [2100 − 𝑥13 − 𝑥23 − 𝑥33 − 𝑥43 ]/200
𝛾3 ≤ [𝑥13 + 𝑥23 + 𝑥33 + 𝑥43 − 1800]/200
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deals with the problem where the weight of 1 is 0.4 while
others are set to 0.1. Similarly Scenario 2 considers the problem
where the weight of 2 is 0.4 while others are adjusted to 0.1,
Scenario 3 tackles the problem where the weight of 3 is 0.4
while others are set to 0.1 and Scenario 4 considers the problem
where the weight of 4 is 0.4 while others are adjusted to 0.1.
The solutions of four scenarios are summarized in Table 6.

𝑥11 + 𝑥21 + 𝑥31 + 𝑥41 ≤ 14500
𝑥12 + 𝑥22 + 𝑥32 + 𝑥42 ≤ 10000
𝑥13 + 𝑥23 + 𝑥33 + 𝑥43 ≤ 15000
0.8(𝑥11 + 𝑥12 + 𝑥13 ) + 0.75(𝑥21 + 𝑥22 + 𝑥23 ) + 0.9(𝑥31 + 𝑥32 + 𝑥33 )
+ 1.1(𝑥41 + 𝑥42 + 𝑥43 ) ≤ 9000
𝑥11 ≤ 1700,

𝑥12 ≤ 1000,

𝑥21 ≤ 900,

𝑥22 ≤ 500,

𝑥31 ≤ 1100,

𝑥32 ≤ 2000,

𝑥33 ≤ 600

𝑥41 ≤ 800,

𝑥42 ≤ 1000,

𝑥43 ≤ 400

𝑥𝑖𝑗 ≥ 0

𝑥13 ≤ 1000
𝑥23 ≤ 1200

TABLE 6
THE SOLUTIONS FOR DIFFERENT SCENARIOS
Supplier
1

𝑖 ∈ 𝑁, 𝑗 ∈ 𝑀

𝑥𝑖𝑗 𝑎𝑟𝑒 𝑖𝑛𝑡𝑒𝑔𝑒𝑟

𝑖 ∈ 𝑁, 𝑗 ∈ 𝑀
2

LINDO 6.1 software is used to solve the mathematical model
by Zimmermann approach [12] where the weights of all
membership functions are assumed to be same. The quantities
of products to be provided by the suppliers and objective
function values are given in Table 4 and Table 5, respectively.

3

4
TABLE 4
ORDER QUANTITIES TO BE PROVIDED BY THE SUPPLIERS
Product
1
2
3
1
2
3
1
2
3
1
2
3

2

3

4

S-1
1700
1000
800
900
500
0
600
2000
600
0
500
400

S-2
400
500
0
900
500
800
1100
2000
600
800
1000
400

S-3
1700
1000
350
900
500
1200
0
1500
0
600
1000
400

S-4
1700
1000
600
900
500
1200
600
2000
0
0
300
0

The variation of four objective function values according to
four different scenarios are illustrated in Fig. 1 to Fig. 4.

Order quantity
1700
1000
0
900
500
950
900
2000
600
0
500
400

Z1
OBJECTIVE VALUE

Supplier
1

Product
1
2
3
1
2
3
1
2
3
1
2
3

37000
36000
35000
34000
33000
32000
31000
30000

36300
34700

34600

32600

S-1

S-2

S-3

S-4

TABLE 5
OBJECTIVE FUNCTION VALUES
Value
35800
326
270.5
8062.5

As shown in Table 4 and Table 5, by using equally weighted
approach, when the ranges of demand for all products lie within
the predicted values, total cost of purchasing, the number of late
delivered products, the number of rejected products and
greenhouse gas emission level are obtained as $35800, 936
products, 847 products and 25465 g, respectively.
In order to suggest different alternatives to decision maker,
the weights of the minimum acceptable achievement levels are
changed for objectives and constraints. According to the
significance level of objective functions, four scenarios are
generated. Each scenario is tackled with the importance of an
objective function, which takes value of 0.1 and 0.4 based on
the sum of weights for all objectives and constraints equals to
one (6x0.1+1x0.4=1). To clarify this statement, Scenario 1

Fig. 1 shows that the first objective function values range
between $32600 and $36300 where Scenario 1 has the
minimum value and Scenario 3 obtains the maximum value.
When the weight of the first objective function is higher than
the others, the model finds the minimum value for the cost of
purchasing as expected.
Z2
OBJECTIVE VALUE

Objective function
Z1
Z2
Z3
Z4

Fig. 1 The variation of Z1 objective values based on four different scenarios

400
350

346,5
322

330

273

300
250
200
S-1

S-2

S-3

S-4

Fig. 2 The variation of Z2 objective values based on four different scenarios
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For the second objective function that is shown in Fig. 2,
Scenario 2 gets the lowest value with 273 and Scenario 3 has
the highest value with 346.5 for the number of late delivered
products. As for the second objective function has the highest
weight for Scenario 2, the mathematical model gives priority to
minimize the second objective.

OBJECTIVE VALUE

Z3
262

constraints, the mathematical model has been fuzzified by
Zimmermann approach [12]. Moreover, the changes in the
objective functions’ weights have been investigated which lets
the decision-maker choose the suitable one among the
alternatives.
For further research, new constraints such as transportation
cost or quantity discounts can be added to the model. Another
research direction might be to develop a decision support
system by which order sizes can be obtained directly.

269
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Abstract — In this study, an outer rotor low voltage
Line Start Synchronous Motor is designed and
simulated by using Finite Element Method for electric
vehicles to be used instead of asynchronous and
synchronous motors. First, asynchronous motor
design, one of the methods for determining initial
parameters of LSSM in literature, is carried out and
the magnets are placed in various size and alignments.
The most suitable motor geometry and magnet shape is
determined by evaluating the simulation results. The
results of simulations show that the desired output
dynamics are achieved by taking into consideration the
motor performance presented in the literature.
Keywords — Line Start Synchronous Motor, Motor
Design, Synchronization Problem, Electric Vehicle

I. INTRODUCTION
In recent years, due to the decrease in fossil fuels
reserves and the increase in contribution to
environmental pollution, the tendency to change
engine types of vehicles with high harmful emission
values and renewable clean energy sources is
increasing steadily. In this context, the work on the
electric vehicle(EV) has gained importance owing to
zero emission vehicles (ZEVs).
A modern electric vehicle drive train includes
major three parts: electric energy source, electric
motor drive and mechanical transmission. Also,
there are many auxiliary subsystems like energy
management, climate control units and power
electronic converters. Each sub-system in electric
vehicles is diversified. In literature, six types of EV
configurations in power train are used as shown in
Fig. 1 [1]. The options of configurations in an EV
include principally propulsion mode, number of
electric motors in a vehicle, drive approach and
number of transmission gear levels. One of them, inwheel direct-drive type, allows to control the wheel
speed by the outer motors directly [2].

Fig. 1 Electric vehicle drive system

In EVs, the torque speed or power-speed
characteristic is determined by the electric motors
directly (Fig. 2). Desired characteristics for EV, a
high torque at low speed for starting and
acceleration, can be provided by them effectively.
Typical performances of electric motor drives have
two regions: constant torque area up to base speed
and constant power area between base speed and
maximum speed. In previous studies, selecting the
most appropriate motor drives for an EV is discussed
[2] [3] [4]. Motors for EV can be classified in two
groups; the commutator motors and commutatorless
motors. Traditional dc motors, consisting of series,
shunt, field excited and PM excited type, are
commonly used because of simple controls. After
technological
developments,
commutatorless
electric motors have become more attractive because
of many advantages like higher efficiency, higher
power density and lower operating cost. Switch
Reluctance Motor (SRM), Induction Motor (IM),
Permanent Magnet Synchronous Motor (PMSM),
Brushless DC Motor (BLDC) and hybrid motors are
included in this group.

- 196 -

6th International Conference on Advanced Technology & Sciences (ICAT'Riga)

Sep 12-15, 2017, Riga/LATVIA

___________________________________________________________________________________________________________

dimensions, bar geometry, magnet size and magnet
shape are optimized by using Finite Element Method
(FEM).
In this study, three kinds of outer rotor LSSMs are
designed and analyzed by FEM with various type of
magnet alignments instead of a low-efficient
asynchronous motor and low driving dynamics
synchronous motor for electrical vehicle consisting
of in wheel drive, fully abandoning any mechanical
gearing.
II. DESIGN
Design procedures include three steps; calculating
initial motor geometry and determining electrical
specifications, placing magnet and parametric
solution by FEM method.

Fig. 2 Power and torque demand curve in electric vehicles

The design and comparative study for a PMSM
with various winding type, IM, and SRM for an EV
shows that each of them demonstrates its own unique
characteristic for EVs and their highest efficiency
region is located at various torque-speed regions.
Stator geometry, pole per slot combination and
control strategy have an impact on noise and
vibration performance. Comparison of loss and
efficiency at typical operating points presents that
the most efficient motor is the PMSM [5]. In
addition, an interior PMSM and a surface-mounted
PMSM compare with an IM according to output
power and efficiency at the same geometry and
inverter dimensions in another study. the results of
the paper show that PMSMs are more efficient than
IM because of no cage losses [6].
However, neither the induction motor nor the
synchronous motor can meet the needs. In the
literature, Line-Start Synchronous Motor (LSSM) is
designed to combine the advantages of induction
motor and synchronous motor. In these studies, the
opportunities and design challenges of the motor
have been covered. Despite higher cost and
synchronization problems, LSSM has high
efficiency, high power factor and high-power
density when compared to other motors [7]. The
discussion in start-up and synchronization period
shows the effect of magnetizing inductance, magnet
flux and saliency on the critical load [8]. Also, the
result of another study about the impact of squirrel
cage shape on the motor synchronization shows that
the asymmetrical cage useful to improve start-up
performance [9]. In addition, the research has been
conducted on motor efficiency and production cost
by using different materials on magnets [10].
Another way to solve the initial synchronization
problem is to take an advantage of the deep bar effect
[11].
Many kinds of methods have been used to design
LSSM in literature. The easiest method is by adding
a magnet inside the rotor of the induction motors. In
the study, there is a significant improvement in
power factor and efficiency when comparing the
induction motor with LSSM [12]. Another method is
to add squirrel cage to the rotor of the synchronous
motor [13]. After the initial motor dimensions are
determined, motor parameters like motor

A. Analytical Design of LSPMSM
The analytical design consists of 4 steps;
determining the main dimensions, selecting the
stator winding type and calculating stator electrical
specifications and determining squirrel cage design
details. In this study, in order to determining initial
values, the geometrical and electrical parameters of
LSSM are determined like an induction motor
design. Parameters of the motor, whose output
power, number of phases and speed are known, are
calculated as follows. In this study, design
considerations are given TABLE I
TABLE I
MOTOR SPECIFICATIONS

Output
Power

Number
of Phase

2 kW

3

Power
Supply
96V
DC

Speed

Motor
Diameter

750
rpm

200 mm

𝐸𝑝ℎ =Back EMF per phase
𝐼𝑝ℎ =Phase current
𝜂=Efficiency
KW =Real power
KVA =Apparent Power
cos 𝜃=Power factor at rated load
𝐾𝑊 = 𝐾𝑉𝐴. 𝜂. 𝑐𝑜𝑠 𝜃
𝐾𝑉𝐴 = 3. 𝐸𝑝ℎ . 𝐼𝑝ℎ . 10−3

Eq. 1
Eq. 2

1)
Motor dimensions
In literature, the suitable value of 𝐵𝑎𝑣 is between
0.35 -0.6 Tesla. Selecting higher value of 𝐵𝑎𝑣 gives
some advantages like reducing size of motor,
decreasing the cost and increasing overload capacity.
𝑃𝑁
𝑃𝑛
𝑓= 𝑠= 𝑠
Eq. 3
120
2
𝑛𝑠 =Synchoronus speed (rps)
𝑃=Number of poles
𝜙=

𝐵𝑎𝑣 .𝜋𝐷𝐿
𝑝

∅ =Flux in the airgap per pole
𝐵𝑎𝑣 = Average flux density in airgap
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𝐷=Motor diameter
𝐿=Motor Length

It is assumed that the MMK on the route is about
0.85 according to the stator;
𝑅𝑜𝑡𝑜𝑟 𝑀𝑀𝐾 = 0,85 . 𝑆𝑡𝑎𝑡𝑜𝑟 𝑀𝑀𝐾
Eq. 16
𝑆𝑟
𝐼𝑏 . = 0,85 . (3. 𝐼𝑠 . 𝑇𝑠 )
Eq. 17

High current carrying capacity, while reducing
engine bulk, results in more copper loss and
temperature increase. The value can be selected
between 10000 – 450000.

2

𝐴𝑏 =

𝑎𝑐𝑥𝜋𝐷

𝐾𝑉𝐴

2

𝐷 𝐿=

3𝑥2

𝐶0 𝑛𝑠

Eq. 5

𝐴𝑒 =

Eq. 6

𝐼𝑒
𝛿𝑒

(𝑚𝑚2 )

Eq. 20

𝐼𝑒 =End ring current
𝛿𝑒 = Current density in end ring (5 – 8 A/mm2 )

𝑎𝑐= Current carrying capacity per meter of
conductor

B. Dynamic Model of LSPMSM
The proposed model is PMSM with a squirrelcage that allows to improve motor performance at
asynchronous operation.

The relationship between D and L is also great
importance in determining the characteristic of the
motor. In this work, the appropriate measures are
selected for the vehicle wheel.
𝐶0 = 1,11. 𝜋 2 . 𝐾𝑤 . 𝐵𝑎𝑣 . 𝑎𝑐. 10−3
𝐾𝑤 =Winding factor

Eq. 18

𝐼𝑒 =
Eq. 19
𝜋𝑃
𝐼𝑏 = Rotor bar current
𝛿𝑏 =Current density in the rotor bar (4 – 7 A/mm2)

𝑇𝑝ℎ =Number of turns per phase
𝑇𝑝ℎ . 𝐼𝑝ℎ =

𝐼𝑏

𝛿𝑏
𝑆𝑟 𝐼𝑏

Eq. 7

2)
Stator Parameters
Stator consists of a stator core and stator slots.
Types of the slots, open slot and semi-closed slot,
have impact on power factor and manufacturing.
Assembly of semi-closed slots is much difficult
compared with open slots. However, motor
characteristics is better than the other.
𝐾𝑉𝐴.1000

𝐼𝑠 =
𝑎𝑠 =

𝐼𝑠

3.𝐸𝑠

𝛿𝑠

𝑆𝑠 = 2𝑀𝑔𝑃
𝜋𝐷
𝑌𝑠𝑠 =
𝑆𝑠

Eq. 8
Eq. 9
Eq. 10
Eq. 11

Fig. 3 Proposed Model

In the literature, 2 phase representations of 3
phase systems is given in Fig. 4. In this model,
current and rotor position variables are accepted as
state variables. However, the equations can also be
written in dependence on the rotor flux and rotor
position. The electromechanical moment and rotor
speed are selected as the output of the space
(Eq.21 - Eq. 26).

where;
g=Number of slot per pole per phase
𝑎𝑠 =Conductor area
M=Number of phase
𝛿𝑠 =Current density of conductor (3-5 A/mm2) ;
𝑆𝑠 =Number of slot
6.𝑇
𝑍𝑠𝑠 = 𝑠
Eq. 12
𝑆𝑠

𝐿𝑔 = 0.2 + 2√(𝐷𝐿)
where;
𝑍𝑠𝑠 =Number of total conductors,
𝐿𝑔 =airgap (mm)
3)
𝑌𝑠 =

Eq. 13
𝑉𝑑 = (𝑅𝑠 +
𝑑
𝑑𝑡

𝑆𝑟
𝑆𝑟

𝑔2 =
2𝑃
where;
𝑌𝑠 =Slot pitch
𝑔2 =Number of slot per phase;

𝐿𝑑𝑠 ) 𝑖𝑑𝑠 − 𝑤𝑟 𝐿𝑞𝑠 𝑖𝑞𝑠 +

𝐿𝑚𝑑 𝑖𝑑𝑟 − 𝑤𝑟 𝐿𝑚𝑞 𝑖𝑞𝑟 +
𝑑

𝑑
𝑑𝑡

𝐿𝑚𝑞 𝑖𝑚

Eq. 21
𝑑

𝑉𝑞 = (𝑅𝑠 + 𝐿𝑞𝑠 ) 𝑖𝑞𝑠 + 𝑤𝑟 𝐿𝑑𝑠 𝑖𝑑𝑠 + 𝐿𝑚𝑞 𝑖𝑞𝑟 +
𝑑𝑡
𝑑𝑡
𝑤𝑟 𝐿𝑚𝑑 𝑖𝑑𝑟 + 𝑤𝑟 𝐿𝑚𝑞 𝑖𝑞𝑟
Eq. 22

Rotor parameters
𝜋𝐷

𝑑
𝑑𝑡

Eq. 14

0=

Eq. 15

0=
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𝑑
𝑑𝑡
𝑑
𝑑𝑡

𝑑

𝐿𝑚𝑑 𝑖𝑑𝑠 + (𝑅𝑑𝑟 +

𝑑𝑡

𝐿𝑚𝑞 𝑖𝑞𝑠 + (𝑅𝑞𝑟 +

𝑑𝑡

𝑑

𝐿𝑑𝑟 ) 𝑖𝑑𝑟 +
𝐿𝑞𝑟 ) 𝑖𝑞𝑟

𝑑
𝑑𝑡

𝐿𝑚𝑑 𝑖𝑚
Eq. 23
Eq. 24
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iqs
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Rs
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III. RESULTS

iqr
Rr

ωmλds

Vqs

A. Synchronizing Capability
The magnets in varied sizes for various motor
geometries are examined for synchronization
problem and starting performance in Fig. 6, Fig. 7
and Fig. 8 with 96V DC supply.

Lmq

Q Axis
ωmλds

ids
+

Lls

Rs
Lm

Vds

Lc

-

İm

D Axis
Lmd=Lm//Lc=(λmd-λm)/Id
İm=Vem/Xmd
i0s

+

Rs
Lls

V0s
-

0 Axis

Fig. 4 Equivalent circuit of one phase of a LSSM

Fig. 6 Synchronizing Capability of Motor Type A with Various
Magnet Geometries

The electromechanical moment in the output
space is obtained as given in Eq. 25 based on the
approach of the space flux vectors to a particular
axis.
3𝑝
𝑇𝑒 = [𝐿𝑚𝑑 𝑖𝑑𝑟 𝑖𝑞𝑠 − 𝐿𝑚𝑞 𝑖𝑞𝑟 𝑖𝑑𝑠 + 𝜆𝑚 𝑖𝑞𝑠 +

In Fig. 6, the motor is in asynchronous mode with
small magnet size, the problem of synchronization
occurs with large magnet sizes. In addition, the
figure shows that the starting time, time to reach
synchronous speed, is inversely proportional to the
size of the magnet.

22

(𝐿𝑚𝑑 − 𝐿𝑚𝑞 )𝑖𝑑𝑠 𝑖𝑞𝑠 ]

Eq. 25

In the same way, the electromechanical dynamic
motion equation is obtained from the rotor
acceleration as in Eq. 26.
𝑑𝑤𝑟
𝑝
= (𝑇𝑒 − 𝑇𝐿 )
Eq. 26
𝑑𝑡

2𝐽

C. Magnet Orientation
In literature, circumferentially magnetized
magnets and radially magnetized magnets types are
used commonly. Also, magnet arrangements are
used variously for line-start synchronous motor with
inner rotor. In this study, three types of magnet
arrangement are selected for proper design.

Type A

Fig. 7 Synchronizing Capability of Motor Type B with Various
Magnet Geometries

Type B

Fig. 8 Synchronizing Capability of Motor Type C with Various
Magnet Geometries

Also, simulations are carried out by changing the
magnet sizes in Fig. 7and Fig. 8. The results show
that for each motor type exceeds the synchronous
speed at the different magnet size

Type C
Fig. 5 Types of Motor Geometry
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dynamics are achieved by taking into account the
motor behaviors presented in the literature.
A prototype motor should be manufactured and
examined to see if it supports simulation studies
actually.

TABLE II
TORQUE AND SPEED VALUES

VI. REFERENCES

TYPE C

TYPE B

TYPE A

B. Torque Ripples
TABLE II shows torque data obtained from the
simulation results at steady state. Each motor that
reaches synchronous speed produces torque at
different amplitudes.

Magnet
Length
(mm)

Magnet
Thickness
(mm)

Min
Torque
(Nm)

Max
Torque
(Nm)

Torque
Ripple
(Nm)

15 (0.4)

2

-23.3
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A Research On A Sort of Fuzzy Multifunctions
Ahu Açıkgöz
Department of Mathematics, Balikesir University, 10145 Balikesir, Turkey
Abstract—In this study, we expand the concepts of nacontinuous
multifunction
and
strongly
continuous
multifunction to fuzzy topology and discuss their
characterizations. Also, the definitions of fuzzy strongly
continuous multifunction, fuzzy α-irresolute multifunction [7],
fuzzy super continuous multifunction [10], fuzzy continuous
multifunction [18] are given and the relationships of fuzzy nacontinuous multifunction with these types of fuzzy
multivalued maps are also investigated and we obtain a
diagram. Moreover, properties of this function about
restriction mutlifunction, graph multifunction, composite
multifunction are discussed on some fuzzy spaces and product
spaces.

fuzzy multifunctions, but weaker than fuzzy strongly
continuity for fuzzy multifunctions.
II. PRELIMINARIES
Fuzzy sets on a universe X will be denoted by , , ,
etc. Fuzzy points will be denoted by 𝑥𝜀 ,y, etc. For any
fuzzy points x and any fuzzy set , we write 𝑥𝜀  iff
(x). A fuzzy point 𝑥𝜀 is called quasi-coincident with a
fuzzy set , denoted by 𝑥𝜀 q , iff 𝜀+(x)>1.
A fuzzy set  is called quasi-coincident with a fuzzy
set , denoted by  q , iff there exists a xX such that
(x)+(x)>1. [20,21]. A fuzzy set  in a fuzzy
topological space (X,τ) is called a Q-neighbourhood of
λ𝑥 if and only if there exists ∈τ such that λ𝑥 q ≤ A [6].
The family of all Q-neighbourhoods of λ𝑥 is called the
system of Q-neighbourhoods of λ𝑥 .
In this paper we use the concept of fuzzy topological
space as introduced in [9]. By int () and cl () we mean
the interior of  and the closure of , respectively.
Let (X,) be a topological space in the classical sense
and (Y, ) be a fuzzy topological space. F : XY is
called a fuzzy multifunction iff for each xX, F(x) is a
fuzzy set in Y [18].
Let F : XY be a fuzzy multifunction from a fuzzy
topological space X to a fuzzy topological space Y. For
any fuzzy set X, 𝐹 + () and 𝐹 − (𝜇) are deﬁned by
𝐹 + ()={xX : F(x)  }, 𝐹 − (𝜇)={xX : F(x)q} [14].

Keywords— fuzzy regular-open sets, fuzzy -open sets, fuzzy
-open sets, fuzzy upper (lower) strongly continuous, fuzzy
upper (lower) na-continuous.

I. INTRODUCTION
In [31], Zadeh defined the concept of a fuzzy set in his
classical paper. Chang [9] introduced fuzzy topological
spaces by using fuzzy sets in 1968. Subsequently several
authors have applied various basic concepts from general
topology to fuzzy sets and developed a theory of fuzzy
topological spaces. K. K. Azad [3] introduced the concept
of fuzzy regular open sets and fuzzy regular closed sets in
fuzzy topological spaces. Bin Shahna [5] defined fuzzy open sets and studied properties of this set. Z. Petricevic
[19] introduced the concept of fuzzy δ-open sets and fuzzy
δ-closed sets in fuzzy topological spaces. A. Mukharjee
[15] studied the concept of fuzzy totally continuous and
fuzzy totally semi-continuous functions. A multifınction is
a set-valued function. The notion of multifınctions was first
systematized by Berge [4]. Multifınction or multi-valued
mapping have many applications in mathematical
programming, probability, statistics, diﬀerent inclusions,
ﬁxed-point theorems and even in economics and
continuous multifunction have been generalized in many
ways. There are several weak and strong variants of
continuity of fuzzy multifunctions in the litarature, for
example see [2, 10, 16, 18, 25]. On the orher hand, in 1996,
J. Cao et all. [7] introduced fuzzy -irresolte continuous
multifunctions. A function f:(X,)(Y,) is deﬁned to be
na-continuous [8] if for each point x∈X and each -open
set V in Y containing f(x), there exists a -open set U in X
containing x such that f(U)V. The aim of this paper is to
extend the na-continuous functions deﬁned by G.U. Chae
et. al. [8] to the fuzzy multifunctions, and to discuss the
consequences. This also shows us that the property of fuzzy
na-continuity for fuzzy multifunctions is stronger than both
fuzzy continuity [18] and fuzzy super continuity [10] for

III. BASIC PROPERTIES OF FUZZY NACONTINUOUS MULTIFUNCTIONS
Definition 1. Let (X, ) be a fuzzy topological space
and let X be a fuzzy set. Then it is said that:
(i)  is fuzzy regular-open set [3] if =int cl  ,
(ii)  is fuzzy regular-closed set [3] if =cl int  ,
(iii)  is fuzzy -open set [5] if int cl int  ,
(iv)  is fuzzy -closed set [5] if cl int cl  .
Deﬁnition 2 ([19]). A fuzzy set  in a fuzzy
topological space (X, ) is called a fuzzy δ-open set if λ =
∨i (𝑖 ) , where (𝑖 ) is a fuzzy regular open set for each i.
A fuzzy set  in a fuzzy topological space (X, ) is a
fuzzy δ-closed set if 1− is a fuzzy δ-open set in (X, ).
The family of all fuzzy regular open (resp. fuzzy open, fuzzy α-open) sets of a fuzzy topological space (X, τ)
is denoted by FRO(X)(resp. F(X), Fα(X) or τα). The
family of fuzzy regular-open sets of (X, τ) containing xp is

- 201 -

6th International Conference on Advanced Technology & Sciences (ICAT'Riga)

Sep 12-15, 2017, Riga/LATVIA

___________________________________________________________________________________________________________

denoted by FRO(X, xp)). The complement of a fuzzy
regular-open (resp. fuzzy -open, fuzzy α-open) set is said
to be fuzzy regular closed (resp. fuzzy -closed, fuzzy αclosed). The intersection of all fuzzy -closed (resp. fuzzy
-closed) sets containing a fuzzy subset of X is called the
fuzzy -closure [27] (resp. fuzzy -closure [19]) of A and is
denoted by Cl(A)(resp. Cl(A)).

open sets are a union of fuzzy regular open sets [28], it
follows that F+()=∨𝑥𝜀 ∈ 𝐹 + () 𝑝𝑥𝜀 and hence 𝐹 + () is fuzzy
δ-open.
The converse can be shown easily.
(4)  (5). Let Y be a fuzzy α-open set. We have
that Y\ is a fuzzy α-open set. From (iii), 𝐹 + (Y-)=X𝐹 − () is a fuzzy -open set. Then it is obtained that 𝐹 − ()
is a fuzzy -closed set.
(3)⇒(6). Let (𝑥𝜀𝛼𝛼 ) be a net which -converges to 𝑥𝜀 in
X and let Y be any fuzzy α-open set such that 𝑥𝜀 ∈𝐹 + ().
Since F is a fuzzy upper na-continuous multifunction, it
follows that there exists a fuzzy -open set X containing
𝑥𝜀 such that 𝐹 + (). Since (𝑥𝜀𝛼𝛼 ) δ-converges to 𝑥𝜀 , it
follows that there exists an index 0 ∈J such that (𝑥𝜀𝛼𝛼 )∈
for all 0 from here, we obtain that 𝑥𝜀𝛼𝛼 ∈ 𝐹 + () for all
0 . Thus the net (𝑥𝜀𝛼𝛼 ) is eventually in 𝐹 + ().
(6)(3). Suppose that is not true. There exists a point
𝑥𝜀 and a fuzzy -open set  with 𝑥𝜀 𝐹 + () such that
 𝐹 + () for each fuzzy -open set X containing 𝑥𝜀 . Let
𝑥𝜀  and x𝐹 + () for each fuzzy –open set X
containing 𝑥𝜀 . Then for the -neighborhood net (𝑥𝜀 ),
net 𝑥𝜀 fuzzy δ-converges to 𝑥𝜀 , but (𝑥𝜀 ) is not eventually
in 𝐹 + (). This is a contradiction. Thus, F is a fuzzy upper
na-continuous multifunction.

Deﬁnition 3. Let F : XY be a fuzzy multifunction
from a fuzzy topological space (X,) to a fuzzy topological
space (Y,). Then it is said that F is :
(i) Fuzzy upper na-continuous (brieﬂy fu.na c.) at a
point 𝑥𝜀 ∈X iff for each fuzzy α-open set  of Y containing
F(𝑥𝜀 ), there exists a fuzzy regular-open set  containing 𝑥𝜀
such that  𝐹 + ().
(ii) Fuzzy lower na-continuous (brieﬂy fl.na c.) at a
point 𝑥𝜀 ∈X iff for each fuzzy α-open set  of Y such that
𝑥𝜀 ∈𝐹 − (𝜇), there exists a fuzzy regular-open set 
containing 𝑥𝜀 such that 𝐹 − (𝜇).
(iii) fu.na c. (fl.na c.) iff it has this property at each
point of X.
(iv) Fuzzy na-continuous if it is both fu.na c. and fl.na
c.
Definition 4 ([6]). Let (X, τ) be a fuzzy topological
space and let {𝑝λ , λ∈Λ} be a net of fuzzy points in X. We
say that the fuzzy net {𝑝λ , λ∈Λ} fuzzy δ-converges to a
fuzzy point p of X if for every fuzzy δ-open Qneighborhood U of p in X there exists λ0 ∈Λ such that
𝑝λ qU, for every λ∈Λ and λ ≥ λ0 .

Theorem 2. The followings are equivalent for a
function f: X →Y,
(1) F is fuzzy upper na-continuous,
(2) F(Cl())≤Cl(F()) for every fuzzy set A in X,
(3) Cl(𝐹 − ())≤𝐹 − (Cl()) for every fuzzy set  in
Y.

Theorem 1. Let F : XY be a fuzzy multifunction
from a fuzzy topological space (X,) to a fuzzy topological
space (Y,). Then the following statements are equivalent:
(1) F is fu.na c.
(2) For each 𝑥𝜀 ∈ X and each fuzzy α-open set  of Y
such that 𝑥𝜀 ∈𝐹 + (), there exists a fuzzy regular-open set 
containing such that 𝑥𝜀 such that  𝐹 + ().
(3) For each 𝑥𝜀 ∈X and each fuzzy α-open set  of Y
such that 𝑥𝜀 ∈𝐹 + (), there exists a fuzzy δ-open set 
containing such that 𝑥𝜀 such that  𝐹 + ().
(4) 𝐹 + () is a fuzzy δ-open set for any fuzzy α-open
set Y.
(5) 𝐹 − () is a fuzzy δ-closed set for any fuzzy αclosed set Y.
(6) For each 𝑥𝜀 ∈X and for each net (𝑥𝜀𝛼𝛼 ) which δconverges to 𝑥𝜀 in X and for each fuzzy α-open set Y
such that 𝑥𝜀 ∈𝐹 + (), the net (𝑥𝜀𝛼𝛼 ) is eventually in 𝐹 + ().

Proof. (1)(2). Let  be a fuzzy subset of X. Then,
F()≤Y and Cl(F())FC(Y). From Theorem 1,
𝐹 − (Cl(F())) is fuzzy -closed in X. Since
F()≤Cl(F()), 𝐹 − (F())≤𝐹 − (Cl(F())). For the fact
that ≤𝐹 − (F()) and Cl()≤𝐹 − (Cl(F())). Therefore,
F(Cl())≤ Cl(F()).
(2)(3). Let  a fuzzy subset of Y. From our
assumption,
F(Cl(𝐹 − ()))≤Cl(F(𝐹 − ())).
So,
−
F(Cl(𝐹 ()))≤Cl().Therefore, Cl(𝐹 − ())≤𝐹 − (Cl()).
(3)(1). Let xp a fuzzy point in X and FO(Y,
f(xp)). Then, cFC(Y) and f(xp)c. From our
assumption, Cl(𝐹 − (c))≤ 𝐹 − (Cl(c)). So, Cl(𝐹 − (c))
≤ 𝐹 − (c). This implies Cl(𝐹 − (c))=𝐹 − (c) and 𝐹 − (c) is
fuzzy -closed. Then, 𝐹 − () is -open and xp𝐹 − ().
There exists a fuzzy regular open set that contains xp and is
a fuzzy subset of 𝐹 − (). From Definition 3, f is fu.na c.

Proof. (1)(2). This statement is obvious.
(1)(3). Let 𝑥𝜀 ∈𝐹 + () and let  be a fuzzy α-open
set. It follows from (1) that there exists a fuzzy regular
open 𝑝𝑥𝜀 contining 𝑥𝜀 such that 𝑝𝑥𝜀 𝐹 + (). Since fuzzy δ-
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restriction multifunction F : Y
lower(upper) na-continuous multifunction.

Theorem 3. Let F : XY be a fuzzy multifunction
from a fuzzy topological (X,) to a fuzzy topological space
(Y,). Then the following statements are equivalent:
(1) F is fl.na c.
(2) For each 𝑥𝜀 ∈X and each fuzzy α-open set  of Y
such that 𝑥𝜀 ∈𝐹 − (), there exists fuzzy regular open set 
containing such that 𝑥𝜀 such that  𝐹 − ().
(3) For each 𝑥𝜀 ∈X and each fuzzy α-open set  of Y
such that 𝑥𝜀 ∈ 𝐹 − (), there exists a fuzzy δ-open set 
containing such that 𝑥𝜀 such that  𝐹 − ().
(4) 𝐹 − () is a fuzzy δ-open set for any fuzzy α-open
set Y.
(5) F+() is a fuzzy δ-closed set for any fuzzy α-closed
set Y.
(6) For each 𝑥𝜀 ∈X and for each net (𝑥𝜀𝛼𝛼 ) which δconverges to 𝑥𝜀 in X and for each fuzzy α-open set Y
such that 𝑥𝜀 ∈𝐹 − (), the net (𝑥𝜀𝛼𝛼 ) is eventually in 𝐹 − ().

is

a

fuzzy

Proof. Suppose that Y is a fuzzy α-open set. Let
x and let 𝑥𝜀 𝐹 − (). Since F is a fuzzy lower nacontinuous multifunction, if follows that there exists a
fuzzy regular-open set 𝑥𝜀  such that 𝐹 − (). By
Theorem 3, we obtain that 𝑥𝜀  and F() .
Thus, we show that there restriction multifunction F is a
fuzzy lower na-continuous multifunction.
The proof for the case of the fuzzy upper na-continuity
of the multifunction F is similar to the above.
Deﬁnition 5 ([7]). A multifunction F : (X,τ)→(Y,ϑ) is
said to be,
(i) Fuzzy upper α-irresolute if F : (X,τα)→(Y,ϑα) is
upper continuous,
(ii) Fuzzy lower α-irresolute if F : (X,τα)→(Y,ϑα) is
lower continuous,
(iii) Fuzzy α-irresolute if it is both fuzzy upper αirresolute and fuzzy lower α-irresolute.

Proof. It can be obtained similarly as Theorem 1.
Theorem 4. The followings are equivalent for a
function f: X →Y,
(1) F is fuzzy lower na-continuous,
(2) F(Cl())≤Cl(F()) for every fuzzy set  in X,
(3) Cl(𝐹 + ())≤𝐹 + (Cl()) for every fuzzy set  in
Y.

Theorem 7. Let (X,τ), (Y,ϑ) and (Z,σ) be fuzzy
topological space and let F : (X,τ)→(Y,ϑ) and G :
(Y,ϑ)→(Z,σ) be fuzzy multifunction. If F : (X,τ)→(Y,ϑ) is
a fuzzy upper na-continuous (fl.na c.) multifunction and G
: (Y,ϑ)→(Z,σ) is a fuzzy upper (lower) α-irresolute
multifunction. Then GoF : (X,τ)→(Z,σ) is a fuzzy upper
na-continuous (fl.na c.) multifunction.
Proof. Let Z be any fuzzy α-open set. From the
deﬁnition
of
GoF,
we
have
(GoF)+ ()=
+
+
−
−
−
𝐹 (𝐺 ())((GoF) ()=𝐹 (𝐺 ())), since G is a fuzzy
upper(lower) α-irresolute, it follows that 𝐺 + ()(𝐺 − ()) is a
fuzzy α-open set. Since F is a fuzzy upper (lower) nacontinuous, it follows that 𝐹 + (𝐺 + ())(𝐹 − (𝐺 − ())) is a
fuzzy δ-open set, this shows that GoF is a fuzzy
upper(lower) na-continuous.

Proof. It can be obtained similarly as Theorem 2.
Lemma 1. Let A be a fuzzy open set of a fuzzy
topological space (X,) and B be a fuzzy subset of (A, A).
Then, we have A-Int(Cl(B)) =AIntCl(B).
Proof. Since A is fuzzy-open, Int(C)=A-Int(C) for
every subset C of A. Therefore, A-Int(A-Cl(B))=AInt[ACl(B)]=Int[ACl(B)]=AIntCl(B).
Theorem 5. Let A be a fuzzy-open set in a fuzzy
topological space (X,). If U is fuzzy regular-open in X,
then UA is fuzzy regular-open in the subspace (A,A).

Theorem 8. If F : (X,τ) → (Y,ϑ) is a fu.na c. (fl.na c.)
multifunction and G: (Y,ϑ) → (Z,σ) is a fu.na c. (fl.na c.)
multifunction, then GoF is a fu.na c. (fl.na c.)
multifunction.

Proof. Since U is fuzzy regular-open in X, IntCl(AU)
 U and hence AIntCl(AU)  AU. On the other hand,
since AU is fuzzy-open [23] in X, IntCl(AU) ≥ AU
and hence AIntCl(AU) ≥ AU. Therefore, we have
AIntCl(AU) = AU. By Lemma 1, we obtain AInt(Cl(AU)) = AIntCl(AU) = AU. This shows that
UA is fuzzy regular-open in the subspace (A,A).

Proof. By Remark 3.7 in [23], the proof is obtained.
Theorem 9. Let F : XY be a fuzzy multifunction
from a fuzzy topological (X,) to a fuzzy topological space
(Y,) and let F(X) be endowed with subspace fuzzy
topology. If F is a
fuzzy upper na-continuous
multifunction, then F:XF(X) is a fuzzy upper nacontinuous multifunction.

Theorem 6. Let F : XY be a fuzzy multifunction
from a fuzzy topological (X,) to a fuzzy topological space
(Y,). If F is a fuzzy lower(upper) na-continuous
multifunction and X is a fuzzy open set, then the

Proof. Since F is a fuzzy upper na-continuous and
[26], F(XF(X))=𝐹 +()𝐹 +(F(X))=𝐹 +() is fuzzy regular-
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open for each fuzzy -open subset  of Y. Hence F :
XF(X) is a fuzzy upper na-continuous multifunction.

be a fuzzy multifunction which is deﬁned by
(𝐹1 x𝐹2 )(𝑥 ,𝑦 )= 𝐹1(𝑥 )x𝐹2 (𝑦 ). If 𝐹1 and 𝐹2 are fuzzy upper
(lower) na-continuous multifunctions, then 𝐹1 x𝐹2 is a fuzzy
upper (lower) na-continuous multifunction.

Deﬁnition 6 ([1]). Suppose that F : XY is a fuzzy
multifunction from a fuzzy topological space X to a fuzzy
topological space Y. The fuzzy graph multifunction 𝐺𝐹 :
X XxY of F is deﬁned as 𝐺𝐹 (𝑥 )={𝑥 }xF(𝑥 ).

Proof.
We
know
that
(*x*)(𝑥 ,𝑦 )=min
{*(𝑥 ),*( 𝑦 )} for any fuzzy sets *, * and for any
fuzzy point 𝑥 ,𝑦 .
Let 𝑌1 and 𝑌2 be a fuzzy α-open sets. Since
𝐹1 and 𝐹2 is a fuzzy upper na-continuous multifunctions,
𝐹1+ () and 𝐹2+ () are fuzzy δ-open sets. By [29],
𝐹1+ ()x𝐹2+ () is a fuzzy δ–open set. It is known that
(𝐹1 x𝐹2 )+ (x)=𝐹1+ ()x𝐹2+ (). Hence, it is obtain that
𝐹1 x𝐹2 is a fuzzy upper (lower) na-continuous
multifunction.

Theorem 10. Let F : XY be a fuzzy multifunction
from a fuzzy topological (X,) to a fuzzy topological space
(Y,). If the graph function of F is fuzzy lower(upper) nacontinuous multifunction, then F is fuzzy lower(upper) nacontinuous multifunction.
Proof. For the fuzzy sets X, Y, we take
0
𝑖𝑓 𝑧β
(x)(z,y)={ (y) if z

IV. COMPARISONS

Let 𝑥 X and let Y be a fuzzy -open set such that
𝑥 𝐹 − (). We obtain that 𝑥 𝐺𝐹− (Xx) and Xx is a fuzzy
-open set [5]. Since fuzzy graph multifunction 𝐺𝐹 is fuzzy
lower na-continuous, it follows that there exists a fuzzy
regular-open set X containing 𝑥 such that 𝐺𝐹− (Xx).
From here, we obtain that 𝐹 − (). Thus, F is fuzzy lower
na-continuous multifunction.

Deﬁnition 7 ([15]). Let  be a fuzzy set in a fuzzy
topological space (X, ). Then,  is fuzzy fuzzy clopen set
if  = int  = cl .
Deﬁnition 8. A multifunction F :(X,τ)→(Y,ϑ) is said
to be:
(i) fuzzy upper strongly continuous (brieﬂy fu.stc.) if
𝐹 + () is clopen in X for each fuzzy subset  of Y,
(ii) fuzzy lower strongly continuous (brieﬂy fu.stc.) if
𝐹 − () is clopen in X for each fuzzy subset  of Y,
(iii) fuzzy strongly continuous if it is both upper
strongly continuous and lower strongly
continuous.

The proof of the fuzzy upper na-continuity of F is similar
to the above.
Theorem 11. Suppose that (X,) and (𝑋 ,𝛼 ) are fuzzy
topological space where J. Let F : X  ∏∈J 𝑋 be a
fuzzy multifunction from X to the product space ∏∈J 𝑋
and let 𝑃 : ∏∈J 𝑋 𝑋 be the projection multifunction for
each J which is deﬁned by 𝑃 ((𝑥 ))={𝑥 }. If F is a
fuzzy upper (lower) na-continuous multifunction, then 𝑃 o
F is a fuzzy upper (lower) na-continuous multifunction for
each J.

Deﬁnition 9 ([10]). Let F : XY be a fuzzy
multifunction from a fuzzy topological space (X,) to a
fuzzy topological space (Y,). Then it is said that F is :
(i) fuzzy upper super continuous (brieﬂy fu.sc.) if
𝐹 + () is δ-open in X for each open subset  of Y,
(ii) fuzzy lower super continuous (brieﬂy fl.sc.) if
𝐹 − () is δ-open in X for each open subset  of Y,
(iii) fuzzy super continuous if it is both fuzzy upper
super continuous and fuzzy lower
super continuous.

Proof. Take any 0 J. Let 𝜇0 be a fuzzy -open set
in
(𝑋 ,𝛼 ).
Then
(𝑃0 o F)+ (𝜇0 )
+ +
+
= 𝐹 (𝑃0 (𝜇0 ))=𝐹 (𝜇0 x ∏≠0 𝑋 )(resp.,(𝑃0 o F)− (𝜇0 )=
𝐹 − (𝑃−0 (𝜇0 ))=𝐹 − (𝜇0 x∏≠0 𝑋 )). Since F is fuzzy upper
(lower)
na-continuous
multifunction
and
since
𝜇0 x ∏≠0 𝑋 is a fuzzy -open set, it follows that
𝐹 + (𝜇0 x ∏≠0 𝑋 ) (resp. 𝐹 − (𝜇0 x ∏≠0 𝑋 )) is fuzzy
regular-open in (X,). It shows that 𝑃0 o F is fuzzy upper
(lower) na-continuous multifunction. Hence, we obtain that
𝑃0 o F is a fuzzy upper (lower) na-continuous
multifunction for each J.

Remark 1. For a multifunction F : (X,τ)→(Y,ϑ) the
following implications hold:
fuzzy u.stc. (fl.stc.)  fuzzy u.na c.(fl. na.c)  fuzzy
u.sc.(fl.sc.)  fuzzy u.c.(fl.c.)
where none of these implications is reversible as shown by
Examples 1, 2 and (Example 20, in [10]).

Theorem 12. Suppose that (𝑋1 ,1 ), (𝑋2 ,2 ), (𝑌1 ,1 )
and (𝑌2 ,2 ) are fuzzy topological spaces and 𝐹1 : 𝑋1 𝑌1 ,
𝐹2 : 𝑋2 𝑌2 are fuzzy multifunctions and suppose that if
x is fuzzy -open set then  and  are fuzzy α-open sets
for any fuzzy sets 𝑌1 , 𝑌2 . Let 𝐹1 x𝐹2 : 𝑋1 x𝑋2 𝑌1 x𝑌2

Example 1. Let A be fuzzy set on X={a,b,c} and let B
be fuzzy set on Y = {x,y,z}.Then A={(a, 0,4),(b, 0,4),(c,
0,4)} and B={(x, 0,6),(y, 0,6),(z, 0,6)} are defined as
follows: Consider τ = {0X, 1X, A} and ϑ={0Y, 1Y, B}. For
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p be fuzzy point on X, deﬁne a multifunction F : (X,τ)→
(Y,ϑ) as follows:

(x,0,6),
F(p)=

(y,0,6), (z,0,6) ,

1Y ,

Theorem 14. For a fuzzy multifunction F :
(X,τ)→(Y,ϑ) the following are equivalent:
(1) F : (X,τ)→(Y,ϑ) is fu.na.c (fl.na.c.),
(2) F : (X,τ)→(Y,ϑα) is fuzzy upper (lower) super
continuous,
(3) F : (X,τ*)→(Y,ϑα) is fuzzy upper (lower)
continuous.

p  0,4
p  0,4

{
Proof. It is clear.
F is not fuzzy upper strongly continuous. Because, there
doesn’t exists any clopen fuzzy set in fuzzy topological
spaces (X,τ). Since 𝐹 + () is δ–open set, for any fuzzy αopen Y, F is also fu.na c.

V. FUZZY na-CONTINUITY OF MULTIVALUED
MAPS ON SOME FUZZY SPACES
Deﬁnition 11. For a multifunction F:(X,τ)→(Y,ϑ) the
multigraph G(F)={(x,y) : x∈X, y∈F(x)} is said to be fuzzy

Example 2. Let A be fuzzy set on X={a,b,c} and let B
be fuzzy set on Y={x,y,z}. Then A={(a, 0,4),(b, 0,4),(c,
0,4)} and B={(x, 0,6),(y, 0,6),(z, 0,6)} are defined as
follows: Consider τ={0X, 1X, A} and ϑ={0Y, 1Y, B}. For p
be fuzzy point on X, deﬁne a multifunction F : (X,τ)→
(Y,ϑ) as follows:
F(p)=
(x, 0,6), (y, 0,6), (z, 0,6) ,

(x, 0,2  p), (y,0,6), (z,0,6) 
(x, 0,6), (y, 0,2  p), (z, 0,6) 
(x, 0,6), (y, 0,6), (z, 0,2  p)
1Y ,

δ-α-closed in X×Y if for each (x,y)∈(X×Y)-G(F), there
exist

U∈FδO(X,x)

and

V∈FαO(Y,y)

such

that

(U×V)∧G(F)=0XxY.
Lemma 2. A multifunction F:(X,τ)→(Y,ϑ) has a fuzzy
δ-α-closed multigraph if and only if for each (x,y)∈(X×Y)-

p  0,4
0,8  p  0,4 and  p  a p

G(F), there exist U∈FδO(X,x) and V∈FαO(Y,y) such that
F(U)∧V=0XxY.

0,8  p  0,4 and  p  b p

Deﬁnition 12 ([24]). A space X is said to be fuzzy αcompact if every fuzzy -open cover of X has a ﬁnite
subcover.

0,8  p  0,4 and  p  c p
p  0,8

Definition 13 ([11]). A fuzzy topological space X is
called nearly compact if every open cover of X has a finite
subcollection such that the interiors of closures of fuzzy
sets in this subcollection covers X, or equivalently, every
regular open cover of X has a finite subcover.

{
Then F is fuzzy upper super continuous, but not
fuzzy upper na-continuous. Because,
the fuzzy set , where (x)≥0,6, (y)≥0,6 and (z)≥0,6 is
fuzzy α-open set, but 𝐹 + () is not fuzzy δ–open set.

Definition 14 ([22]). Let 0 ≤  < 1 (0 <  ≤ 1). A fuzzy
topological space (X, ) is said to be -Hausdorff if for
each x, y in X with xy, there exist G, H in  such that G(x)
> , H(y) >  and G∧H=0X.

Example 3 ([10]). Let X={x,y} with topologies
τ1 ={X,∅,ρ,η,ρ∧η,ρ∨η} and τ2 ={X,∅,µ} where the fuzzy
sets ρ, η, µ are deﬁned as :

Theorem 15. If F:(X,τ)→(Y,ϑ) is a f.u.na c.
multifunction such that F(x) is fuzzy -compact for each
x∈X and Y is a fuzzy α-Hausdorﬀ space, then G(F) is
fuzzy δ-α-closed.

ρ(x) =0,3, ρ(y) = 0,6
η(x) = 0,5, η(y) = 0,5
µ(x) = 0,3, µ(y) = 0,6.
A fuzzy multifunction F : (X,τ1 ) → (X,τ2 ) given by 𝑥ε →
F(𝑥ε )={𝑥ε } is upper continuous, but it is not upper super
continuous.

Proof. Let (x,y)∈(X×Y)-G(F). Then y∈Y-F(x). Since
Y is a fuzzy α-Hausdorﬀ space, for each p∈F(x), there exist
disjoint fuzzy α-open sets Up and Vp of Y such that p∈Up
and y∈Vp. Then {Up : p∈F(x)} is a fuzzy α-open cover of
F(x) and since F(x) is fuzzy α-compact for each x∈X, there
exist a ﬁnite number of points p1,p2,...,pn in F(x) such that
F(x)⋁{𝑈𝑝𝑖 : i = 1,2,...,n}. Put U⋁{𝑈𝑝𝑖 : i = 1,2,...,n} and

Definition 10 ([3]). A fuzzy space (X, ) is called a
fuzzy semi-regular space iff the collection of all fuzzy
regularly open sets of X forms a base for fuzzy topology .
The semi-regularization of (X, ) is denoted by (X, *) and
* . A fuzzy space is semi-regular iff  = *.
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V=⋁{𝑉𝑝𝑖 : i =1,2,...,n}. Then U and V are disjoint fuzzy α-

fuzzy points 𝑝 and 𝑞 with different supports in 𝑋, there are
fuzzy 𝛿-open sets 𝑈1 and 𝑈2 with 𝑝 ≤ 𝑈1 ≤ 𝑞𝑐, 𝑞 ≤ 𝑈2 ≤ 𝑝𝑐
and 𝑈1 ≤ 𝑈2𝑐 .

open sets in Y such that F(x)U and y∈V. Hence we have
F(F+(U))∧V=0Y and since F is a f.u.na c. multifunction,
x∈F+(U)∈FδO(X,x) by Theorem 1(4). This shows that
G(F) is fuzzy δ-α-closed.

Remark 3. Every fuzzy δ-Hausdorﬀ space is a fuzzy
Hausdorﬀ space.

Theorem 16. Let F:(X,τ)→(Y,ϑ) be a f.u.na c.
surjective multifunction such that F(x) is fuzzy α-compact
for each x∈X. If X is a fuzzy nearly compact space then Y
is fuzzy α-compact.

Theorem 18. Let F:(X,τ)→(Y,ϑ) be a f.u.nac. point
closed multifunction from a topological space X to a fuzzy
α-Normal space Y, and let F(x)∧F(y)=0Y for each distinct
pair x,y∈X. Then X is a fuzzy δ-Hausdorﬀ space.

Proof. Let {𝑉λ : λ∈Λ} be a fuzzy α-open cover of Y.
Since F(x) is fuzzy α-compact for each x∈X, there exists a
ﬁnite subset Λ𝑥 of Λ such that F(x)⋁λ∈Λ𝑥 𝑉λ . Put
𝑉𝑥 =⋁λ∈Λ𝑥 𝑉λ . Since F is a f.u.na c. multifunction, there

Proof. Let x and y be any two distinct points in X.
Then, F(x)∧F(y)=0Y. Since F is point closed, F(x) and F(y)
are fuzzy closed sets, and since Y is a fuzzy α-Normal
space, there exist disjoint fuzzy α-open sets U and V
containing F(x) and F(y), respectively. Since F is f.u.na c,
F+(U) and F+(V) are disjoint fuzzy δ-open sets containing
x, y respectively. This shows that X is a fuzzy δ-Hausdorﬀ
space.

exists Ux∈FRO(X,x) such that F(Ux)Vx. The family {Ux :
x∈X} is a fuzzy regular- open cover of X and since X is a
fuzzy nearly compact space there exist a ﬁnite number of
points x1,x2,…,xn in X such that X=⋁𝑛𝑖=1 𝑈𝑥𝑖 . Hence we
have Y=F(X)=F(⋁𝑛𝑖=1 𝑈𝑥𝑖 )⋁𝑛𝑖=1 𝐹(𝑈𝑥𝑖 )= ⋁𝑛𝑖=1 ⋁λ∈Λ𝑥 𝑉λ𝑖 .
𝑖

Deﬁnition 17 ([12]). A topological space X is said to
be fuzzy δ-connected provided that X is not the union of
two disjoint nonempty fuzzy δ-open sets.

This shows that Y is fuzzy α-compact.
Deﬁnition 15 ([17]). A topological space X is said to
be a fuzzy α-Normal space if for any disjoint fuzzy closed
subsets K and F of X there exist two fuzzy α-open sets U
and V such that KU, FV and U∧V=0X.

Deﬁnition 18 ([30]). A fuzzy topological space X is
said to be disconnected if X = A∨B, where A and B are
nonempty fuzzy open sets in X such that A∧B =∅.

Remark 2. Every fuzzy normal space is a fuzzy αNormal space.

Remark 4. Every fuzzy connected space is a fuzzy δconnected space.

Recall that a multifunction F:(X,τ)→(Y,ϑ) is said to be
point closed if for each x∈X, F(x) is fuzzy closed.

Recall that F:(X,τ)→(Y,ϑ) is fuzzy punctually connected if
for each x∈X, F(x) is fuzzy connected.

Theorem 17. Let F and G be f.u.na c point closed
multifunctions from a topological space (X,τ) to a fuzzy αNormal space (Y,ϑ). Then the set K={x∈X :
F(x)∧G(x)=0Y} is fuzzy closed in X.

Theorem 19. Let F:(X,τ)→(Y,ϑ) be a f.u.na c.
surjective multifunction. If X is fuzzy δ-connected and F is
fuzzy punctually connected, then Y is fuzzy connected.

Proof. Let x∈X-K. Then F(x)∧G(x)=0Y. Since F and G
are point closed multifunctions, F(x) and G(x) are fuzzy
closed sets, and Y is a fuzzy α-Normal space, so there exist
disjoint fuzzy α-open sets U and V containing F(x) and
G(x), respectively. Since F and G are f.u.na c.
multifunctions, F+(U) and G+(V) are fuzzy δ-open by
Theorem 1(4), and so fuzzy open sets containing x. Put
H=F+(U)∧G+(V). Then H is a fuzzy open set containing x,
and H∧K=0X. Hence K is fuzzy closed in X.

Proof. Suppose that Y is not fuzzy connected. Then
there exist nonempty open sets U and V of Y such that
Y=U∨V and U∧V=0Y. Since F(x) is fuzzy connected for
each x∈X, we have either F(x)U or F(x)V. This implies
x∈F+(U)∨F+(V), so F+(U)∨F+(V)=X. Since U0Y we may
choose u∈U, and since F is surjective there exists x∈X with
u∈F(x), so F(x)U and x∈F+(U)0X. In the same way,
V0Y implies F+(V)0X. Finally F+(U)∧F+(V)=0X. But
F+(U) and F+(V) are fuzzy δ-open sets since F is a f.u.na c.
multifunction, which is a contradiction since X is fuzzy δconnected. Hence we obtain that Y is fuzzy connected.

Deﬁnition 16 ([13]). A fuzzy topological space 𝑋 is
called fuzzy 𝛿-Hausdorff, or fuzzy 𝛿-𝑇2, if for any pair of
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VI. CONCLUSION
The concepts of fuzzy na-continuous, fuzzy strong
continuity for fuzzy multifunctions between fuzzy
topological spaces are introduced. Especially, for fuzzy nacontinuous multifunction, some results concerning the
function that in the context of fuzzy upper (lower) inversimages are obtained in this paper. Also, the relationship
with other classes of fuzzy multifunctions are investigated
and the counterexamples are find.
For the work to be carried out after this work, will be
useful in the sense of exemplification.

ACKNOWLEDGMENT
The author is thankful to the referees for the
thorough perusal of the paper and critical remarks to
improve the presentation of the paper.
REFERENCES
[1] K. M. A. Al-Hamadi and S. B. Nimse, On fuzzy -continuous
multifunctions, Miskolc Mathematical Notes, Vol.11, no.2, 105-112, 2010.
[2] M. Alimohammady and M. Roohi, On fuzzy -continuous
multifunctions, J. Appl. Math. Stoch. Anal., 1-7, 2006.
[3] K.K. Azad, On fuzzy semi-continuity, fuzzy almost continuity and
fuzzy weakly continuity, Journal of Mathematical Analysis And
Applıcatıons, 82, 14-32, 1981.
[4] C. Berge, Topological Spaces, Macmillan, New York, 1963. English
translation by E.M. Patterson of Espaces Topoloques, Fonctions
Multivoques, Dunod, Paris, 1959.
[5] A. S. Bin Shahna, On fuzzy strong semicontinuity and fuzzy precontinuity, Fuzzy Sets and Systems, 44, 303–308, 1991.
[6] M. Caldas, S. Jafari and G. Navalagi, -convergences in fuzzy
topological spaces, International Journal of Mathematics and Computing
Applications, Vol.2, no.1, 59-71, 2010.
[7] J. Cao and I. L. Reilly, -continuous and -irresolute multifunctions,
Mathematica Bohemica, 121, No.4, 415-424, 1996.
[8] B. G. I. Chae, T. Noiri and Do W. Lee, On na-continuous functions,
Kyungpook Math. J. 26 (1), 1986.
[9] C. L. Chang, Fuzzy topological spaces, J. Math. Anal. Appl. Vo.24,
182-190, 1968.
[10] E. Ekici, On some types of continuous fuzzy multifunctions, Bull.
Korean Math. Soc. 41, No.4, 647-656, 2004.
[11] A.H. Eş, Almost Compactness And Near Compactness in Fuzzy
Topological Spaces, Fuzzy Sets and Systems, 22, 289-295, 1987.
[12] S. Ganguly and S. Saha, A note on δ-continuity and δconnected sets in fuzzy set theory, Simon Stevin, 62(2), 127–141, 1998.
[13] S. J. Lee and S. M. Yun, Fuzzy Delta Separation Axioms, 2011 IEEE
International Conference on Fuzzy Systems, June 27-30, 2011, Taipei,
Taiwan.
[14] M. N. Mukherjee and S. Malakar, On almost continuous and weakly
continuous fuzzy multifunctions, Fuzzy Sets and Systems, vol.41, no.1,
113-127, 1991.
[15] A. Mukharjee, Fuzzy totally continuous and totally semi-continuous
functions, Fuzzy Sets and Systems, 107, 227-230, 1997.
[16] A. A. Nouh and M. E. Shafei, Cluster sets of functions and
multifunctions in fuzzy topological spaces, J. Fuzzy Math. 15 (4), 759768, 2007.
[17] H. A. Othman, S. Latha, On fuzzy α-separation axioms, Bulletin of
Kerala Mathematics Association, Vol.5, No.1, 31–38, 2009.
[18] N. S. Papageorgiou, Fuzzy topology and fuzzy multifunctions, J.
Math. Anal. Apply., 109, 397-425, 1985.
[19] Z. Petricevic, On fuzzy semi-regularization, separation properties and
mappings, Indian J.Pure Appl. Math., 22 (12), 971–982, 1991.
[20] P. M. Pu and Y. M. Liu, Fuzzy topology .i. neighbourhood structure
of a fuzzy point and mooresmith convergence, J. Math. Anal. Appl., Vol.
76, no.2, 571-599, 1980.

- 207 -

6th International Conference on Advanced Technology & Sciences (ICAT'Riga)

Sep 12-15, 2017, Riga/LATVIA

___________________________________________________________________________________________________________

Estimating Hourly Solar Radiation in Turkey Using
Air Temperatures
Ozgur SOLMAZ*
*

Manisa Celal Bayar University, H.F.T. Technology Faculty
Energy Systems Engineering Department Turgutlu, Manisa/TURKEY
ozgur.solmaz@cbu.edu.tr
Abstract— Knowing solar radiation is important in meteorology,
climatology, hydrology, and renewable energy applications. Even,
the performance of these systems can be estimated more
accurately with hourly solar radiation. Therefore, in this study,
hourly solar radiation was estimated with ANN model by using
data of 5 provinces (Antalya, Konya, Mersin, Mugla, Sanliurfa)
selected in Turkey. These provinces is the leading cities of Turkey
in terms of solar energy. In the ANN model, Levenberg-Marquard
(LM) algorithm were used for training the artificial neural
network. Input parameters are chosen as latitude, longitude,
altitude, day of the year, hour, and temperature at that hour of
that day and the previous day while the output parameter is the
hourly solar radiation. The various networks designs were tested
and then the most successful network was found as tree layer
network with 6 neurons in hidden layer. The RMSE, MAE and R2
results for the most successful network are respectively calculated
as 0.0663, 0.0570 and 0.9870. This neural network, therefore, can
be used for estimating hourly solar radiation for locations where
only ambient temperature data are available.
Keywords— Hourly solar radiation, Artificial neural networks,
Levenberg-Marquard algorithm, Meteorological data, Air
temperature.

I. INTRODUCTION
Knowing solar radiation is important in meteorology,
climatology, hydrology, and renewable energy applications.
Even, the performance of these systems can be estimated more
accurately with hourly solar radiation. Practically measured
data is the most accurate but not always readily available,
which is mainly due to the initial investment and maintenance
cost of the measuring instruments and relevant recorders. It is
also necessary to estimate these data during the annual
maintenance and failure of the measuring systems.
Consequently, estimating solar radiation data by correlating it
with other easily measured meteorological parameters, such as
sunshine duration, ambient temperature, cloud cover, humidity,
etc., is an alternative method to obtain desired solar radiation
data when there is no record of measurement. Many models
have been proposed and developed to predict solar radiation
data. Most of these models are mathematical formulas and
artificial intelligence techniques. Meanwhile, there are also
many models utilizing satellite data and atmospheric
characteristics to estimate solar radiation data, such as Rayleigh
scattering, aerosol extinction, ozone absorption, etc [1].
Kumar et al. [2] reviewed many studies using linear
empirical model and ANN models to estimate monthly average
daily global radiation. They also pointed out that Comparison

of regression and artificial neural network models have shown
that the performance values of the artificial neural network
models are better than the regression models. In addition, many
research papers also concluded that ANN models were better
than empirical models [3], [4], [5].
Some researchers have predicted solar energy potential using
different ANN methods and learning algorithms for their own
country [6], [7] [8], [9]. Dazhi et al. [10] proposed using
different types of meteorological data as input parameters,
namely, global horizontal irradiance (GHI), diffuse horizontal
irradiance (DHI), direct normal irradiance (DNI) and cloud
cover to forecast next hour solar irradiance including cloud
cover effects. They are found that forecasts using cloud cover
information can improve the forecast accuracy. Senkal et al. [11]
studied ANN model for 12 cities in Turkey. The inputs were
latitude, longitude, altitude, month, mean diffuse radiation and
mean beam radiation. 5 months of data from 9 stations was used
to train the ANN, while 5 months of data from other 3 stations
was used for testing. In an ANN developed to estimate solar
radiation, the inputs are usually meteorological and
geographical parameters, while the outputs are the quantities of
solar radiation on different time spans [1]. In the literature,
there is a limited number of papers for which hourly solar
radiation is predicted while there is a lot of paper that estimates
daily solar radiation. Some of them are as follows.
Reddy and Ranjan presented Artificial Neural Network
(ANN) based models for estimation of monthly mean daily and
hourly values of solar global radiation. Their results indicated
that the ANN model shows promise for evaluating of solar
global radiation possibilities at the places where monitoring
stations are not established [12]. Solmaz and Ozgoren initiated
the technique of artificial neural network to determine the
hourly solar radiation of six chosen provinces in Turkey.
According to the results, an artificial neural network model is
capable for quick prediction of hourly solar radiation of the
selected cities in Turkey [5]. Hocaoglu et al. [13] proposed a
two-dimensional representation model to predict hourly solar
radiation. Their results showed that the NN models are found
to achieve better forecasting results than linear prediction filters
in both 1-D and 2-D. Lauret et al. [14] studied six approaches
to forecast hourly clear sky index for three French islands.
In this study, hourly solar radiation was estimated with ANN
model by using data of 5 provinces (Antalya, Konya, Mersin,
Mugla, Sanliurfa) selected in Turkey. In order to train the
neural network, meteorological data along years (1998–2008)
from five cities (Antalya, Konya, Mersin, Mugla, Sanliurfa)
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spread over Turkey were used as training (four stations) and
testing (one station) data. These provinces is the leading cities
of Turkey in terms of solar energy. The various networks
designs were tested and then the most successful network was
found by using some numeric criterion like R2.
II. ARTIFICIAL NEURAL NETWORKS
Artificial neural network is a numerical modelling technique
that develops most in recent years. Artificial neural networks
(ANNs) can be used for numerous functions such as prediction,
curve fitting and regression [15]. ANN’s have always been
regarded as the most powerful and universal predictor of all of
the various data [16]. Artificial Neural networks consist of
input, hidden and output layers. Considering a typical
backpropagation network, there are three layers namely input,
output and at least one hidden layer. Each neuron in a layer is
connected with all the neurons of consecutive layer. There is no
connection between the neurons in the same layer or like a type
of feedback. Backpropagation is a technique based on
supervised learning and is used for training artificial neural
networks [17]. Typical artificial neural network used for the
prediction of hourly solar radiation is shown in Fig. 1. Input
parameters are chosen as latitude, longitude, altitude, day of the
year, hour, and temperature at that hour of that day and the
previous day while the output parameter is the hourly solar
radiation. Neuron numbers in the hidden layer from 6 to 30 and
epoch numbers for 1000 epochs were tested step by step to find
the best matching ANN structure. Models were tested by testing
data set, which was not used during the training process. In
these models, Levenberg-Marquardt (LM) learning algorithm
was applied. Neurons in the input layer have no transfer
function. Logistic sigmoid transfer function (logsig) and linear
transfer function (purelin) were used in the hidden layers and
output layer of the network as an activation function,
respectively.

Fig. 1. Typical artificial neural network used for the prediction of hourly solar
radiation.

The input and output data must be normalized for the ANN
learning to prevent a specific factor from dominating the
learning. In general, normalization gives a value between 0 and

1. However, in this study, Eq. (1) was used to normalize values
between 0.1 and 0.9 to prevent the generation of 0 and 1 as
explained by Ozgoren et al. [18], Yang et al. [19] and
Akincioglu et al. [20]. Where XN, XR, Xmin and Xmax are
parameters for the normalized, real, minimum and maximum
values, respectively.

 X  X min 
  0.1
X N  0.8 R
 X max  X min 

(1)

For the purpose of comparison ANN models, mean square
error (MSE, Eq. 2), the mean absolute error (MAE, Eq. 3) and
coefficient of determination (R2, Eq. 4) were used to see the
convergence between the target values and the output values.
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Here, ai is targeted or real value, pi is network output or
predicted value and n is the output data number.
III. RESULTS AND DISCUSION
Fig. 2 show the results of R2 and MAE for the model with
different neuron numbers. As seen from figure, the best results
for the training were obtained as 6 neurons. The minimum
MAE value and the maximum R2 value for training and testing
data are found for 6 neurons. The R2 values of the ANN for
testing and training data of the 6 neurons are determined as
0.9591 and 0.9846 while the MAE values of which are 39.08
W/m2 and 21.45 W/m2, respectively. When the training and
testing results are evaluated together, the most suitable hourly
solar radiation results of the ANN structure are predicted for
the model consisting of 6 neurons.
Fig. 3 show the comparison of the measured and predicted
values of training and testing data for the model of 6 neurons.
Solid line with a 45o angle displays the agreement between the
measured and predicted value. It is demonstrated that, in
general, there is good agreement between the measurements
and predictions. Solar radiation variation any special day of the
year in any region can be predicted in a reliable result. The
obtained results clearly show that the proposed model is
available for prediction of hourly solar radiation.
The hourly solar radiation variations of Antalya on the 15th
August by ANN model of 6 neurons and measured are
comparatively given in Fig. 4. As seen from figures, the
obtained results clearly show by higher R2 values that the
proposed model is very suitable for the prediction of hourly
solar radiation by using data of the temperature of the previous
day.

- 209 -

6th International Conference on Advanced Technology & Sciences (ICAT'Riga)

Sep 12-15, 2017, Riga/LATVIA

___________________________________________________________________________________________________________

Fig. 4. Comparison of the predicted data with ANN model of 6 neurons
and measured data on 15th August for Antalya province.

IV. CONCLUSIONS
In this study, hourly solar radiation was estimated with ANN
model by using data of 5 provinces (Antalya, Konya, Mersin,
Mugla, Sanliurfa) selected in Turkey. The minimum MAE
value and the maximum R2 value for testing and training data
are obtained with the ANN model of 6 neurons. The best results
were found by the ANN model with 6 neurons where R2 and
MAE (Testing/Training) results were found to be
0.9591/0.9846 and 39.08 /21.45 W/m2, respectively.The
comparison results indicate that the ANN model is promising
for evaluating the hourly solar radiation resource potential at
the places where there are no monitoring stations in Turkey. In
addition, the ANN model can be used for estimating hourly
solar radiation for locations where only ambient temperature
data are available.

Fig. 2. Training and testing results for ANNs models
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Abstract—This work is a combination of electrical and mechanical
disciplines. During the study, the minimum motor power required
for the electric vehicle to travel was detected. For an electric vehicle
it is desirable that the motor be of optimum strength. For this
reason, it is necessary to determine the power that the vehicle needs
to move by calculating the resistance that the vehicle is subjected to
during its movement. Electric motorcycles have been preferred as
electric vehicles in this study. The reason for the selection of
motorcycles is that they are heavily preferred as a means of
transportation in countries with crowded populations. The optimum
motor power is calculated as 750 watts after the electric
motosikletin has been subjected to resistances. If the motor
efficiency is 85%, the motor power is calculated as 875 watts.
Switched Reluctance Motor (SRM) was selected as the electric
motor and the design and analysis were performed according to the
determined power. Made design is verified using the Finite element
method. The moment, current and inductance curves obtained after
the simulation study are presented.
Keywords—SRM, Outrunner, Electric Motorcycle, Torque Ripple

I. INTRODUCTION
In today's world, the inadequacy of energy resources directs
human beings to alternative energy sources. Our era's
alternative energy sources are sun, wind, wave, etc. sources
are mentioned. However, the use of these resources can vary
according to geography. In addition to supplying energy
sources, using the energy efficiency is an important step.
Moreover, effective and efficient use of the energy obtained is
an important win. At this point, the needs for efficient use of
energy should be well defined. Oil and its derivatives are
widely used in transportation vehicles. Transportation costs
have increased due to the decrease in oil reserves. Besides, Oil
and its reserves cause environmental pollution due to the
release of carbon monoxide. For all these reasons, automotive
companies have been forced to use alternative energy sources.
Because of this, electric motors are among the research
activities of automotive companies today. Research activities
in advanced traction engines focus on requirements such as
higher efficiency, higher power density (volumetric and
gravimetric), higher specific torque, lower noise and cost[1].
The rare earth problem is one of the most important concerns

for automotive manufacturers, as the volume of hybrid and
pure electric vehicle production is increasing today. One of
the alternative solutions may be a switched reluctance motor
[2]. The features of the Switched Reluctance Motor (SRM)
make it a strong candidate for a variety of general purpose
adjustable speed applications, structural simplicity at high
speeds and high temperatures, robustness, fault tolerance, high
torque to inertia ratio and possible working pattern [3]. All
these advantages make it a serious and attractive challenger
for electric vehicle traction[4].
Thanks to its robust construction, high starting torque, wide
speed range, natural fault tolerance and high operating
efficiency, the switched reluctance machine (SRM) has high
competitive power in handling[5]. The outrunner SRM design
required for an electric motorcycle with a weight of 120 kg
(including passenger) and an average speed of 10 km / h was
made. Made design is verified using the Finite element
method. After the simulation study, the moment, current and
inductance curves of the hand motor are presented.
The prices of fossil fuels are increasing day by day due to
the decrease of resources. In addition, the increased
environmental sensitivity of people has also limited their use
of resources. Due to these reasons, the companies which
manufacture vehicles for the transportation sector are carrying
out various studies on electric and hybrid vehicle
technologies. The purpose of the study is to design electric
motor for electric two wheeled single vehicles. In this study,
Switched Reluctance Motor is preferred. The simple structure
of the SRMs, fault tolerance capability, high torque and high
speed operating characteristics make it universally applicable
[3-6]. SRMs are double protruding, no windings or magnets
in rotor [7]. Compared to SRMs Induction motors, they have
high torque and low magnetic density. Compared to
permanent magnet motors, they can reach higher speeds due
to the absence of windings or magnets in the rotor [5]. The
main disadvantage of the SRMs is their high nonlinearity and
high Torque ripple due to vibration and acoustic noise [8].
The most important reason why many studies on SRMs have
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been done in recent years is that the structure is simple and the
cost is low [9-10]. SRMs are widely used in automotive
industry, aerospace industry, railway and light rail system
vehicle excavation, home appliances (brooms, white goods
...), general purpose industrial drives, servo systems, robot
applications, Such as centrifugal drives [9-10]. The biggest
disadvantage of SRM is; can’t be directly fed from AA and
DA sources and electronically switched [9-10].

Reluctance machines, the opposite inductance between phases
is neglected.

II. SWITCHED RELUCTANCE MOTOR
The SRMs are made up of rotors and stators as they are on
all conventional electric machines. The number of stator and
rotor dislocation poles is expressed as stator pole number /
rotor pole number. For the SRM to be able to rotate, the stator
and rotor pole numbers must be different. Generally, the
number of stator poles is more than the number of rotor poles;
6/4, 8/6 and so on. They are manufactured. The reason for this
is the desire to achieve high torque rather than high speed [10].
The stator pole number Ns and the rotor pole number Nr are
expressed. In SRM, the windings on the poles on the stator are
connected in series to form a phase of the machine [11]. When
the appropriate phase in the SRM is excited by the correct
voltage, the moving rotor begins to rotate to reduce the
reluctance of the magnetic circuit. Movement of the phases in
and out of the sequence results in continuity of motion. Figure
1 shows the 3-phase, 6/4 pole stator-rotor structure of the
SRM.

All features of Outrunner SRMs are identical to those of a
classical SRM [12]. The first SRM example in the literature
with outer rotor structure is designed for personal computer
hard disk drives [13]. The design of the motors with an outer
rotor ensures that the kinetic energy is generated directly in
the place of need, without the need for auxiliary gearboxes
and transmission organs [12]. On electric vehicles; Singlemotor drive systems and Multi-motor drive systems are
available [13]. In multi-motor drive systems, in-wheel drive
structures are also found [13].

T

1 2 La 1 2 Lb 1 2 Lc
ia
 ib
 ic
2
 2
 2


(1)

III. OUTRUNNER SWITCHED RELUCTANCE MOTOR

IV. DETERMINATION OF ELECTRIC POWER
For the vehicle to be designed, it is first necessary to
determine the required engine capacity so that the vehicle can
carry the desired load. In order to be able to determine the
capacitance, it is necessary to calculate the resistance which
acts during the movement. Figure 2 shows the ride resistance
on an electric bicycle that has been designed. Here "Fr"
represents the resistance of the rounding, “F ST” represents the
resistance of the slope, “CG” Center of Gravity (CG)
represents the force of Gravity. "CG" affects every point of
the object. But in the torque calculations the gravitational
force (weight) is shown as acting from a point of the object.
‘F’is also gravity force.
During the movement of a vehicle, the driving forces that
should be exceeded by the motor power arise. The sum of the
resistances determines the force to be transmitted to the drive
wheels of the motor for forward movement of the vehicle. The
combination of motion resistances and propulsive forces can
be used to derive a vehicle's motive power, top speed,
climbing ability, and acceleration ability.

Fig. 1 Classical Switched Reluctance Machine

In SRMs, the reluctance of the magnetic circuit also grows
as the air gap between the stator and rotor pole heads
increases. The machine structure tends to reduce this high
reluctance and produces torque for it. With the torque
produced, the stator and rotor poles approach each other,
resulting in a reduced reluctance of the magnetic circuit [10].
The desire to reduce this reluctance ensures the continuity of
the machine's torque[10]. The general torque expression for
classical SRMs is expressed in Equation (1). In classical
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For continuity of motion of the vehicle, the motor must be
able to overcome the motion resistances and the losses in the
drive system. It has to produce a certain power for it. In case
of traveling on a straight road, the movement resistances
consist of rolling and air resistances (FL). In addition to the
ramp, there is added resistance to the slope. The force “FT”
required to move is given in Equation 2 [14].
FT= FR+ FL+ FST

(2)

If the vehicle is driven only from the rear side, only the
rolling resistance acts on the front wheels as tangential force.
In this case the rear axle drive force is given in Equation 3.
FA= G.a+FL+FST+D+fR.GÖ*

If the motor output is accepted as 85%, the motor input
power is calculated as 875 watts.
V. SRM DESIGN AND ANALYSIS
The geometrical structure of the 6/10 pole Outrunner SRM
designed as a result of the calculations performed is given in
Figure 3a. The measurement is given in mm. Analysis of the
designed machine was performed by using the finite element
method. In order to carry out the analysis by using the finite
element method, the mesh structure is firstly realized. Figure
3b shows the mesh structure of the designed SRM.

(3)

In Equation 3, the "“Gö*” represents the dynamic load of
the front wheel. “fR” gives the relationship between the rolling
coefficient of a radial tire and speed and is constantly
calculated as fR= 0,0136+0,4.10-7.v2. "D" refers to vehicle pull
force, "G" refers to weight (kg), "a" refers to gravitational
acceleration (9,81 m/s2). Air resistance “FL” is expressed in
equation 4.
𝐹𝐿 = 𝐶𝑊 𝐴

𝜌𝐿
2

2
𝑉𝑟𝑒𝑠

(4)

Here, “ 𝜌𝐿 ” is the cross-sectional area of the vehicle
(N.s2/m4), “A” (m2) is the cross-sectional area of the vehicle,
CW (-) is the air resistance coefficient, and V (m / s) is the
relative speed of the vehicle relative to stagnant air. “FST” is
expressed as the slope resistance FST= G.p. "G" is the weight
(kg), "p" is the slope of the highway. The parametric values
for the electric bicycle are shown in Table 1.

a)

geometric measurement

Table 1. Parametric values of Electric Motorcycle
G
a
Cw
A
ρL
Vres
w (wind speed)
p

120 kg
9,81 m/s2
0,05
1,5 m2
1,22
60
0
%3

The minimum motor power for the electric bicycle was
found by substituting the parametric values given in Table 1 in
equation [2..4].
b) Mesh Structure

From Equation 3 FA = 2622.8 Newton.
Fig 3. 6/10 Polar OutrunnerSRM Geometric measurement
and Mesh Structure

The torque is 393.4 Nm from the expression M = F * r.
Shaft power P = M * n / 9550 (torque * revolution / 9550)
P=730 watt

Analysis was performed on the machine 12A, 30A and 40A
where the design and the mesh structure were realized. AngleTorque in Figure 4 and Angle-Inductance curves in Figure 5
are given.
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Fig 4. Angle-Torque of SRM

Fig. 7. Vector distribution of the designed machine 12A

The torque ripple is also calculated at 12A. The torque ripple
Td ratio is the average value of the difference between the
maximum and minimum values of the Torque value [15-16].
The torque fluctuation equation is given in Equation(5). The
average Torque value is given in Eq. (6).

Td 

Tani (max)  Tani (min)
Tort

100%

(5)

Fig 5. Angle-Inductance of SRM
T

The flux density of the designed machine at 12 A is
examined and shown in Fig. 6 as a vector in Fig. 7.

Tort 

1
Tani .dt.
T 0

(6)

Figure 8 shows the torque ripple curve of the SRM at 12
ampere current. Torque fluctuation is obtained by solving in
Equation (5) and Equation (6) as 17,14%.

Fig 8. Torque ripple of the designed machine at 12A
Fig. 6. Flux density of the designed machine 12A

VI. CONCLUSIONS
In recent years, global warming, clean energy, hybrid
vehicles, renewable energy expressions have become quite
common when we pay attention to the environment. In
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particular, the vehicle world is creating alternative energy
sources by reducing the oil and its derivatives from day to day.
Some of them are hybrid and electric vehicles. The vehicles
produced have to use energy efficiently as well as cleanly. The
optimum value for the vehicle is realized with engine design.
The type of engine to be used is as important as its geometry
and strength. It is important that the engine has the power to
move the system, not the excessively strong or low power. It
is estimated that the motor to be used for the electric bicycle is
the minimum required. As a result of the calculations, the
machine needed a minimum of 875 watts of power in case of
85% efficiency in order to move the designed bicycle. SRM
has been selected and designed as electric machine. The
analyzed machine finite element method was used to calculate
the analyzed torque ripple. Torque fluctuation is obtained as
17,14%.
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Abstract— The work is aimed to control a Multi Input Multi
Output (MIMO) system, which is a nonlinear and uncertain
system, using the conventional Sliding Mode Control (SMC)
technique. This paper defines the level tracking control of two
input two output system. For this, the SMC method, which is a
robust method against model parameter variations and noises, is
used. The SMC method has been applied to the tank system in the
MIMO and interconnected structure. The method is used to the
coupled tank system to control the liquid level. At the end of the
study, the experimental results obtained are shown graphically.
Keywords—conventional Sliding Mode Control (SMC), multiinput multi-output systems, coupled tank system, nonlinear
system, experiment

I. INTRODUCTION
Nowadays, control of linear and nonlinear systems
nowadays has a great importance. Therefore, many control
techniques are proposed for controlling these systems. The
coupled tank system, which has a nonlinear and uncertain
structure, plays an important role in the implementation of the
control systems. Coupled tank system can be used as Single
Input Single Output (SISO) and Multi Input Multi Output
(MIMO) structure. Control of the SISO coupled tank system is
widely used in the literature [1]–[3]. In addition, coupled tank
system can be used as MIMO structure. In the literature, it is
possible to find many different methods for controlling the
system in this structure [4]–[6].
The conventional Sliding Mode Control (SMC) is a control
technique that provides good performance in linear and
nonlinear control systems. The SMC emerged as a subclass of
the theory of variable structure systems [7]. The main purpose
of the sliding mode control approach is to push the error to the
switching surface and keep it on this surface [8]. After this step,
the system is in the sliding mode and not affected by modelling
errors and external disturbances.
The SMC is used in many areas due to its advantages like
precise tracking and robustness against disturbances. The SMC
methods are also applied in coupled tank systems. In [9]–[11],
coupled tank systems are used in SISO structure. In these
studies, the SMC method is preferred for the liquid level control.
In [12]–[14], coupled tank systems with MIMO structure were
controlled by the SMC method.

This paper is organized as: the dynamic model of the crosscoupled tank system is explained in Section II. Section III
represents the conventional SMC method for MIMO systems.
While Section IV contains experimental results and Section V
concludes the paper.
II. DESCRIPTION OF THE CROSS-COUPLED TANK SYSTEM
In this study, coupled-tank system with multi-input and
multi-output structure is used. In the industry, keeping the
water level at the desired level is a process with critical
prescription. The structure of the coupled-tank system used is
shown in Fig. 1. There are four tanks and a reservoir in the
experimental set-up. T1-T2 tanks and T3-T4 tanks are coupled
to each other by pipe. In the tank system, water is allowed to
flow between the tanks by opening the G valve. With the
opening of the G valve, water flow is provided between T1 and
T3. The system model obtained using the Bernoulli’s is as
follows [15]–[17]:

Fig. 1 Structure of the cross-coupled tank system
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.

h1   1 2 g h1  5 2 g sgn(h1  h3 ) (h1  h3 )   u1
.

h2  1 2 g h1  2 2 g h2
.

h3   3 2 g h3  5 2 g sgn(h3  h1 ) (h3  h1 )   u2
.

h4  3 2 g h3  4 2 g h4

,

(1)

where

i 

Si
for i  1, 2,...,5. ,
A

(2)

where h1 is water level in tank 1, h2 is water level in tank 2,
h3 is water level in tank 3, and h4 is water level in tank 4. S1 ,
S 2 , S 3 , and S 4 are outlet areas of the tanks. A and S 5 are the
cross-sectional area of the tanks and the cross-sectional area of
the pipe between Tank 1 and Tank 3, respectively. g is the
earth acceleration.  is the constant value relating the control
voltage. u1 and u 2 are voltages, which are applied to the
pumps. In this system,
and
are the inputs;
and
are
the outputs.
III. CONTROL DESIGN
The conventional sliding mode control is utilized as an
efﬁcient method to design robust controllers for different
nonlinear systems [18], [19]. Also, the conventional SMC is a
robust method that provides the desired dynamic behavior
despite the disturbances and parameter variations.
Let us suppose that the MIMO nonlinear system is defined
as:


(3)
x  f ( x)  bu ,
where f ( x) and b are nonlinear function and uncertain
function, respectively. Control vector ( u ) can be formulated
as:
u  [u1 ...ui ]T .
(4)
Then, sliding surface matrix is given by Eq. (5)
  [1... i ]T .
(5)
Here, each s sliding manifold is defined as follows:

 m1 
. 
 
m  . 
(7)
 
.
 
m 
 n
and an invertible matrix n for the coefficients of the control
signal:
 n1 . . . n1i 


. . . . . 
n  . . . . .  .
(8)


. . . . . 
n . . . n 
ii 
 i
In this step, the derivative of sliding manifold can be written
as [14]:


  m  nu .

(9)
The SMC method, control law to provide the control of the
system is given by [14]:

1sgn( 1 )  



.



 ,
u  n 1  m  
.
(10)



.




 sgn( )  
i 
 i

where  i is positive constant.
Now, if we apply the conventional SMC method to the crosscoupled tank system, the sliding surfaces are written as [14]:




1  k1  (h2  h2d )  (h2  h2d ) ,


(11)



 2  k2  (h4  h4d )  (h4  h4d ) ,
So, vector m is:

(12)


m1  k11 2 g h1  k1 2 2 g h2  k1 h2 d
-12 g  1 5 g sgn(h1  h3 )

h1  h3
h1

 1  2 g

h1
h2

,

(13)

.

(14)

 

+ 22 g  h2 d
and


 1

d 

(6)
 (t )   k +  e(t ) ,
 dt 
where k is the positive constant.  and e are the order of the
system and the error value, respectively. When  (t )  0 and

m2  k2  3 2 g h3  k2 4 2 g h4  k2 h4 d
- 32 g   3  5 g sgn(h3  h1 )

h3

 3 4 g

h3
h4

 

+ 42 g  h4 d



 (t )  0 , approaches to zero.
To reduce the complexity, two temporary vectors are defined
as:

h3  h1

Then, vector
can be given as:
 m1 
m .
 m2 
Vector can be defined as:
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2g

0
 1

 2 h1

n
(16)
.
2g 

0
3


2 h3 

Finally, control law ( ) in the conventional SMC method
obtained as:

 sgn( 1 )  
u  n 1  m   1
(17)
  .
 2 sgn( 2 )  


TABLE I
NUMERICAL VALUES FOR PHYSICAL PARAMETERS OF THE CROSS-COUPLED
TANK SYSTEM [15]

Symbol

Value

A
Si

0.01389 m2
50.2658x10-6 m2

hmax

0≤  ≤1
9.81 m/s2
0.27 m

umax

5 volt



IV. EXPERIMENTAL RESULTS
The schematic structure of the coupled- tank system used in
the study is presented in Fig. 2 [15]. This system is 33-041-IC
model coupled tank system produced by Feedback. The control
signal can be sent 0 - 5 volts. This control signal, which is taken
by the experimental set, is converted to 24 V PWM by the
power amplifier to operate the pumps. The water level
information in the tanks is read by the pressure sensors and sent
to the computer via PSUPA (Power Supply Power Amplifier).
Main control is provided by the PC with the Advantech card
and Matlab and Simulink environment. The values of the crosscoupled tank system parameters are given in Table I.
Fig. 3 Level tracking test for Tank 2

Fig. 4 Level tracking test for Tank 4

Fig. 2 Structure of the control system [15]

The experimental results for the conventional SMC are
shown in Fig. 3-6. In the experiment, the reference value for
both tanks is selected as 15 cm. Fig. 3 and Fig. 4 shows that the
water levels in the tanks track the reference value. Figures 5 and
6 show the control signals. The parameters of the conventional
SMC for the coupled tank system are: k1  0.2 , k2  0.2 ,

1  25 and 2  28 . Experimental results display the robust
performance of the conventional SMC.
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[6]

[7]
[8]
[9]
[10]
Fig. 6 Second control signal

V. CONCLUSIONS
In this study, the conventional SMC is applied in coupled
tank system with MIMO structure. This tank is worked in a
cross structure. When the results are examined, it is observed
that the reference liquid level is tracked as desired despite the
external noises. The results also show robustness of the method
against to the disturbance and uncertainties of system
parameters. The results obtained indicate the utility of the
method in the industry (tracking the liquid level for MIMO
systems).
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Abstract— This paper studies the optimization of the operation of a water supply pumping system by means of standard
solvers. The system consists of several tanks that supply
the water to several districts in a town. Each tank can be
filled from several wells through a hydraulic system that can
be reconfigured by means of several valves. The automatic
operation of the system tries to determine which valves and
pumps must be active at each instant in order to minimise
the operation cost, taking into account the tariff periods. A
mathematical model of the problem is proposed in order to
formulate, in matrix form, the cost index and the constraints,
to be able to use standard solvers as Mosek or CBC. It is a
mixed integer optimization problem with a high computational
cost. To reduce the overall computational cost, it is proposed
to reduce the number of integer variables, replacing them
with real variables from a given moment in the optimization
horizon. A simple output flow prediction strategy is proposed.
A simulation example based on a a real water supply system
model is analysed to demonstrate the validity of the approach,
using Yalmip as parser and CBC as solver.
Keywords: pumping optimization, electric tariff, pumping
scheduling.

I. INTRODUCTION
An important cost in the operation of water supply systems
are the energetic cost associated to the pumping system.
Water consumers receive the water from supply tanks that
are filled up from wells. The operation cost depends on the
instants during the day when the pumps are working, since
the electric tariff varies along the day, following predefined
tariffing periods.
The work [5] presents a review of different approaches
to the optimization of water pumping systems, that depend
on the configuration of the system and the mathematical
models used. For the problem of filling the main tanks, that
is the objective of this paper, the most commonly used model
is the mass-balance one. In most of the works, the cost
function takes into account the energy consumed, but not
the tariffing periods when that energy is consumed. On the
other hand, the decision variables are usually the fraction of
operation time of each pump in some predefined intervals.
Other indirect decision variables have also been proposed (as
the tank volumes), but the relation to the cost index and to
the final decision (the pumps and valves commands) is too
complex for the case we are studying.
In a more recent work, [1], different approaches are
reviewed, focusing on real-time dynamic optimization technologies and data-mining techniques to improve energy
efficiency. This work describes a commercial optimization
software for water distribution systems that can solve the

problem we are facing in this paper and other more complex
ones, but the details about the algorithms used are not given.
Most of the recent works, as [7], [8], [9] or [2] use
complex models of the hydraulic systems, and are based
on complex optimization algorithms, as genetic algorithms,
particle swarm or simulated annealing. Those approaches
have a high computer cost, especially for large systems.
In [6], a linear programming approach is used for the
optimization of the pumps operation, but is only applicable
for a single tank system.
In [3], the pump scheduling is studied using MINLP,
restraining in theory the number of pump switching, but no
closed loop is proposed.
In [4] three different explicit formulations of the optimal
pump scheduling problem are presented. It takes into account
the electric tariff, but the decision variables define the start
and stop times of the different pumps in the system. The
resulting optimization problem needs to be solved by non
linear algorithms, genetic algorithms, or semi heuristic adhoc algorithms.
The discrete explicit formulations are not directly applicable if the system has some valves that can reconfigure the
network. In that case is not sufficient to decide which pumps
are started or stopped at which time, but also the switching of
the valves, that changes the resulting inlet flow to the tanks
for a given pumps state. Furthermore, our objective is to use
standard solvers to deal with the optimization problem. For
that reason, in this paper, the decision variables are explicit,
but consist of the combination of pumps and valves that must
be active at each instant, from the set of possible combinations. The mathematical formulation proposed allows to use
standard parsers (as Yalmip) and solvers (as Mosek or CBC),
to solve the optimization problem.
In section II the problem of pumping system optimal
operation is described. In section III the mathematical model
of the problem is developed. In section IV the basic optimization problem, derived from the mathematical problem,
is formulated. A more complex optimization problem is
formulated in section V to reach more practical solutions,
with a reduced number of pump commutations. Section VI
describes the output flow prediction strategy. Section VII
shows the application to a real pumping system and section
VIII summarizes the main conclusions.
II. DESCRIPTION OF THE PROBLEM
This paper deals with the problem of optimizing the
operation of a water pumping system with a predefined
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structure, with several wells and pumps, several tanks and
several ducts and valves. The objective of the optimization
is the minimization of the overall operational cost. This cost
is related to the individual pumping energetic cost of each
well (kWh per cubic meter) and, especially, to the electric
tariff that establish a different price depending on the time.
The automatic control system must decide which valves and
which pumps should be operated at every time along the day
to minimize the cost while fulfilling some constraints.
The main constraint is to serve from each tank the required
daily water flow. This flow is time varying and uncertain, but
it can be predicted because it follows an approximate daily
pattern. The other important constraint is due to the size of
the tanks, each one having a maximum and minimum level
that should not be violated.
Other secondary constraints that may be applied include
limiting the number of starts and stops in some way. Also
the condition that tank levels are as high as possible to have
more room for serving water to the users in case of failure.

Fig. 1.

TABLE I
VALID COMBINATIONS IN THE APPLICATION EXAMPLE .
V1
X
0
1
X
X
X
0
1
X
X

Comb
0
1
2
3
4
5
6
7
8
9

III. MATHEMATICAL MODELLING OF THE
PROBLEM
First of all, the pumping system is assumed to have Np
pumps (one in each well), Nt tanks and Nv valves. The
valves are used to reconfigure the hydraulic circuit that
connect the pumps to the tanks. The total number of possible
combinations is 2Np +Nv , but not all the combinations are
possible in a given system. Let us define as Nc the number
of valid combinations of valves and pumps. In order to
formulate mathematically the problem, a binary matrix, Mc ,
of size Nc × (Np + Nv ), is defined, where each row
represents one of the valid combinations, and where the
corresponding elements take the value 1 or 0 depending on
the active or inactive state of the valves and the pumps in
that combination.
Along the paper, an application example, obtained from a
real water supply system, is used to illustrate the proposed
approach. The considered system has Np = 3 pumps (wells),
Nv = 2 valves and Nt = 3 tanks. The figure 1 shows the
scheme of the system. Tank number 3 can be filled up from
pump 1, whatever the state of the valves, or from pump 2,
if the valve 2 is open, or from pump 3, also if the valve 2
is open. Tank 2 can only be filled from pump 3 if the valve
2 is closed and valve 1 open. Finally, tank 1 can only be
filled from pump 3 if both valves are closed. Pumps 1 and
3 can operate simultaneously, but pump 2 can only operate
if pump 3 is stopped and valve 2 open, because its head is
not sufficient fo reach tanks 1 or 2. Taking into account the
physical limitations described above, the matrix that defines
de Nc = 10 valid combinations of pumps and valves in this
example is shown in table I.The value X means that the
resulting flows are the same if the valve is closed (0) or
open (1). For each combination of valves and pumps, there
is a resulting outlet flow of each pump, and a resulting inlet
flow for each tank. This can be expressed by a matrix of
pump flows, FP , that has as many columns as combinations,
and one row per pump and a matrix of tank inlet flows, FT ,

Real application scheme.

V2
X
0
0
1
1
X
0
0
1
1

P1
0
0
0
0
0
1
1
1
1
1

P2
0
0
0
0
1
0
0
0
0
1

P3
0
1
1
1
0
0
1
1
1
0

that has as many columns as combinations, and one row per
tank, i.e. the size of matrices FP and FT are (Np × Nc ) and
(Nt ×Nc ). In the proposed application example, the resulting
flow matrices are (in m3 /h):


FP

0
= 10  0
0


FT

0
= 10  0
0

0
0
8

0
0
10

0
0
12

0
10
0

20
0
0

20
0
8

20
0
10

20
0
12


20
10 
0

(1)

8
0
0

0
10
0

0
0
12

0
0
10

0
0
20

8
0
20

0
10
20

0
0
32


0
0 
30

(2)

Following the same procedure, a matrix P can be formed
with the electric power consumption of each pump for
each combination. The matrix has as many columns as
combinations, and one row per pump, i.e. the size of matrix
P is (Np × Nc ). In the proposed example, the power matrix
(in kW ) is:


0 0 0 0 0 12 12 12 12 12
P =  0 0 0 0 5 0 0 0 0 5  (3)
0 13 11 7 0 0 13 11 7 0
In order to operate the water supply facility, the automatic
management system must decide which one of those Nc
combinations has to be applied at each instant of time. The
natural objective is to minimize the overall operation cost.
In order to be able to formulate the optimization problem,
a variable taking integer values from 0 to Nc could be
defined. However, in order to formulate more easily the
objective function as well as the constraints, a binary vector
is proposed to define the applied combination as a function
of time:
δ(t) ∈ {δ1 , . . . , δNc }
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donde
δi = [0
· · 0} 1 0 · · · 0]T
| ·{z

(5)

i−1

Therefore, the elements of δ(t) can only be 0 or 1, and
only one of the elements can be different from zero (i.e. the
sum of the elements is 1).
With these definitions, the vector that gathers the inlet
flows of the tanks at a given instant is simply the product
fT (t) = FT δ(t)

The continuous time equation of the tanks must also be
discretized at period h. The discretized equation can be
expressed as:

h 
V [k + 1] = V [k] +
FT δ[k] − fˆO [k]
(12)
3600
R (k+1)h
with V [k] = V (t = k h), fˆO [k] = h1 kh
fˆO (t)dt.
The main constraints are the maximum and minimum
limits of the tank volums, therefore, the constraints can be
formulated as
Vi,min ≤ Vi [k] ≤ Vi,max ,

, the vector of output flow of the pumps is

Vmin ≤ V [k] ≤ Vmax

, while the vector of power consumptions of the pumps is

In order to compute the overall cost, the electric tariff must be
taken into account. The tariff can be expressed as a function
that defines the price in euro/kW h as a function of time,
Ti (t). Each pump could have a different tariff, hence, we
define a row vector as:


T (t) = T1 (t) · · · TNp (t)
(6)
With this, the overall cost in a period of time can be
expressed (in euros ) as:
Z
1
T (t)P δ(t)dt
(7)
J=
3600
The equation of the tanks can be expressed as:
(8)

The basic optimization problem consists of minimizing
the cost of the energy while fulfilling the main constraints
of maintaining the volumes of all the tanks inside their
admissible range (between their minimum and maximum
values). An additional constraint must be added in order to
guarantee that the tanks finish the day with the same volume
they have started. Otherwise, the optimal solution will always
finish the day with the tanks completely empty.
Taking into account the equations introduced in the previous sections, with the definition of vectors δ[k], T [k], V [k]
and fˆO [k], and taking a minimization horizon, tm = km h,
the minimization problem can be formulated as:



 

V̇1
fT ,1 (t)
fO,1 (t)




 = fT (t) − fO (t)
···
···
···
=
−
fT ,Nt (t)
fO,Nt (t)
V̇Nt
(9)

Since the future outflow rate of each tank, fO (t), is not
known, a prediction fˆO (t) must be used to estimate the
evolution of the volume. On the other hand, the input flow
can be expressed as a function of δ(t), hence the equation
used to estimate the evolution of tanks volume (in m3 /s) is

1 
V̇ =
FT δ(t) − fˆO (t)
(10)
3600
where the flows are in m3 /h.
In order to obtain a tractable formulation of the problem,
the continuous time equations must be discretized. If we
choose a constant discretizing period h (in seconds), the
vector functions T (t) and δ(t) would then be changed by
vectors of discrete signals T [k] = T (t = kh) and δ[k] =
δ(t = kh). δ(t) is assumed to maintain a constant value
during interval h, i.e. δ(t) = δ[k] for k h <= t < (k + 1)h.
Taking into account the units of the variables, the cost index
(in euros) could be expressed as:
h X
J=
T [k]P δ[k]
(11)
3600

h
3600

min
δ

s.t.
Vmin ≤

where fT,j (t) y fO,j (t) are the inlet and outlet flow of tank
j respectively. The equations of all the tanks can be joined
in matrix form
V̇ = 

(14)

IV. BASIC OPTIMIZATION PROBLEM

p(t) = P δ(t)



(13)

or in matrix form

fP (t) = FP δ(t)

V̇j = fT,j (t) − fO,j (t)

i = 1, · · · , Nt

Pkm

k=1

T [k]P δ[k]

(15)



FT δ[j] − fˆO [j] ≤ Vmax

Pkm 
ˆ
j=1 FT δ[j] − fO [j] ≥ 0
PNc
i=1 δi [k] = 1, δi [k] ∈ {0, 1}
k = 1, . . . , km

V (0) +

h
3600

Pk

j=1

The optimization problem (15) is a mixed integer one,
where the decision variables are the elements of vectors
δ[k] that can only take values 0 or 1. The number of
decision variables is Nc km , and the number of constraints is
(2Nc + 2Nt + 1)km + Nt . For a normal prediction horizon
of 1 day, if a discretizing period of 1 minute is taken, the
number of variables is 1440Nc , and the number of constraints
is 1440(2Nc + 2Nt + 1) + Nt , that can be very large even
for quite simple systems. Furthermore, the mixed integer
optimization is highly demanding in computer resources, and
the optimization should be run frequently (not only once a
day), because it depends on the prediction of the future flow
demand fˆO [k], that is uncertain, and can be improved for the
short term using the output flow on line measurements. For
example, it could be run every 10 minutes. In that case, only
the values of δ[k] obtained for the first 10 minutes would
be applied, discarding the rest. This is a usual strategy in
predictive control.
Therefore, in order to reduce the complexity, and assuming
that only the first values will be really applied, we propose to
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use two discretizing periods, a short one for the first instants,
h, and a coarser one for the rest of the day, hM = Lh.
Furthermore, in order to further reduce the computational
cost, and the discretization error in the large periods, real
valued δ vectors are proposed to be used on those periods,
i.e. the values of the elements of δ are allowed to take any
real value from 0 to 1, but with the constraint that their sum
is 1. The physical meaning is that each combination of valves
and pumps would be active during a fraction of the period,
defined by the value of the corresponding element of δ. This
idea has two effects: on one hand, the restriction is less severe
that assuming a fixed combination is applied during a whole
long period. On the other hand, the computational cost of the
optimization is reduced, as the number of integer variables
is drastically decreased.
On the other hand, the optimization problem can be
expressed in a more compact matrix form. In order to do
so, we define the short time horizon tm = km h, and the
long time horizon tM = tm + (kM − km )Lh, and we also
define the vectors:

T (t = kh)
if k ≤ km
T [k] =
T (t = km h + (k − km )Lh) if k > km
(16)
(
fˆO [k] =

1
Lh

R (k+1)h
1
fˆo(t)dt
h kh
R km
h+(k+1−km )Lh ˆ
f o(t)dt
km h+(k−km )Lh

if
if

k ≤ km
k > km
(17)

Besides, the following vectors and matrices are also defined:



δ[1]


..
∆=

.
δ[km ] k

(18)

M Nc ×1

T =

h 
T [1] · · · T [km ]
3600



P

0



P =



0
..
.

P
..
.

0

···


Fk =

FT · · · FT
| {z }
km


Ik =

0
· · 0}
| ·{z

(k−1)Nc

F̂O [k] =

T [km + 1]L · · · T [kM ]L

···
..
.
..
.
0

0
..
.
..
.
P

LFT · · · LFT
|
{z
}







(20)

kM Np ×kM Nc

0···0


(21)
Nt ×kM Nc

0

···

0

Nc

km
X
j=1

(19)



k−km

1| ·{z
· · 1}



fˆo [j] + L


(22)
1×kM Nc

k
X

fˆo [j]

(23)

j=km +1

With these definitions, the minimization problem can be

formulated as:
min
∆

TP∆

(24)

s.t.
Vmin − V (0)
+ F̂O [k], k = 1, . . . , kM
h
Vmax − V (0)
Fk ∆ ≤ 3600
+ F̂O [k], k = 1, . . . , kM
h
FkM ∆ ≥ F̂O [kM ]
Fk ∆ ≥ 3600

Ik ∆ = 1, k = 1, . . . , kM
∆[j] ∈ {0, 1} ∈ N ,

j = 1, · · · , km Nc

∆[j] ∈ [0, 1] ∈ R j = km Nc + 1, · · · , kM Nc
The number of integer decision variables in problem (24) is
Nc km , and the number of real decision variables is Nc (kM −
km ). The number of constraints is (2Nc + 2Nt + 1)kM + Nt .
V. ADVANCED OPTIMIZATION PROBLEM
On important issue of the basic optimization problem (24)
is that the final real volumes of the tanks could get out of
the constrained limits due to the uncertainty of the output
flow prediction used in the optimization. If this happens,
then the optimization problem becomes infeasible, because
it starts with a constraint violation that can not be avoided.
Two things must be done to overcome this problem. First,
the maximum and minimum volumes must be chosen with a
safety margin taking into account physical tank limits. And
second, the maximum and minimum volumes constraints
must be changed to allow higher and lower volumes at the
first instants of the time horizon.
Another important drawback of the basic optimization
problem (24) is that the optimal solution tends to imply a
large amount of commutations, i.e. the pumps and valves
would be stopping and starting every few minutes. This is
a serious problem, since every start and stop implies an
energy waste and a reduction in the working life of hydraulic
components. Therefore, the optimization problem must be
modified to achieve a low number of commutations for the
proposal to be useful.
On the other hand, as we are imposing a final volume
equal to the initial one, the result of the optimization depends
on the initial condition of the tanks and the instant of
time in which the optimization is performed. In addition,
from a practical point of view, it is interesting that at least
once a day, the tanks have the maximum possible stored
volume to deal with unexpected problems throughout the
day. Therefore, we propose to impose as an indirect objective
to reach the maximum volumes of tanks at a predetermined
instant, which may be at the end of the cheapest tariff period
(at 8 a.m.).
Both the limitation of the number of commutations as
well as the forcing of some volumes in a predefined instant
can be approached by modifying the cost index or adding
constraints.
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A. ADVANCED VOLUMES CONSTRAINTS
In order to avoid the infeasibility due to the volume
starting out of the bounds defined by Vmax and Vmin , instead
of using a constant value for the constraints, a time varying
vector is proposed that allows out of range volumes at the
first instants. For the higher volumes constraint could be:


Vsup,1 [k]
Vsup [k] =  Vsup,2 [k] 
(25)
Vsup,3 [k]
with
Vsup,i [k] =

 Vmax (i)
Vmax (i)
 Vi (0)(km −k)+Vmax (i)k
km

if
if
if

Vi (0) ≤ Vmax (i), ∀k
Vi (0) > Vmax (i), ∀k > km
Vi (0) > Vmax (i), ∀k ≤ km
(26)

while for the lower volumes constraint:


Vinf,1 [k]
Vinf [k] =  Vinf,2 [k] 
Vinf,3 [k]

(27)

with
Vinf,i [k] =

 Vmin (i)
Vmin (i)
 Vi (0)(km −k)+Vmin (i)k
km

if
if
if

Vi (0) ≥ Vmin (i), ∀k
Vi (0) < Vmin (i), ∀k > km
Vi (0) < Vmin (i), ∀k ≤ km
(28)

In the constraints of problem (24), the constant vectors
Vmax and Vmin should be changed by Vsup [k] and Vinf [k]
B. LIMITATION OF THE NUMBER OF COMMUTATIONS
If we consider the number of commutations as the number
of changes in δ[k] along the optimization period, we need an
equation that expresses that number of changes as a function
of matrix ∆. In fact, as the values of δ in the longer periods
are assumed real, representing the fraction of the period when
a given combination is applied, the number of commutations
can only be applied to the shorter periods with integer δ. If
the following matrices are defined:


N
z }| {
 0 ··· 0 1
0 ··· 0 



.
.. 
.
.
.
..
+
.
.
.
.

.
.
.
. . 
IN =  .



 0 ... · · · ...
1 0 
0

−
IN

···



1

0




=




0
..
.

1
..
.

0 ···

···
···
..
.
..
.
0

···
···
..
.
..
.
1

0

N

YN =

+
IN

−

−
IN

sum(abs(YNc [δant ; ∆(1 : (km − 1)Nc )]))

(29)

The previous expression takes into account as a possible
change, the first value of ∆ if this is different from the last
value of the previous period. ∆ant is not a decision variable,
but a constant vector resulting from previous optimization.
The first alternative to reduce the number of commutations
is to include the number of changes of δ in the cost
index. In this case, the optimization problem would have
the same constraints as (24), and only the cost index would
be modified:
J = J +αc sum(abs(YNc [δant ; ∆(1 : (km −1)Nc )])) (30)
The weighting factor αc must be chosen carefully to find
a compromise between minimization of the cost and the
number of commutations.
With respect to limiting the number of commutations by
introducing constraints, although it is possible, it is not effective in practice. Suppose that the optimization is performed
every 10 minutes, and the number of commutations is limited
to cmax = 2. Then, in the worst case, there is a possibility
that the 2 commutations always occur in the first 10 minutes,
resulting in a total of 2 × 6 × 24 = 288 commutations in a
day.
C. FORCING HIGH VOLUMES AT A GIVEN INSTANT
On the other hand, in order to force the volumes to reach
a maximum value at a given specified time (in general at the
end of the cheapest tariff period), the first alternative is to add
a term to the cost index, with a weighting factor. Due to the
discretization of the problem, we propose to define an index
value, kv , as the nearest index to the desired time instant
when the maximum volumes are required. If we call ti to
the initial time (in seconds) when the optimization is run,
and tv the time when the maximum volumes are required,
the value of kv is

i
round( tv −t
h ) if tv − ti ≤ km h
kv =
tv −ti −km h
km + round(
) if tv − ti > km h
Lh
(31)
With this, the cost index would be modified as

J = J + αV

F̂O [kv ] − Fkv ∆ + 3600

Vobj − V (0)
h


(32)

(km −1)N ×km N

where αV is a row vector with the weighting factors for each
tank, and Vobj is the vector of maximum tank volumes to be
reached at instant tv .
The drawback of the above approach is that the result
is highly dependent on the weighting factor αV used. The
second alternative is to add new constraints. The constraint
to be added to force the volumes to reach the required values
??in the specified time would be

(km −1)N ×km N

Vobj − V (0)
+ F̂O [kv ]
(33)
h
The drawback of this approach is that the added constraint
may cause the optimization problem to be infeasible. This

1

··· 0
..
. 0
. . ..
. .
0
·
· · 0}
| {z

The number of changes in δ[k] during the km short periods
can be expressed as:










Fkv ∆ ≥ 3600
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can happen especially if the instant when the optimization is
executed is close to the instant when the maximum volumes
are required, that is to say when kv is small.
D. FINAL OPTIMIZATION PROBLEM
Two alternatives are proposed for the final optimization
problem, depending on whether the maximum required
volumes are included in the cost index or formulated as
constraints.
We define:
J0 = T P ∆
(34)
Jc = αc sum(abs(YNc [δant ; ∆(1 : (km − 1)Nc )]))


Vobj − V (0)
Jv = αV F̂O [kv ] − Fkv ∆ + 3600
h

(35)
(36)

If we define the weighting factors βd and βw , such that βd +
βw = 1, the prediction for the 24 hours ahead instant would
be
fˆO [k + 1440 · 60/h] = βd fˆO [k] + βw fˆO [k − 6 · 1440 · 60/h]
(40)
The values of the weighting factors will depend on the
day of the week. For example, if we are from Monday till
Thursday, the value βd should be close to 1, because the
next working day should be similar to the current day. On
the other hand, if we are on Saturday, the factor βd should
also be close to 1 (but maybe not so much), because the next
day of the weekend (Sunday) should be similar to Saturday,
but not quite (it would also look like the Sunday of the
previous week). The table II shows the possible values of
the weighting factors for the different days of the week.

Some of the constraints are common to both alternatives:
TABLE II
E XAMPLE OF WEIGHTING FACTORS FOR THE DIFFERENT DAYS .

Vinf [k] − V (0)
+ F̂O [k], k = 1, . . . , kM
h
Vsup [k] − V (0)
Fk ∆ ≤ 3600
+ F̂O [k], k = 1, . . . , kM
h
FkM ∆ ≥ F̂O [kM ]
Fk ∆ ≥ 3600

Ik ∆ = 1, k = 1, . . . , kM
∆[j] ∈ {0, 1} ∈ N ,

j = 1, · · · , km Nc

∆[j] ∈ [0, 1] ∈ R j = km Nc + 1, · · · , kM Nc
(37)
while the possible additional constraint is:
Vobj − V (0)
+ F̂O [kv ]
(38)
h
With this, the possible optimization problems can be summarized as
1) Minimize J0 + Jc subject to common constraints plus
Cv .
2) Minimize J0 + Jc + Jv subject to common constraints.
Taking into account the advantages and disadvantages, it is
proposed to use problem 1 to guarantee maximum volumes
of the tanks at the specified time, but change to problem 2
in case that problem 1 is not feasible.
Cv := Fkv ∆ ≥ 3600

VI. OUTPUT FLOW PREDICTION
In order to solve the optimization problems to obtain the
start and stop commands of the pumps at each moment, a
prediction of the future output flow of each tank is needed.
We assume that the output flow is measured in each tank,
therefore, the current and past flows are known.
The proposed prediction algorithm consists of setting the
predicted value for the instant located 24 hours ahead of the
present instant as a function of the current measurement and
the measurement taken 6 days before, depending on which
day of the week we are, ie, if the next one is a business
or weekend day. If a period of h seconds is taken, and the
output flow measured at the instant k = t/h is fO [k], then
the prediction of the present instant would be updated as:
fˆO [k] = fO [k]

(39)

βd
1
1
1
1
0.1
0.8
0.1

Day
Monday
Tuesday
Wednesday
Thursday
Friday
Saturday
Sunday

βw
0
0
0
0
0.9
0.2
0.9

On the other hand, the prediction of the immediate future
instants can be improved using the knowledge of the last
measured flow. For example, if the prediction for the next
period is fˆO [k+1] = 150 (as defined from the previous day’s
data), but we measure fO [k] = 250, then the actual flow rate
fO [k + 1] will be closer to 250 than to 150. Of course, this
will be less true as we move into the future. Therefore, we
define a time constant tf to update the future predictions
with an exponential weighting from the prediction error at
the present instant.
fˆO [k + j] =fˆO [k + j] + e

−jh
tf

(fO [k] − fˆO [k − ])

(41)

j = 0, · · · , 4tf
where fˆO [k − ] represents the prediction at instant k before
the measurement fO [k] is taken.
VII. APPLICATION EXAMPLE
The application example described in section 3, obtained
from an actual water supply installation, will be used to
illustrate the proposed approach. The tariffs for the three
pumps are shown in the table III. To perform the calculations,
the output flow of the tanks is simulated by means of a
Fourier series adjusted from real data, adding a low pass
filtered random term to simulate uncertain variations. The
figure 2 shows the simulated flows, compared to the predicted
ones used in the optimization, corresponding to one day. For
the prediction of the output flow, the algorithm described in
section VI has been used.
The final optimization problems described on section V-D
have been solved with Matlab, using Yalmip as parser and
CBC solver.

- 226 -

6th International Conference on Advanced Technology & Sciences (ICAT'Riga)

Sep 12-15, 2017, Riga/LATVIA

___________________________________________________________________________________________________________
TABLE III
TARIFFS FOR THE 3 PUMPS IN THE APPLICATION EXAMPLE ( IN

Volumes (in %)
100

EUR / K W H ).

50

Periods
0 < t < 480
480 < t < 540
540 < t < 600
600 < t < 900
900 < t < 960
960 < t < 1440

Pump 1
0.063
0.079
0.1
0.1
0.079
0.079

Pump 2
0.066
0.088
0.088
0.099
0.099
0.088

Pump 3
0.066
0.088
0.088
0.099
0.099
0.088

0
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Flow of pump 1
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0
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Flow of pump 3
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0

500
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2500
Valves

3000

3500

4000

0
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3500

4000

200
100
0

100
50
0

100
50
0

200
180

1.5

160

1

140

0.5
0

120

2500

100
80
60
40

Fig. 3. Simulation results for αc = 0. Volumes (in percentage), flow of
pumps 1, 2 and 3, and state of valvess

20
0

0

Fig. 2.

200

400

600

800
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1200

1400

Predicted flow compared to the ”real” flow.

The minimum allowed volumes for the tanks are
Vmin = [100; 100; 740] and the maximum volumes Vmax =
[500; 500; 3700], in m3 . In order to control the pumping
system, the optimization is carried out every 10 minutes,
with a time horizon of 24 hours, a short period h = 60
seconds, with km = 30 and kM = 47 (i.e. L = 30). Only
the first 10 pumping commands obtained in the optimization
are applied.
At instant tv = 480 · 60 seconds, i.e., at the end of the
cheapest period, the tank volumes are required to be near the
maximum, Vobj = [492; 492; 3640].
The optimization problem 1 is always used, where the
volumes in tv are a constraint, and the number of commutations is included in the cost index, with a weighting factor
αc , except when the problem is infeasible, that the problem
2 is solved instead (with both terms in the cost index, with
αv = 0.001).
The figure 3 shows the evolution of the tank volumes,
the pump flows and the state of the valves during a 3 days
simulation. In this case, the number of commutations is not
considered (i.e. αc = 0). The result is a huge number of
daily commutations (higher than 600).
Figures 4, 5 and 6 show the simulation results for different
values of αc . The higher the value of αc , the lower the
number of daily commutations, but the higher the cost
(ncon = 26, J = 48 for αc = 0.01, ncon = 13, J = 49
for αc = 0.1, ncon = 8, J = 51 for αc = 0.5,).
Observing the evolution of the volumes (shown as a
percentage of its maximum capacity), the simulation starts
at 0 o’clock with the three tanks at the 80% of of its range.
At 8 o’clock the volumes Vobj are reached, and after that, a
quasi-periodical volume pattern is established in which the
required volumes are obtained. The figures show the flows of

the pumps together with the hourly energy price according to
the tariff. It is observed that once the quasi-periodic pattern
is established, the pumps are never switched on in the most
expensive tariff periods.

Volumes (in %)
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Flow of pump 1
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0
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0
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0

100
50
0

1.5
1
0.5
0

2500

Fig. 4. Simulation results for αc = 0.01. Volumes (in percentage), flow
of pumps 1, 2 and 3, and state of valves

VIII. CONCLUSIONS
In this work we have proposed an optimal control strategy
for the operation of a water pumping system by means
of standard solvers. The objective is to determine which
valves and pumps must be active at each instant of time
to minimize the cost of operation, taking into account the
tariff periods. The main constraints are the maximum and
minimum volumes of the tanks. We propose a mathematical
model of the problem in order to formulate, in matrix form,
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the same volumes in each tank after the 24 hour period
(otherwise the tanks always finish the day empty), and
forcing near maximum volumes at one instant of the day
(at the end of the cheapest tariff period). The uncertainty
in the output flow prediction may cause the real volumes to
surpass the limits. To avoid the infeasibility of the problem in
those cases, the limit volume constraints have been changed
to allow the volumes go out of the range during the first
instants of time.
A simple algorithm is proposed to predict the future output
flow of the tanks used in the optimization.
The closed loop scheme is in the form of a model
predictive control, where the optimization is run every few
minutes, and only the first commands being applied.
An example of a real water supply system, with 3 tanks, 3
pumps and 2 valves, is analysed to demonstrate the validity
of the approach, using Yalmip as parser and CBC as solver.
The proposed approach allows solving the optimization problems in a few seconds on a desktop personal computer.

Fig. 5. Simulation results for αc = 0.1. Volumes (in percentage), flow of
pumps 1, 2 and 3, and state of valves
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Abstract—In traditional medicine, chronic renal disease is
diagnosed
after
medical
examinations.
Nevertheless,
computerized diagnostic systems that will assist to the doctors are
the subject of many researchers. Various data mining techniques
and methods are used to support doctors' diagnostic decisions and
identify them. Data mining methods help to build the best model
for supporting medical decision systems, extracting information,
classifying, summarizing and evaluating according to given data
set. In this study, different medical decision support systems were
implemented using chronic renal disease dataset which is received
from UCI Machine Learning Repository, including missing values
and abnormal records. Different models for this disease have been
established and also the effect of different preprocessing
techniques on modeling of chronic renal disease (CKD) has been
examined. It was performed with different preprocessing
techniques. The first dataset was processed without any
preprocessing, in the second dataset the missing values were
completed and the abnormal data were discarded, in the third
dataset the missing values and the abnormal data were completely
discarded. Seven different classification studies including Naïve
Bayes, Logistic, Decorate, Sequential Minimal Optimization
(SMO), J48, Ridor and Grading have been performed for the
three different datasets. The results obtained with 3 different
models and 7 different algorithms are compared with each other.
Keywords—Data Mining, Classification, Chronic Kidney Disease,
Naïve Bayes, Logistic, Decorate, SMO, J48, Ridor, Grading

I. INTRODUCTION
The knowledge should be managed effectively because
responsible places producing and using knowledge are
proceeding rapidly. Since the mid-1990s, A lot of researches
have been conducted to create technics, methods and means
that support the discovery of useful information [1]. In the
information age, creating value is through using resources
efficiently rather than physical assets. For this purpose, many
methods and technics have been developed for information
management. Data mining is a technic used to reach this
purpose. It determines the relationship between data by
choosing the meaningful information from meaningless data. In
general terms data mining analyzes the data, reaches the

meaningful information between data and summarizes this
information [2].
Besides, data mining means to use the advanced data mining
instruments to discover unknown information and current
patterns in large datasets. The instruments of data mining which
means more than collecting and managing data are statistical
models, mathematical algorithms and machine learning
methods [3].
Classification is a method frequently used in data mining and
used to uncover hidden patterns in database. Classification is
used to insert the data object into predefined several classes.
The well-defined characteristics play a key role in performance
of the classifier. Classification is based on a learning algorithm.
Training cannot be done by using all data. This is performed on
a sample of data belonging to the data collection. The purpose
of learning is the creation of a classification model. In other
words classification is a class determination process for an
unknown record [4, 5].
Various data mining classification approaches and machine
learning algorithms are applied for prediction of chronic
diseases Chronic Kidney disease is predicted using
classification techniques of data mining [6].
Chronic kidney disease (CKD) is a condition in which a
person has damaged kidneys or reduced kidney function for
more than 3 months. During this time, the kidneys cannot
properly filter waste out of the blood. If not detected and treated
early, CKD can cause many health problems and even lead to
kidney failure and early death. Once a person has CKD, it
usually gets worse over time and lasts for the rest of the
person’s life. Kidney failure also called end-stage renal disease
is the final stage of CKD, when the kidneys stop working
completely. Risk factors for CKD include diabetes, high blood
pressure, heart disease, obesity, high cholesterol, lupus, and a
family history of kidney disease [7].
CKD is defined as the presence of kidney damage,
manifested by abnormal albumin excretion or decreased kidney
function, quantified by measured or estimated glomerular
filtration rate (GFR), that persists for more than 3 months [8,9].
Although creatinine clearances can be calculated from urine
creatinine concentration measured in a 24-hour urine collection
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and a concomitant serum creatinine concentration, a more
practical approach in the office is to estimate GFR (estimated
GFR or eGFR) from the serum creatinine concentration [10].
Chronic kidney disease (CKD) is defined as reduced
glomerular filtration rate (GFR) and/or elevated albuminuria
[11] and affects 10–20% of adults worldwide [12, 13]. Chronic
kidney disease (CKD) affects an estimated 27 million adults in
the United States and is associated with increased mortality,
morbidity, and health care costs [14, 15]. CKD is also
associated with significantly increased risks of cardiovascular
disease [16] and stroke [17]. Awareness of CKD among
patients has modestly increased in recent years, but remains low.
According to the 2003-2004 National Health and Nutrition
Examination Survey, less than 5 percent of patients with stage
1 or 2 CKD and less than 10 percent with stage 3 reported
having been diagnosed with CKD; only 45 percent of patients
with stage 4 were aware of their condition [18]. Although
clinical laboratories report estimated glomerula filtration rate
(GFR) directly to physicians, CKD recognition remains low
[19].
CKD is defined by the presence of structural or functional
abnormalities of the kidney with or without an accompanying
reduction in GFR. Persons with CKD may have one or more of
the following: pathologic abnormalities, markers of kidney
damage (i.e., imaging abnormalities and abnormalities in serum
or urine, including proteinuria and abnormal urinary sediment),
or GFR less than 60 mL per minute per 1.73 m2 for at least
three months. If the duration of the abnormality is unknown,
the possibility of acute kidney injury should be considered and
appropriate evaluation performed for reversible causes. Most
persons who have received kidney transplants are considered to
have CKD [20].
CKD is typically detected by measuring serum creatinine
levels to calculate the GFR and by measuring the urinary
albumin/creatinine ratio to detect proteinuria. 15 although the
most common causes of CKD are diabetes and hypertension,
the disease can be caused by many other conditions. Urinalysis
can detect signs of glomerulonephritis, tubulointerstitial
disease, vasculitis, hereditary nephritis, and lupus nephritis;
however, it is not routinely recommended in otherwise healthy
patients [20].
Chronic kidney disease prediction is one of the most central
problems in medical decision making because it is one of the
leading cause of death. So, automated tool for early prediction
of this disease will be useful to cure [21].
Lately, the use different classification techniques in
biomedical disease diagnosis become a common practice. With
computer-based classification techniques near correct results
are obtained. However, speed, accuracy and definitive
diagnosis classification methods are became necessity [22, 23,
and 24]. This work predominantly focused on, prediction of
chronic kidney disease.
In this study, we experimented on the dataset of chronic
kidney disease to explore the model and data mining algorithm
to find outperforming algorithm for our considered domain.
The rest of the paper is organized as follows, section 2 describes
the theoretical background for classifiers used in this study for

chronic kidney disease, section 3 describes experimental
studies and section 4 concludes the paper.
II. THEORETICAL BACKGROUND

A. Data Mining Techniques
Having done in this study seven different classifying
techniques were used to diagnose chronic kidney disease. Short
information about each of the classifying techniques namely
Naïve Bayes, Logistic, Decorate, SMO, J48, Ridor and Grading
will be mentioned in the following paragraphs.
Naive Bayes: The Naïve Bayes classifier, it makes use of the
variables contained in the data sample, by observing them
individually, independent of each other. The Naïve Bayes
classifier is based on the Bayes rule of conditional probability.
It makes use of all the attributes contained in the data, and
analyses them individually as though they are equally important
and independent of each other [25]. Naive Bayes classifiers are
highly scalable, requiring a number of parameters linear in the
number of variables (features/predictors) in a learning problem.
[26].
Logistic: Logistic classification measures the relationship
between the categorical dependent variable and one or more
independent variables, which are usually (but not necessarily)
continuous, by using probability scores as the predicted values
of the dependent variable [27].
Decorate: Diverse Ensemble Creation by Oppositional,
Relabeling of Artificial Training Examples (Decorate) is
presented that uses a learner (one that provides high accuracy
on the training data) to build a diverse committee. This is
accomplished by adding different randomly constructed
examples to the training set when building new committee
members. [28].
SMO:. Proposed by John C. Platt in 1998, Sequential
Minimal Optimization (SMO) algorithm breaks large
data/problems into many smallest possible data/problems. It is
simple and has the ability to handle very large data sets [29]
J48: J48 algorithm is a modified version of c4.5 and ID3
algorithm which is used to construct the decision trees. The
decision tree uses tree like graph and acts as decision support
system. [30].
Ridor: Ripple Down Rule learner (RIDOR) is also a direct
classification method. It constructs the default rule. An
incremental reduced error pruning is used to find exceptions
with the smallest error rate, finding the best exceptions for each
exception, and iterating. The most excellent exceptions are
created by each exceptions produces the tree-like expansion of
exceptions. The exceptions are a set of rules that predict classes
other than the default. IREP is used to create exceptions [31].
Grading: Grading is a meta-classifier, which grades the
output of base classifiers as correct or wrong labels, and these
graded outcomes are then combined [32].

B. Commonly-Accepted Performance Evaluation Measures
This is the case we focus on in this study. Classification
performance without focusing on a class is the most general
way of comparing algorithms. It does not favor any particular
application. The introduction of a new learning problem
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inevitably concentrates on its domain but omits a detailed
analysis. Thus, the most used empirical measure, accuracy,
does not distinguish between the numbers of correct labels of
different classes [33]:
 TP = true positives: number of examples predicted
positive that are actually positive
 FP = false positives: number of examples predicted
positive that are actually negative
 TN = true negatives: number of examples predicted
negative that are actually negative
 FN = false negatives: number of examples predicted
negative that are actually positive

hospital (Tamilnadu) nearly 2 months of period and has 25
attributes, 11 numeric and 14 nominal. The attributes and its
description is mentioned in Table 2. Total 400 instances of the
dataset is used for the training to prediction algorithms, out of
which 250 has label chronic kidney disease (ckd) and 150 has
label non chronic kidney disease (notckd). Table II shows the
description of the attributes in Chronic-Kidney-Disease dataset
[36, 37].
TABLE II
DESCRIPTION OF ATTRIBUTES IN
THE CHRONIC KIDNEY DISEASE DATASET
Attribute
Permissible values
1. Age
age in years
2. Blood Pressure
in mm/Hg
(1.005,1.010,1.015,
3. Specific Gravity
1.020,1.025)
4. Albumin
(0,1,2,3,4,5)
5. Sugar
(0,1,2,3,4,5)
6. Red Blood Cells
normal,abnormal
7. Pus Cell
normal,abnormal
8. Pus Cell Clumps
present,notpresent
9. Bacteria
present,notpresent
10.Blood Glucose
in mgs/dl
11.Random Blood Urea
in mgs/dl
12.Serum Creatinine
in mgs/dl
13.Sodium
in mEq/L
14.Potassium
in mEq/L
15.Haemoglobin
in gms
16.Packed Cell
in cells/cumm
17.Vol. White Blood Cell
in cells/cumm
18.Count Red Blood Cell
millions/cmm
19.Count Hypertension
yes,no
20.Diabetes Mellitus
yes,no
21.Coronary Artery
yes,no
22.Disease Appetite
good,poor
23.Pedal Edema
yes,no
24.Anaemia
yes,no
25.Class
ckd, notckd

Accuracy: It refers to the total number of records that are
correctly classified by the classifier. Accuracy of a classifier is
defined as the percentage of test set tuples that are correctly
classified by the model [34].
𝐴𝑐𝑐𝑢𝑟𝑎𝑐𝑦 =

𝑇𝑃 + 𝑇𝑁
𝑥100%
𝑇𝑃 + 𝐹𝑃 + 𝐹𝑁 + 𝑇𝑁

True Positive Rate (TP Rate): It corresponds to the number
of positive examples that have been correctly predicted by the
classification model.
False Positive Rate (FP Rate): It corresponds to the number
of negative examples that have been wrongly predicted by the
classification model.
Confusion Matrix: A confusion matrix contains information
about actual and predicted classifications done by a
classification system. Performance of such systems is
commonly evaluated using the data in the matrix. The
following Table I shows the confusion matrix for a two-class
classifier. [35]
The entries in the confusion matrix have the following
meaning in the context of our study:
 TP is the number of correct predictions that an instance
is positive,
 FN is the number of incorrect predictions that an instance
is negative,
 FP is the number of incorrect of predictions that an
instance positive and
 TN is the number of correct predictions that an instance
is negative.

Different models for this disease have been established and
also the effect of different preprocessing techniques on
modeling of chronic renal disease (CKD) has been examined.
It was performed with different preprocessing techniques. The
first dataset was processed without any preprocessing, in the
second dataset the missing values were completed and the
abnormal data were discarded, in the third dataset the missing
values and the abnormal data were completely discarded.

TABLE I
CONFUSION MATRIX

B. Software – WEKA

Predicted
Positive

Negative

Positive

TP

FN

Negative

FP

TN

Actual

III. EXPERIMENTAL STUDY

A. Dataset Description
This study makes use of the dataset from the UCI Machine
Learning Repository named Chronic Kidney Disease uploaded
in 2015. This dataset has been collected from the Apollo

Weka (Waikato Environment for Knowledge Analysis)
written in Java was developed at the University of Waikato,
New Zealand [38]. Weka supports several standard data mining
tasks, more specifically, data preprocessing, clustering,
classification, regression, visualization, and feature selection.
All techniques of Weka's software are predicated on the
assumption that the data is available as a single flat file or
relation, where each data point is described by a fixed number
of attributes (normally, numeric or nominal attributes, but some
other attribute types are also supported) [39].
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TABLE V
ACCURACY RATIO OF DECORATE APPLICATION

C. Performance Evaluation
Following classifier techniques of WEKA have been applied
to Chronic Kidney Disease: Naïve Bayes, Logistic, Decorate,
SMO, J48, Ridor and Grading. The results obtained from
related classification techniques were presented in respectively
according to each dataset. In this study, 10-fold cross-validation
method, which is one of the widely used methods in the
comparison of performance measures, is used [40].
Naive Bayes classifier technique was used to CKD and the
results shown in Table III is obtained. Naive Bayes, as can be
seen from Table 3; CKD-1, 381 of 400 samples were classified
as correctly. Thus, the correct classification ratio is 95,2500 %.
CKD-2, 364 of 373 samples were classified as correctly. Thus,
the correct classification ratio is 97,5871 %. CKD-3, 146 of 146
samples were classified as correctly. Thus, the correct
classification ratio is 100 %.
TABLE III
ACCURACY RATIO OF NAIVE BAYES APPLICATION
Parameters
Correctly Classified
Instances
Incorrectly Classified
Instances
Kappa statistic
Mean absolute error
Root mean squared error
Relative absolute error
Root relative squared error
Total Number of Instances
Accuracy

CKD -1

CKD -2

CKD -3

381

364

146

19

9

0

0.9012
0.0502
0.2045
10.7085 %
42.2392 %
400
95.2500 %

0.9503
0.0278
0.1451
5.7763 %
29.5978 %
373
97.5871 %

1
0
0
0%
0%
146
100 %

CKD -2

CKD -3

385

367

146

15

6

0

0.9212
0.0364
0.187
7.7699 %
38.6182 %
400
96.2500 %

0.9665
0.015
0.1157
3.1278 %
23.5879 %
373
98.3914 %

1
0
0
0%
0%
146
100 %

CKD -2

CKD -3

391

371

146

9

2

0

0.9522
0.1044
0.1641
22.2655 %
33.9019 %
400
97.7500 %

0.9888
0.4459
0.4496
92.7050 %
91.7003 %
373
99.4638 %

1
0
0
0%
0%
146
100 %

SMO classifier technique was used to CKD and the results
shown in Table VI is obtained. Thus the correct classification
ratio are 98.2500 % (CKD-1), 98.3914 % (CKD-2) and
99.3151 % (CKD-3).

Parameters
Correctly Classified
Instances
Incorrectly Classified
Instances
Kappa statistic
Mean absolute error
Root mean squared error
Relative absolute error
Root relative squared error
Total Number of Instances
Accuracy

TABLE IV
ACCURACY RATIO OF LOGISTIC APPLICATION
CKD -1

CKD -1

TABLE VI
ACCURACY RATIO OF SMO APPLICATION

Logistic classifier technique was used to CKD and the results
shown in Table IV is obtained. Thus the correct classification
ratio are 96.2500 % (CKD-1), 98.3914 % (CKD-2) and 100 %
(CKD-3).

Parameters
Correctly Classified
Instances
Incorrectly Classified
Instances
Kappa statistic
Mean absolute error
Root mean squared error
Relative absolute error
Root relative squared error
Total Number of Instances
Accuracy

Parameters
Correctly Classified
Instances
Incorrectly Classified
Instances
Kappa statistic
Mean absolute error
Root mean squared error
Relative absolute error
Root relative squared error
Total Number of Instances
Accuracy

CKD -1

CKD -2

CKD -3

393

367

145

7

6

1

0.9630
0.0175
0.1323
3.7320 %
27.3252 %
400
98.2500 %

0.9667
0.0161
0.1268
3.3445 %
25.8658 %
373
98.3914 %

0.9793
0.0068
0.0828
2.0321 %
20.2304 %
146
99.3151 %

J48 classifier technique was used to CKD and the results
shown in Table VII is obtained. Thus the correct classification
ratio are 96.7500 % (CKD-1), 97.5871 % (CKD-2) and
97.9452 % (CKD-3).
TABLE VII
ACCURACY RATIO OF J48 APPLICATION

Decorate classifier technique was used to CKD and the
results shown in Table V is obtained. Thus the correct
classification ratio are 97.7500 % (CKD-1), 99.4638 % (CKD2) and 100 % (CKD-3).

Parameters
Correctly Classified
Instances
Incorrectly Classified
Instances
Kappa statistic
Mean absolute error
Root mean squared error
Relative absolute error
Root relative squared error
Total Number of Instances
Accuracy

CKD -1

CKD -2

CKD -3

387

364

143

13

9

3

0.9306
0.0334
0.1751
7.1164 %
36.1618 %
400
96.7500 %

0.9497
0.0277
0.1518
5.7525 %
30.9676 %
373
97.5871 %

0.9363
0.0266
0.1326
7.8967 %
32.4083 %
146
97.9452 %

Ridor classifier technique was used to CKD and the results
shown in Table VIII is obtained. Thus the correct classification
ratio are 93.2500 % (CKD-1), 94.9062 % (CKD-2) and
96.5753 % (CKD-3).
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TABLE VIII
ACCURACY RATIO OF RIDOR APPLICATION
Parameters
Correctly Classified
Instances
Incorrectly Classified
Instances
Kappa statistic
Mean absolute error
Root mean squared error
Relative absolute error
Root relative squared error
Total Number of Instances
Accuracy

CKD -1

CKD -2

CKD -3

373

354

141

27

19

5

0.8566
0.0675
0.2598
14.3947 %
53.6656 %
400
93.2500 %

0.8933
0.0509
0.2257
10.5908 %
46.0286 %
373
94.9062 %

0.8964
0.0342
0.1851
10.1603 %
45.2365 %
146
96.5753 %

Grading classifier technique was used to CKD and the results
shown in Table IX is obtained. Thus the correct classification
ratio are 62.5000 % (CKD-1), 73.4584 % (CKD-2) and
78.7671 % (CKD-3).
TABLE IX
ACCURACY RATIO OF GRADING APPLICATION
Parameters
Correctly Classified
Instances
Incorrectly Classified
Instances
Kappa statistic
Mean absolute error
Root mean squared error
Relative absolute error
Root relative squared error
Total Number of Instances
Accuracy

CKD -1

CKD -2

CKD -3

250

274

115

150

99

31

0
0.375
0.6124
79.9705 %
126.4910 %
400
62.5000 %

0.5018
0.2654
0.5152
55.1835 %
105.0675 %
373
73.4584 %

0
0.2123
0.4608
62.9939 %
112.638 %
146
78.7671 %

This is CKD-1 work, 400 records were classified. There are
2 possible class namely “CKD” and “NOTCKD”. The result of
tests on confusion matrix test data gives information about
which classes the records belonging a certain class assigned by
the algorithm. For instance, in Logistic algorithm, 237 of the
records belonging to “CKD” class were assigned to “CKD”
class correctly (true positive for “CKD”). 13 of the records
belonging “CKD” class was assigned to “NOTCKD” class
mistakenly (false positive for “NOTCKD”). 148 of the records
belonging “NOTCKD” class were assigned to “NOTCKD”
class correctly (true positive for “NOTCKD”). 2 of the records
belonging “NOTCKD” class were assigned to “CKD” class
correctly (false positive for “CKD”). Confusion matrixes for
each algorithm are presented in Table X.
IV. CONCLUSIONS
Naïve Bayes, Logistic, Decorate, SMO, J48, Ridor and
Grading were used to predict Chronic Kidney Disease and the
obtained result shown in Table XI and Fig.1 is obtained.
TABLE XI
ACCURACY RATIO OF APPLICATION

TABLE X
CONFUSION MATRIX OF APPLICATION

Algorithm

CKD-1
Total:400 Data

CKD-2
Total:373 Data

CKD-3
Total:146 Data

CKD

NOTCKD

CKD

NOTCKD

CKD

NOTCKD

231 (TP)

19 (FN)

214 (TP)

9 (FN)

31 (TP)

0 (FN)

0 (FP)

150 (TN)

0 (FP)

150 (TN)

0 (FP)

115 (TN)

237 (TP)

13 (FN)

221 (TP)

2 (FN)

31 (TP)

0 (FN)

2 (FP)

148 (TN)

4 (FP)

146 (TN)

0 (FP)

115 (TN)

244 (TP)

6 (FN)

223 (TP)

0 (FN)

31 (TP)

0 (FN)

3 (FP)

147 (TN)

2 (FP)

148 (TN)

0 (FP)

115 (TN)

243 (TP)

7 (FN)

218 (TP)

5 (FN)

30 (TP)

1 (FN)

0 (FP)

150 (TN)

1 (FP)

149 (TN)

0 (FP)

115 (TN)

244 (TP)

6 (FN)

220 (TP)

3 (FN)

28 (TP)

3 (FN)

7 (FP)

143 (TN)

6 (FP)

144 (TN)

0 (FP)

115 (TN)

235 (TP)

15 (FN)

217 (TP)

6 (FN)

28 (TP)

3 (FN)

12 (FP)

138 (TN)

13 (FP)

137 (TN)

2 (FP)

113 (TN)

250 (TP)

0 (FN)

150 (TP)

0 (FN)

0 (TP)

31 (FN)

150 (FP)

0 (TN)

99 (FP)

124 (TN)

0 (FP)

115 (TN)

Naive Bayes

Algorithm

Accuracy
(%)
CKD-1

Accuracy
(%)
CKD-2

Accuracy
(%)
CKD-3

NaiveBayes

95,2500

97,5871

100,0000

Logistic

96,2500

98,3914

100,0000

Decorate

97,7500

98,3914

100,0000

SMO

98,2500

98,9276

99,3151

J48

96,7500

97,5871

97,9452

Ridor

93,2500

94,9062

96,5753

Grading

62,5000

73,4584

78,7631

Having done in this study the performances of Naïve Bayes,
Logistic, Decorate, SMO, J48, Ridor and Grading methods
were evaluated in terms of classification accuracy to diagnose
Chronic Kidney Disease.

Logistic

Fig.1 Accuracy of each method use in this study
100
95
90
85
80
75
70
65
60
55
50

Decorate

SMO

J48

Ridor

Grading

Accuracy (%) CKD-1
Accuracy (%) CKD-3
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When the accuracy performance results obtained from
studies with different pre-processing techniques are examined,
it is seen that all algorithms except grading algorithm have high
accuracy (Greater than 90%). In addition, when examining the
results in terms of different preprocessing techniques, in all
algorithms, it is seen that the dataset which is not preprocessed
(CKD-1) has the least accuracy. The dataset created with the
completion of the missing dataset (CKD-2) produces a better
performance result than the dataset without any preprocessing.
The best result in all algorithms was obtained with dataset
(CKD-3) obtained by discarding missing and abnormal data.
Another future direction can be testing with data sets of
different domains other than standard UCI repository that can
be from real life data or obtained from survey on different
domains. In addition, the effect of performance on the data set
with different pre-processing techniques can be examined.
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Abstract— Rectal cancer is a disease in which malignant

(cancer) cells form in the tissues of the rectum. In this study,
our aims to detect the cancerous regions semi-automatically
according to the colonoscopy images obtained. In this
process, semi-automatic diagnosis of cancer is done
according to the colonoscopy images received from the
patients using image processing techniques and the results
are compared with a typical rectal cancerous region
determined from the colonoscopy images by specialized
doctors. A typical rectal cancerous region obtained semi
automatically using image processing techniques and
determined by the specialized doctors are compared.
90.747 % accuracy rate is determined from the comparison
results. Considering the results obtained, it can be seen that
the suspected region can be determined via software by the
specialized doctors.
Keywords— A Typical Rectal Cancer, Image Processing ,
Colonoscopy Image, Adenocarcinoma

Fig. 1. Rectum and Colon Area

I. INTRODUCTION

The rectum is part of the body’s digestive system.
The digestive system takes in nutrients (vitamins,
minerals, carbohydrates, fats, proteins, and water)
from foods and helps pass waste material out of the
body. The digestive system is made up of the
esophagus, stomach, and the small and large
intestines. The colon (large bowel) is the first part of
the large intestine and is about 5 feet long. Together,
the rectum and anal canal make up the last part of the
large intestine and are 6-8 inches long. The anal
canal ends at the anus (the opening of the large
intestine to the outside of the body)[1]. Figure 1
shows rectum region and colon region.

Colonoscopy is a test that allows your doctor to look
at the inner lining of your large intestine camera.gif
(rectum and colon). He or she uses a thin, flexible
tube called a colonoscope to look at the colon. A
colonoscopy helps find ulcers, colon polyps, tumors,
and areas of inflammation or bleeding. During a
colonoscopy, tissue samples can be collected (biopsy)
and abnormal growths can be taken out.
Colonoscopy can also be used as a screening test to
check for cancer or precancerous growths in the
colon or rectum (polyps)[2].
There are 1.2 million people worldwide and 140,000
people in Europe every year. Lifetime risk of
developing rectal cancer was determined to be 5-6%
[3].
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The comparison between semi-automatically
In this study, image processing methods and Image detected a typical rectal cancerous area and the
Processing Toolbox of Matlab R2016a has been used detected area by specialized doctors is done in this
article.
for this study.
II. MATERYAL VE METOTLAR

2.1. Image Processing:
Digital image processing (DIP) has experienced
explosive growth over the past two decades. Public
awareness has increased by way of video games,
digital video special effects used in the
entertainement industry, as well as articles in the
mainstream press. Image Processing is a method
used to obtain specific images or extract some useful
information from it, which is developed to convert
the image into digital form and perform some
operations.It is a type of signal dispensation in which
input is image, like video frame or photograph and
output may be image or characteristics associated
with that image.
The input of this method is an image like a video
section or a photograph. The output corresponds to
the desired or desired section of the image. Generally,
the Image Processing system treats images as twodimensional signals while applying predetermined
signal processing methods.
Today, image processing systems used by
businesses in various aspects are among the fastest
growing technologies. It also forms the basic
research field in the disciplines of Image Processing,
Engineering and Computer Science.Fundamental
steps in DIP show in Fig.2[4]

Image segmentation plays a crucial role in many
medical-imaging applications, by automating or
facilitating the delineation of anatomical structures
and other regions of interest.[5]. Image segmentation
is an important process for most medical image
analysis tasks. Having good segmentations will
benefit clinicians and patients as they provide
important information for 3-D visualization, surgical
planning and early disease detection[6].
The semi-automatic segmentation method begins
with the user requesting that the user select a position
as the starting point. This starting point must be
located at the boundary of the region in order to
obtain correct results in subsequent contouring
processes [7].
2.2. Implementation of Semi-Automatic Image
Processing Techniques to the Image Captured From
Colonoscopy
In this section,semi-automatic image processing
software is implemented to the colonoscopy image
captured in internet page[8].
This colonoscopy image taken from the
patient is shown in Fig. 3.

Fig. 2 Fundamental steps in DIP
Fig. 3. A Typical Rectal Cancer Image
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In this application, it is required for the specialized
doctor to click on the image to determine the
predicted typical rectal cancerous region due to the
application being semiautomatic. Afterwards, the
software calculates the accuracy rate by comparing
the regions determined by the specialized doctor and
determined by using image processing techniques.
III. RESULT AND DISCUSSION

When the software is executed, it starts the
semi-automatic segmentation process on the
colonoscopy image. Fig. 4. below shows the field
scanning system applied on the image. This system
is created based on the method which combines the
discrete areas.
Fig. 5. The cancerous region determined by the software

Fig 4. Semi Automatic Segmented Image

At the stage, after the semiautomatic segmentation
process, the specialized doctor activates the software
by clicking on the suspected adenocarcinoma regions.
During the execution of the software, the region
determined after the segmentation process and the
region determined by the specialized doctor is
compared and the accuracy rate is calculated.

Fig. 6. The cancerous region segmented Area determined
by the software

The cancerous region determined by the software are
shown in Fig. 5. Fig. 6.
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On the other hand, the region determined as
cancerous by the specialized doctor is shown in Fig.
7.

Fig. 8. ROC Curve

.

Fig. 7. The region determined as cancerous ground truth
image by the specialized doctor

IV. CONCLUSIONS

In the study, success is obtained in the
semiautomatic detection of typical rectal cancer
(Adenocarcinoma)
with
image
processing
techniques. In our study, values such as accuracy rate
of 90.747%, sensivity value 0.872, specificity value
0.915, precision value 0.915 and 0.893 Area Under
Curve (AUC) value indicates our success rate. Roc
Analysis chart belonging to AUC is shown in Fig.8
and the confusion matrix showing the results of our
studies is shown in Fig. 9
Fig. 9. Confusion Matrix
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preopen [14] (resp. fuzzy α-open [15], fuzzy semi-open
[3]) if A ≤ Int(Cl(A)) (resp. A≤Int(Cl(Int(A))),
A≤Cl(Int(A))). The complement of a fuzzy preopen (resp.
fuzzy α-open, fuzzy semi-open) set is called fuzzy preclosed (resp. fuzzy α-closed, fuzzy semi-closed). The
family of all fuzzy regular open (resp. fuzzy -open,
preopen, α-open) sets of X containing a fuzzy point xpX
is denoted by FRO(X,xp) (resp. FO(X,xp), FPO(X,xp),
FαO(X,xp)). The intersection of all fuzzy preclosed (resp.
fuzzy -closed) sets containing a fuzzy subset of X is called
the fuzzy preclosure [14] (resp. fuzzy -closure[7]) of A and
is denoted by pCl(A)(resp. Cl(A)). By a fuzzy
multifunction F : X→Y, we mean a fuzzy point-to-fuzzy
set correspondence from X into Y and assume that
F(xp)≠0Y for all xpX. For a fuzzy multifunction F:X→Y,
we shall denote the upper and lower inverse of a set B of Y
F+(B)={xpX:F(x)≤B} and F − (B)={xpX : F(xp)˄B≠0Y},
respectively. For each A≤X, F(A) =⋁xA 𝐹(𝑥). F is defined
to be a surjection if F(X) = Y.

ABSTRACT. In this document, we extend the concept of
strongly na precontinuous multifunction to fuzzy topology
and discuss its characterizations. Also, the definitions of fuzzy
strongly continuous multifunction, fuzzy semi strong na
continuous multifunction, fuzzy na continuous multifunction,
fuzzy super continuous multifunction[11], fuzzy strongly
semi-irresolute multifunction[4], fuzzy strongly Mprecontinuous multifunction, fuzzy strongly α-irresolute
multifunction[4] are given and the relationships of strong na
precontinuous multifunction with these types of fuzzy
continuous multiunctions are also investigated and we obtain
a diagram. Moreover, properties of strong na precontinuity
about restriction mutlifunction, graph multifunction,
composite multifunction are discussed on some fuzzy spaces
and product spaces.
Keywords: Fuzzy topology, fuzzy preopen set, fuzzy -open
set, fuzzy upper (lower)strongly na-precontinuous, fuzzy
upper (lower) strongly M-precontinuous.

I. INTRODUCTION
The concept of continuity of function has always been
one of the most important and basic topics in several
branches of Mathmatics. Many scholars extended several
types of continuity of functions to the setting of
multifunctions. Theory of multifunction has been used in
some sciences such as mathematical programming,
probability, statistics, different inclusions, fixed point
theorems and economics.
In
1985,
Papageorgiou
defined
fuzzy
multifunctions[13] and investigated its properties in fuzzy
topology. Many types of continuous multifunctions has
been introduced in fuzzy topology. The purpose of this
study is to extend strongly na-precontinuous multifunctions
to fuzzy topology and analyze their properties on some
fuzzy spaces.

III. CHARACTERIZATIONS
Definition 1. A fuzzy multifunction F :
(X,τ)(Y,ν) is defined to be:
(a) fuzzy upper strongly na precontinuous (briefly
f.u.st.na.p.c.) if for each fuzzy point xpX and
each fuzzy preopen set V of Y such that xF+(V),
there exists UFRO(X,x) such that U ≤ F+(V),
(b) fuzzy lower strongly na precontinuous (briefly
f.l.st.na.p.c.) if for each fuzzy point xpX and
each fuzzy preopen set V of Y such that xF¯(V),
there exists UFRO(X,x) such that U ≤ F¯(V),
(c) F is fuzzy strong na precontinuous (briefly
f.st.na.p.c.) multifunction if it is both f.u.p.st.na.c
and f.l.p.st.na.c.

II. PRELIMINARIES
Let (X,τ) be a fuzzy topological space and A be a
fuzzy subset of X. The fuzzy closure (the fuzzy interior) of
A is denoted by Cl(A) (Int(A)). A fuzzy subset A is defined
to be fuzzy regular open [3] ( fuzzy regular closed) if A =
Int(Cl(A))( A = Cl(Int(A))). The fuzzy -interior [10] of a
fuzzy subset A of X is the union of all fuzzy regular open
sets of X contained in A and is denoted by Int(A). A fuzzy
subset A is said to be fuzzy -open [7] if A=Int(A), i.e., a
set A is fuzzy -open, if it is the union of fuzzy regular
open sets. The complement of a fuzzy -open set is called
fuzzy -closed. A fuzzy subset A is defined to be fuzzy

Definition 2. Let D be a directed set. A net (x λ)λD
in X is defined to be fuzzy -converges [5] (fuzzy pconverges [8] ) to a fuzzy point xp in X if the net is
eventually in each fuzzy regular open (fuzzy preopen) set
containing xp
Theorem 1. The following statements are
equivalent for a fuzzy multifunction
F : (X,τ)→(Y,ν):
1. F is f.u.st.na.p.c.,
2. For each fuzzy point xpX and each fuzzy
preopen set V of Y such that xpF+(V)
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3.
4.
5.
6.
7.

there exists UFO(X,x) such that U ≤ F+(V),
F+(V)FO(X)for any fuzzy preopen set V in Y,
F¯(F) FC(X) for any fuzzy preclosed set F in
Y,
F(Cl(A)) ≤ pCl(F(A)) for any fuzzy subset of X,
Cl(F¯(B)) ≤ F¯(pCl(B)) for any fuzzy subset B of
Y,
For each xpX and each fuzzy net (xλ) converging to xp, F(xλ) fuzzy p-converges to F(xp).

(c) fuzzy strongly continuous (briefly f.st.c.) if it is
both fuzzy upper strongly continuous and fuzzy lower
strongly continuous.
Definition 4. A multifunction F : (X,τ)→(Y,ν) is
defined to be:
(a) fuzzy upper semi strong na continuous (briefly
f.u.s.st.na.c.) (fuzzy upper na continuous (briefly f.u.na c.),
fuzzy upper super continuous(briefly f.u.sup.c)[11]) if for
each xpX and each fuzzy semi-open (fuzzy α-open,
fuzzy open) set V of Y such that xpF+(V), there exists
UFO(X,x) such that U≤F+(V),
(b) fuzzy lower semi strong na continuous (briefly
f.l.s.st.na.c.) (fuzzy lower na continuous (briefly f.l.na c.),
fuzzy lower super continuous (briefly f.l.sup.c) [11]) if for
each xpX and each fuzzy semi-open (fuzzy α-open, fuzzy
open) set V of Y such that xpF¯(V), there exists
UFO(X,x) such that U≤F¯(V),
(c) fuzzy semi strong na continuous (briefly
f.s.st.na.c.) (fuzzy na continuous (briefly f.na c.), fuzzy
super continuous (briefly f.sup.c) [11]) if it is both
f.u.s.st.na.c. (f.u.na c., f.u. sup.c.) and f.l.s.st.na.c. (f.l.na c.,
f.l.sup.c.).

Proof. (1)(2) Let xpX and V be a fuzzy
preopen set in Y such that xpF+(V). By (1), there exists
UxFRO(X,xp) such that Ux ≤ F+(V). Since -open sets are
unions of regular open sets for each xpX, U = ˅{Ux : Ux
FRO(X,x)} is a -open set in X and also U≤F+(V).
(2)(3) and (3)(4) are obvious.
(4)(5) For any fuzzy subset A of X, pCl(F(A)) is a fuzzy
preclosed set in Y. It can be seen that, A≤F¯(F(A))≤
F¯(pCl(F(A))) and by (4), Cl (A)≤ F¯(pCl(F(A))). Hence
we obtain, F(Cl(A))≤ pCl(F(A)).
(5)(6) Obvious.
(6)(7) Let (xλ) be a fuzzy net that -converges to xp in X
and V be fuzzy preopen such that xF+(V). For F is
f.u.st.na.p.c., there is a fuzzy regular open set U in X that
contains xp such that U≤F+(V). For (xλ) fuzzy -converges
to xp, (xλ) is eventually in U. So, F(xλ) is eventually in V.
Hence F(xλ) p-converges to F(xp).
(7)(1) Obvious.

Definition 5. A multifunction F : (X,τ)→(Y,ν) is
defined to be:
(a) fuzzy upper strongly semi-irresolute[4] (briefly
f.u.st.s.i.)
(resp.
fuzzy
upper
strongly
Mprecontinuous[4](briefly f.u.st.M-p.c.), fuzzy upper
strongly α-irresolute [4](f.u.st.α-i.), fuzzy upper semicontinuous[1] (briefly f.u.s.c.)) if for each xpX and each
fuzzy semi open (resp. fuzzy preopen, fuzzy α-open, fuzzy
open) set V of Y such that F(x)≤V, there exists an fuzzy
open set U in X containing xp such that F(U)≤V,
(b) fuzzy lower strongly semi-irresolute [4] (briefly
f.l.st.s.i.)(resp. fuzzy lower strongly M-precontinuous[4]
(briefly f.l.st.M-p.c.), fuzzy lower strongly α-irresolute[4]
(briefly f.l.st.α-i.), fuzzy lower semi-continuous[1]
(briefly f.l.s.c.)) if for each xpX and each fuzzy semi
open (resp. fuzzy preopen, fuzzy α-open, fuzzy open) set
V of Y such that F(xp)˄V≠0Y, there exists a fuzzy open set
U in X containing xp such that F(up)˄V≠0Y for each upU,
(c) fuzzy strongly semi-irresolute [4] (briefly
f.st.s.i.) (resp. fuzzy strongly M-precontinuous[4] (briefly
f.st.M-p.c.), fuzzy strongly α-irresolute[4] (briefly f.st.αi.), fuzzy semi-continuous[1] (f.s.c.)) if it is both f.u.st.s.i.
(resp. f.u.st. M-p.c., f.u.st.α-i., f.u.s.c.) and f.l.st.s.i. (resp.
f.l.st. M-p.c., f.l.st.α-i., f.l.s.c).

Theorem 2. The following statements are
equivalent for a fuzzy multifunction
F : (X,τ)→(Y,ν):
1. F is f.l.st.na.p.c.
2. For each fuzzy point xpX and each fuzzy
preopen set V of Y such that
xpF¯(V) there exists UFO(X,x) such that U ≤
F¯(V),
3. F¯(V)FO(X) for any fuzzy preopen set V in Y,
4. F+(F)FC(X) for any fuzzy preclosed set F in Y,
5. F(Cl(A)) ≤ pCl(F(A)) for any fuzzy subset of X,
6. Cl(F+(B)) ≤ F+(pCl(B)) for any fuzzy subset B of
Y,
7. For each xpX and each fuzzy net (xλ) converging to xp, F(xλ) fuzzy p-converges to F(xp).
Proof. This proof is similar to that of Theorem 1.
Definition 3. A multifunction F : (X,τ)→(Y,ν) is
defined to be:
(a) fuzzy upper strongly continuous(briefly f.u.st.c.) if
F+(V) is both fuzzy open and fuzzy closed in X for each
fuzzy subset V of Y,
(b) fuzzy lower strongly continuous(briefly f.l.st.c.) if
F¯(V) is both fuzzy open and fuzzy closed in X for each
fuzzysubset V of Y,

Remark 1. From Definition 1, Definition 3,
Definition 4 and Definition 5, we obtain the diagram
below:
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0𝑌 , 𝐵, 1𝑌 }. Let F be a fuzzy multifunction defined as
below:
{(x, 0.4), (y, 0.4), (z, 0.4)}, p ≤ 0.7
F(𝑝 )={
1𝑥
𝑝 > 0.7
The family of all fuzzy semiopen sets in Y consists of
fuzzy sets where the membership values of x, y and z are in
[0.4, 0.6]. Then, F + (U) ={(a, 0.7), (b, 0.7), (c, 0.7)} for
any fuzzy semiopen set U in Y. This means that F + (U) is
fuzzy α-open but not fuzzy open for any fuzzy semiopen
set U in Y. So, F is fuzzy upper strongly α-irresolute but
not fuzzy upper strongly semicontinuous.

f.u.(l.)st.M-p.c.

f.u.(l.)st.c.

f.u.(l)st.na p.c.

f.u.(l.) na c.

f.u.(l.)s.st.na c.

f.u.(l.)sup.c.

f.u.(l.)s.c.

f.u(l.)st.α-i.

f.u.(l.)st. s.i.

Theorem 3. For a multifunction F : (X,τ)→(Y,ν), the
followings are equivalent:
1. F:(X,τ)→(Y,ν) is f.u.p.st.na.c. (f.l.p.st.na.c.),
2. F:(X,τ)→(Y,νp) is fuzzy upper (lower) super
continuous,
3. F:(X,τs)→(Y,νp) is fuzzy upper (lower) continuous,
4. F:(X,τs)→(Y,ν) is fuzzy upper (lower) strongly Mprecontinuous,
5. F:(X,τs)→(Y,να) is fuzzy upper (lower) na
continuous.

As seen in example 1, 2 and …, the converses are not true
in general.
Example 1. Let X={a, b, c} and Y={x, y, z}.
Consider the family of fuzzy sets 𝐴𝑘,𝑚,𝑟 and 𝐵𝑛.𝑞.𝑠 where
𝐴𝑘,𝑚,𝑟 = {(a, k), (b, m), (c, r)}, 𝐵𝑛.𝑞.𝑠 = {(a, n), (b, q), (c,
s)}, k, m, r [0, 0.4) and n, q, s (0.6, 1]. Then, the family
of fuzzy sets 𝐴𝑘,𝑚,𝑟 and 𝐵𝑛.𝑞.𝑠 forms a topology for X with
0𝑥 and 1𝑥 . Namely, (X, τ) is a fuzzy topological space
where τ is the union of the family of fuzzy sets 𝐴𝑘,𝑚,𝑟 and
𝐵𝑛.𝑞.𝑠 and {0𝑥 , 1𝑥 } . (Y, σ) is also a fuzzy topological
spaces where σ={ 0𝑌 , C, 1𝑌 } and C={(x, 0.4), (y, 0.4), (z,
0.4)}. The family of all fuzzy α-open sets in Y consists of
0𝑌 , C and 1𝑌 . Let F be a fuzzy multifunction defined as
below:
{(x, 0.4), (y, 0.4), (z, 0.4)}, p ≤ 0.4
F(𝑝 )={
1𝑥
𝑝 > 0.4
Then, F + (C)={(a, 0.4), (b, 0.4), (c, 0.4)} and F + (C) is not
fuzzy semi-open in Y. Since C is fuzzy α-open and F + (C)
is not fuzzy semi-open, F is not fuzzy upper strongly na
continuous. For any fuzzy α-open set U in Y, F + (U) is
fuzzy -open in X. So, F is fuzzy upper na continuous.

IV. SOME PROPERTIES OF FUZZY STRONG NA
PRECONTINUOUS MULTIFUNCTIONS
Lemma 1. Let A be a fuzzy open set of a fuzzy
topological space (X,) and B a fuzzy subset of (A, A).
Then, we have A-Int(Cl(B))=AIntCl(B).
Proof. Since A is fuzzy-open, Int(C)=A-Int(C) for
every subset C of A. Therefore,
A-Int (A-Cl(B)) = A-Int [ACl(B)] =Int[ACl(B)]
=AIntCl(B).
Theorem 4. Let A be a fuzzy-open set in a fuzzy
topological space (X,). If U is fuzzy regular-open in X,
then UA is fuzzy regular-open in the subspace (A,A).

Example 2. Let X={a, b, c} and Y={x, y,
z}.Consider the fuzzy sets A={(a, 0.4), (b, 0.4), (c, 0.4)},
B={(a, 0.6), (b, 0.6), (c, 0.6)} and C={(x, 0.4), (y, 0.4), (z,
0.4)}. Then, (X, τ) and(Y,σ) are fuzzy topological spaces
where τ ={ 0𝑥 , 𝐴, 𝐵, 1𝑥 } and σ ={ 0𝑌 , 𝐶, 1𝑌 }. Let F be a
fuzzy multifunction defined as below:
{(x, 0.3), (y, 0.3), (z, 0.3)},
p ≤ 0.3
F(𝑝 )={{(x, 0.4), (y, 0.4), (z, 0.4)}, 0.3 < 𝑝 ≤ 0.4
1𝑥
𝑝 > 0.4
Let U={(x, 0.3), (y, 0.3), (z, 0.3)}. Then, U is fuzzy
preopen in Y and F + (U) ={(a, 0.3), (b, 0.3), (c, 0.3)}. Since
U is fuzzy preopen in Y and F + (U) is not fuzzy -open in
X, F is not fuzzy upper strongly na precontinuous. The
family of all fuzzy α-open sets in Y consists of 0𝑌 , C
and 1𝑌 . Then, F + (U) is fuzzy -open in X for any fuzzy αopen set U in Y. So, F is fuzzy upper na continuous.

Proof. Since U is fuzzy regular-open in X,
IntCl(AU)  U and hence AIntCl(AU)  AU. On the
other hand, since AU is fuzzy-open [16] in X,
IntCl(AU) ≥ AU and hence AIntCl(AU) ≥ AU.
Therefore, we have AIntCl(AU) = AU. By Lemma 1,
we obtain A-Int(Cl(AU)) = AIntCl(AU) = AU. This
shows that UA is fuzzy regular-open in (A,A).
Theorem 5. If F:(X,τ)→(Y,ν) and G:(Y,ν)→(Z,σ)
are f.u.st.na.p.c. (f.l.st.na.p.c.) multifunctions then, GoF is
an f.u.p.st.na.c. (f.l.p.st.na.c.) multifunction.
Recall that for a fuzzy multifunction F:X→Y, the graph
multifunction GF : X→XxY of F is defined as follows:
GF(xp) = {xp}x F(xp) for every xpX and the subset {{xp}x
F(xp): xpX}≤XxY is called the fuzzy multigraph of F and
is denoted by G(F).

Example 3. Let X={a, b, c} and Y={x, y, z}.
Consider the fuzzy sets A={(a, 0.6), (b, 0.6), (c, 0.6)} and
B={(x, 0.4), (y, 0.4), (z, 0.4)}. Then, (X, τ) and(Y,σ) are
fuzzy topological spaces where τ ={ 0𝑥 , 𝐴, 1𝑥 } and σ ={
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Theorem 6. Let F:(X,τ)→(Y,ν) be a multifunction.
Then F is f.u.st.na.p.c. (f.l.st.na.p.c.) if the graph
multifunction GF is f.u.st.na.p.c. (f.l.st.na.p.c.).

Theorem 8. Let F : (X,τ)→(Y,ν) be a f.u.p.st.na.c.
surjective multifunction such that F(x) is fuzzy strongly
compact for each xX. If X is a fuzzy nearly compact
space then, Y is fuzzy strongly compact.

Proof. Let xpX and V be a fuzzy preopen set in
Y such that xpF+(V).Then, XxV is a fuzzy preopen set in
XxY. Since {xp}xF(xp)≤XxV, GF(xp)≤XxV. Since GF is
fuzzy upper strongly na precontinuous, there exists
UFRO(X, xp) such that U≤ GF+ (XxV). From here, we
obtain U≤ F+(V). Therefore, F is f.u.p.st.na.c. The proof for
f.l.p.st.na.c. is similar.

Proof. Let {Vλ : λΛ} be a fuzzy preopen cover of
Y. Since F(x) is fuzzy strongly compact for each xX,
there exists a finite subset Λx of Λ such that F(x)≤ ⋁{Vλ :
λΛx}. Use Vx =⋁{Vλ : λΛx}. Since F is an f.u.p.st.na.c.
multifunction, there exists UxFRO(X,x) such that
F(Ux)≤Vx. The collection {Ux : xX} is a fuzzy regular
open cover of X and since X is a fuzzy nearly compact
space, there are finite number of fuzzy points x1,x2, . . . ,xn
in X such that X =⋁{Uxi : i=1, 2, …, n}. Hence, we have
Y= F(⋁{Uxi : i=1, 2, …, n})=⋁{F(Uxi ): i=1, 2,…n}=⋁{Vxi :
i=1, 2,…, n}=⋁{⋁{Vλi : λΛxi }: i=1, 2, 3, …, n}. This
shows that Y is strongly compact.

Definition 6. For a multifunction F : (X,τ)→(Y,ν)
the multigraph G(F) = {(x,y):yF(x), x  X} is said to be
fuzzy strongly -closed in XxY if for every (x,y)XxYG(F), there exist a fuzzy -open set U in X that contains x
and a fuzzy -open V inY that contains y such that
(UxV)˄G(F) =0XxY.
Lemma 2. A multifunction F : (X,τ)→(Y,ν) has a
fuzzy strongly -closed multigraph if and only if for each
(x, y)XxY- G(F), there exist UFO(X,x) and
VFO(Y,y) such that F(U)˄V = 0Y.

Definition 10 ([2]). A fuzzy topological space X is
defined to be a fuzzy pre-Normal space if for any pair of
fuzzy closed subsets K and F of X such that K≤Fc, there
exist two fuzzy preopen sets U and V such that K≤U, F≤V
and U≤Vc.

Definition 7 ([12]). A space X is defined to be
fuzzy strongly compact if every fuzzy preopen cover of X
has a finite subcover.

Remark 2. Every fuzzy normal space is a fuzzy
pre-Normal space.
Remember that a fuzzy multifunction F:(X,τ)→(Y,ν) called
fuzzy point closed if for every xX, F(x) is fuzzy closed.

Definition 8 ([9]). A fuzzy topological space is
called fuzzy 𝛿-Hausdorff, or fuzzy 𝛿-𝑇2, if for any pair of
fuzzy points 𝑝 and 𝑞 with different supports in 𝑋, there are
fuzzy 𝛿-open sets 𝑈1 and 𝑈2 with 𝑝 ≤ 𝑈1 ≤ 𝑞𝑐, 𝑞 ≤ 𝑈2 ≤ 𝑝𝑐
and 𝑈1 ≤ 𝑈2𝑐 .

Theorem 9. Let F and G be f.u.p.st.na.c and fuzzy
point closed multifunctions from a fuzzy topological space
(X,τ) to a fuzzy pre-Normal space (Y,ν). Then the set K =
{xX : F(x)˄G(x)≠0Y} is fuzzy -closed in X.

Theorem 7. If F : (X,τ)→(Y,ν) is av f.u.p.st.na.c.
multifunction such that F(x) is strongly compact for each
xX and (Y,ν) is a fuzzy -Hausdorff space, then G(F) is
fuzzy strongly -closed in XxY.

Proof. Take xX-K. This means that
F(x)˄G(x)=0Y. For F and G are fuzzy point closed
multifunctions, F(x) and G(x) are fuzzy closed. For Y is
fuzzy pre-Normal, there are disjoint fuzzy preopen sets U
and V that contain F(x) and G(x), respectively. For F and G
are f. u.p.st.na.c., F+(U) and G+(V) are fuzzy -open sets
containing xp. Use H = F+(U)˅G+(V). Then H is a fuzzy open set containing xp and H˄K = 0x. Hence K is fuzzy closed in X.

Proof. Take (x,y)Xx Y- G(F). This means that
yY- F(x). For Y is fuzzy -Hausdorff for every sF(x),
there are disjoint fuzzy -open sets Us and Vs of Y such
that sUs and yVs. Since every fuzzy -open is a fuzzy
preopen set, {Us : sF(x)} is a fuzzy preopen cover of F(x)
and since F(x) is strongly compact for each xX, there
exist finite number fuzzy points s1, s2, . . . , sn in F(x) such
that F(x)≤ ⋁{Usi : i = 1, 2, . . ., n}. Use U= ⋁{Usi : i= 1, 2, . .
. ,n} and V =⋀{Vsi : i=1, 2, . . . ,n} . Then U and V are
disjoint fuzzy preopen sets in Y such that F(x)≤U and yV.
Since F is an f.u.p.st.na.c. multifunction, F+(U)FO(X,x).
Hence we have, F(F+(U))˄V=0Y.

Theorem 10. Let F:X1→Y and G:X2→Y be
f.u.p.st.na.c and fuzzy point closed multifunctions from a
fuzzy topological space (X,τ) to a fuzzy pre-Normal space
(Y,ν). Then the set A = {(x1,x2) : F(x1)˄G(x2)≠0Y} is fuzzy
-closed in X1xX2.
Theorem 11. Let F:(X,τ)→(Y,ν) be a f.u.p.st.na.c.
and fuzzy point closed multifunction from a fuzzy
topological space X to a fuzzy pre-Normal space Y and
F(x)˄F(y) = 0Y for each distinct pair x,yX. Then X is a
fuzzy -Hausdorff space.

Definition 9 ([6]). A space X is defined to be
fuzzy nearly compact if every fuzzy regular open cover of
X has a finite subcover.
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Proof. Take two fuzzy distinct points x and y in X.
This means that F(x)˄F(y) = 0Y. For F is fuzzy point
closed, F(x) and F(y) are fuzzy closed sets and For Y is
fuzzy pre-Normal, there are disjoint fuzzy preopen sets V
and W that contain F(x) and F(y), respectively. Since F is
f.u.p.st.na.c, F+(V) and F+(W) are disjoint fuzzy -open sets
that contain x and y, respectively. It is clear that X is fuzzy
-Hausdorff.
V. CONCLUSIONS
We
defined
strongly
na
precontinuous
multifunctions in fuzzy topology and gave its properties.
Also, we obtained some other types of continuities and
showed their relationships with strongly na precontinuous
multifunctions by a diagram. Additionally, we presented
properties of strong na precontinuity about restriction
mutlifunction,
graph
multifunction,
composite
multifunction on some fuzzy spaces and product spaces.
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Abstract—Although there are lots of sizes and types of hermetic
compressors used in gaseous cooling systems according to the
needs, high consumption of energy of the smallest sized ones even
poses a big obstacle in production of portable refrigerator. A
hermetic compressor consuming less energy than existing
hermetic compressors having the smallest structure, can work
with battery for a long while with portable dimensions is
designed with the aim of contributing to solution of the relevant
problem in this study. Prototype production of the compressor
designed is done after being simulated. Results of the test on the
prototype and necessary data to reach sufficient pressure are
compared on a graph.

compression (chiller), peltier-type water cooling system and
radiator-type water cooling system. Common trait of those
systems is that water is circulated with the help of a pump. As
seen from Figure 1, after the water’s heat increases, the
circulated water circulated over the system to be heated (for
example: CPU) comes back to where water cooling process is
realized (radiator) with the help of pump. This process
constantly repeats itself and cooling process occurs [3].

Keywords— Gaseous cooling, portable refrigerator, hermetic
compressor, energy, prototype.

I. INTRODUCTION
Cooling means that heat is transmitted from some place to
some place. More how much heat is taken from object, colder
object is. In order to do it, there is a regular need for cooling
systems in many fields of our lives. To transfer heat, such a lot
of system as refrigerator, air-conditioner, computer cooling
systems and chiller cooling systems are used. We can review
those systems under two headlines as passive cooling and
active cooling in general [1].
Cooling process without using any energy is called passive
cooling. There aren’t any moving elements in passive cooling
systems. They are cooling systems realized by benefitting
from natural resources, various metals and air channels [2].
They have a characteristics of being silent as well as usability
for a very long while. In addition, those cooling systems
whose performances are very low become neutral element
after a certain while in mechanisms with high heat.
Cooling process by consuming energy is called active
cooling. Active cooling systems having moving elements over
themselves are much more effective than passive cooling
systems. Their only disadvantage compared to passive cooling
systems is that they loudly work.
Active cooling systems can be reviewed under 4 headlines
as air cooling, water cooling, thermoelectric cooling and
gaseous cooling [13],[14].
Water cooling systems can be made with several methods.
Some of them are water cooling system with steam

Figure. 1 The cycle of Liquid Cooling

As seen from Figure 2, it works with the logic that a special
chemical substance that can transform from liquid state to
gaseous state and from gaseous state to liquid state in cooling
systems with gaseous compression is circulated among four
units in the refrigerator and is composed of the following parts
[4].
 Evaporator
 Compressor
 Condenser
 Expansion Valve
In addition, there are assistant elements used in these
cycles. These elements vary with respect to the goal we have
while using gaseous cooling system.
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Figure. 2 Cooling Cycle with Gaseous Compression

We face in daily life that the systems with gaseous
compression and water cooling are used together For instance,
industrially used chiller systems. This system works with the
logic that the water circulated with the help of pump is cooled
with the system with gaseous compression. It is composed of
sort of water cooling system and gaseous cooling system. As
seen from Figure 3, cold gas through evaporator pipes in this
system is used to cool water in the water tank. Main elements
in gaseous water cooling system are as the following [5] :
 Compressor
 Condenser
 Evaporator
 Expansion Valve
 Refrigerant Gas
 Refrigerant Store
 Water Pump

take part among much more values than atmospheric pressure
because of vacuum. Likewise, the interval of pressure value
ensured in the output of compressor can vary from low
atmospheric pressures to much more values than atmospheric
pressure [7].
Compressors have undergone big phases until they become
important for industrialized countries. Firstly used
compressors were typical ammonia machines and
manufactured very heavily in order to be able to cover high
pressures. Furthermore, these compressors are too slow
compared to compressors being used today. As soon as
compressors’ performance increased and their volumes
decreased, the efficiency of all machine systems also
increased [8].
There can be very different forms of compressors used to
compress gasses within themselves. Compressors vary under
two headlines according to their mechanisms and structures
[5].
According to compression mechanisms, compressors are
divided into 5 parts as piston, rotary, screwed, scroll and turbo
compressors [5].
Rotary compressors transmit energy into gas to be
compressed thanks to single- or multi-way rotating shafts.
Compression process is realized discontinuously but the
fluctuation that can originate from discontinuous flow as there
is a constant flow with the speed of compression periods is
ignored in practice [7].

Figure. 4 Rotary Compressor

There are three types of rotary compressors:
- Rolling piston compressor
- Compressor with sliding valve
- Swing

Figure. 3 Gaseous Water Cooling System

One of the four basic elements of cooling systems is
compressors along with condenser, evaporator and expansion
devices. The function of compressor is to rise the pressure
refrigerant fluid in gaseous state to the pressure at
condensation temperature. Providing the fact that heat is
loaded by increasing the pressure of gas transforming into
liquid state and warming up in the system as it is compressed
and gas is transformed into liquid state and this liquid is
circulated in the system is the function of compressor [6].
Compressor is a machine used in order to increase the
pressure of compressible fluids in a general mean. Pressure
levels of fluid (generally gas) in the input of compressor can

The most widely-used type of rotary compressor was rotary
compressor in the past was rolling piston rotary compressor.
However, new swing type has been developed and their usage
area has expanded a lot. Thanks to combined wing and piston
of swing rotary compressor, it is prevented that there is a gas
leakage from high pressure side to low pressure side and
compression rate in high pressure side is kept constant. Details
of swing compressor are given in Figure 5 [9].
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Figure. 5 Swing Type Compressor

According to their structures, compressors are divided into
three parts as open type, semi-hermetic and fully hermetic.
Open type compressors are a type of compressor actuated by
an outboard engine with a belt or connected directly [10,11].
In semi-hermetic compressors, compressor and engine are
placed into the same body and connected. Covers of every
part are stabilized with bolts. There is no need for any sealing
equipment because there is no such thing as emergence of gas
leakage here. This type of compressors can be dismantled and
fixed in a fault case and their parts can be changed. Hermetic
compressors are the compressors whose sealing is provided by
welding. Compared to semi-hermetic compressors, hermetic
type compressors are perfect in terms of air tightness. Small
capacity piston compressors and rotary compressors are
generally manufactured in hermetic type. In any case of fault
in this type of compressors, the whole compressor should be
changed [9].
It is planned that the most important part of the cooling
system designed in our study, compressor works at high
speeds and its size is little at the same time. The compressor
designed within the scope of this plan is swing type of rotary
compressor. By using the same working principle, more useful
compressor that can work horizontally and vertically is
manufactured. It is manufactured as semi-hermetic so that it
can be interfered in undesirable cases.
The designed compressive cooling system will be told
thoroughly in the second section of the study. While
application and test results will be presented in the third
section, conclusion and recommendations will take place in
the fourth section.
II. DESIGNED COMPRESSOR AND COOLING SYSTEM
Cooling system to be made with the hermetic compressor
designed with this study is foreseen to be able to be used in
laser diode cooling, air-cooled cloths, portable organ boxes,
electronic circuit cooling as well as industry, military fields,
medical and numerous personal fields.
The main element of our cooling system, compressor is
re-designed. The most important point to consider while
designing the compressor is that it can work with lower
consumption of energy than 24 V. The reason for it is that

cooling process would occur for a enough while by using a
portable battery if necessary.
The goal in the designed compressor is that standard
hermetic compressors are utilized in more flexible usage
areas by shrinking and making them portable.
Computer Numerical Control (CNC) processing centers,
CNC wire erosion cutting benches, horizontal and
cylindrical grinding benches are used in manufacturing steps
of the designed compressor. Body steels are processed by
using cold work tool steels, not powder casting used in
standard hermetic compressors and surface hardness is
provided on them. To manufacture swing pistons used in the
body, necessary steels are brought to necessary measure
with surface-grinding machine, cut at the designed measures
by tel erosion bench and compressor parts in Figure 6 are
manufactured.

Figure. 6 Manufactured parts of compressor

Because pistons processed at a precision with 5 microns
are considered inadequate in terms of surface roughness and
higher heat emerging, they are manufactured again with 10
micron titanium coating as seen from Figure 7.

Figure. 7 Parts with titanium coating

Working life of the compressor manufactured this way is
prolonged and amount of heat emerging with consumption
of energy is decreased because friction is decreased.
In the direction of the drawing in Figure 8, the
manufactured parts of compressor are designed manually by
mantling without any engine connection like Figure 9.
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Figure. 8 Computer aided drawing of the compressor

Figure. 11 BLDC engine used for testing

Figure. 9 The manufactured compressor

As you know in Figure 9, ball-bearing is used instead of
brass bush in camshaft connections seen in Figure 10
differently from standard compressors so that compressor’s
energy efficiency is high and its working life is longer.

It is designed as semi-hermetic so that the compressor
made for trial purposes can be interfered as semi-hermetic in
any fault case. In terms of ease of operation for semihermetic body and machinability, it is manufactured by two
steel wedges in CNC processing center at necessary
measures by dismantling. To ensure sealing of the
manufactured tank, orign is used as seen from Figure 12.
Connection between BLDC engine and the manufactured
compressor is provided by using metal coupling.

Figure. 10 Internal structure of the compressor

Body connections of ceramic ball-bearings are done with
orign without using oil seal because there is no enough place
for sealing.
Brushless Direct Current Engine (BLDC) having built-in
speed control in Figure 11 and external power supply are
used so that the system can work and its speed can be
checked. Another significance of the use of BLDC is that
the compressor has a longer life in case it is manufactured
hermetically.
The main goal in the system is that sufficient amount of
cooling would be ensured and redundant consumption of
energy would be prevented.

Figure. 12 Internal structure of Semi-Hermetic Compressor

As seen from Figure 13, after their sealing is ensured, a
barometer is mounted to be used to measure pressure to test
the compressor placed into the tank and the engine.
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III. EXPERIMENTAL WORKS
Max pressure value to be reached before exceeding 25W is
measured with the engine used in the manufactured semihermetic compressor tests.
In the tests, when it is run with 12 V constant voltage and
25 W to the utmost, revolution of the engine is measured as
2000 rpm. It is determined that there is some leakage in piston
valves of the compressor running with this revolution. It is
understood that it originates from reed valve seen in Figure 15.
The fact that reed valve is thin led to prolonging of closure
period and air leakage into piston from the compressed tank
during this period.

Figure. 13 Semi-hermetic Compressor

The compressor is tested with BLDC engine placed into
the tank without using air conditioning refrigerant.
Therefore, it is tested with thin oil without using mineral oil.
Following the tests, design of the cooling system our
semi-hermetic compressor is mounted to in case of reaching
sufficient pressure is made on the computer aided design
program as seen from Figure 14.
Differently from the tank used in compressor test, a fully
hermetic cylindrical tank is designed in the cooling system.
The reason for it is that it is ensured that end product
occupies a small place and its weight is lower.

Figure. 15 Reed Valve

In low watt values aimed as a result of making the engine
used at the size of the compressor, whose size is made smaller,
smaller without making any changes in the system, max 3 bar
pressure value is reached. In this test, when it is considered
that gas condensation is at 12 bar at minimum in the cooling
system, it is seen that the data obtained wouldn’t be enough
for consumption of energy and gas condensation. In Figure 16,
maximum pressure level obtained with the targeted
consumption of energy (2000 revolutions per minute) is
shown on the graph below.

Figure. 14 3D Drawing of portable cooling system
Figure. 16 Pressure-Revolution Graph
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CONCLUSION AND RECOMMENDATIONS
By observing the values reached with semi-hermetic
compressor manufactured for testing and deficiencies in the
system, it is decided that the design of fully hermetic
compressor to be manufactured in fact is changed.
It is determined that main problem in the system is that
engine power remains incapable after the system reaches 3 bar
pressure value and its revolution starts decreasing as well as
valve leakage.
Main problem in the system is that engine power remains
weak in terms of desirable consumption of energy. Its solution
is gear system to place between engine and compressor in
order to ensure desirable torque value by using high-speed
engine. Thus, it is aimed that high torque values are reached
with low consumption of energy.
To get rid of valve leakage, another problem in the system,
it is aimed that the valve is manufactured again with 0,40-0,50
mm special spring steel used as standard in industry regardless
of compressor’s dimensions.
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properties, such as a high melting point, a low ductile-to-brittle
transition temperature, good workability, good corrosion
resistance and good stability at high temperatures [7]. Ta thin
films have attracted considerable attention due to their potential
applications, in electronics, X-ray optics, high temperature
wear, mechanical systems or biomedical implants [8, 9]. Ta
alloys have been widely applied in technology of electrolytic
capacitors, chemical apparatuses, ballistic rockets and
spacecrafts [7].
Titanium (Ti) thin film, it is well known, is also widely used
in biomedical and diffusion barrier applications due to their
superior strength, excellent thermal and chemical stabilities
[10]. Ta and Ti can be used in the production of the microarray
via Laser Induced Forward Transfer (LIFT) method [11].
Pulsed Laser Deposition (PLD), Atomic Layer Deposition
(ALD), Magnetron Sputtering and Thermal Evaporation
techniques are attractive processes to grow Mo, Ta and Ti thin
films. Laser beam ablates material at an average temperature of
6000K in PLD system, so that PLD technique is preferred due
to high melting temperature of Mo, Ta and Ti materials. The
PLD system has a great flexibility in adjusting the parameters
of system for thin film production. By setting these parameters
at proper values, thin films can be formed with desired
morphological and optical properties as well as smooth and
homogeneous surfaces.
Keywords— PLD, Thin film
In this study, we present some optical and structural
properties
of Mo, Ta and Ti thin films, which we have deposited
I. INTRODUCTION
on glass substrates by PLD technique. We have fabricated all
Molybdenum (Mo) thin film have many properties such as
thin films under the same conditions except the laser power
high electrical conductivity (low resistivity), high melting point,
changed, four different laser powers, 20 mJ, 25 mJ, 30 mJ and
good chemical stability, high thermal stability and mechanical
40 mJ, were used. After producing thin films, post-annealing
hardness [1-4]. Mo is a promising material for the future of thin
process is performed by using rapid thermal annealing at 150°C,
film devices has a potential applications in several fields such
300°C and 450°C. Investigations and analysis of thin films
as coatings for nuclear shielding, some thin film solar cells such
produced by PLD were characterized by performing Atomic
as CIGS, CZTS, CdTe and gate electrodes in GaAs based metal
Force Microscopy (AFM), and Ultraviolet-Visible (UV-VIS)
gate field effect transistors (MESFETs) and silicon based metal
absorption spectroscopy. As the laser power and annealing
oxide semiconductor (MOS) devices and microelectronics [3temperature were changed, the thickness, optical properties,
6].
morphological properties and crystal structure of the thin films
Tantalum (Ta) and Ta-based alloys have received much
attention since they presents some combined attractive
Abstract— Ta, Ti and Mo thin films have received worldwide
attention in microelectronics, X-ray optics, mechanical systems or
biomedical implants because of their many attractive properties,
such as stability, high melting point, good resistance for corrosion
and high electrical conductivity.
In this study, we present some optical and structural properties of
Ta, Ti and Mo thin films, which we have deposited on glass
substrates by Pulsed Laser Deposition (PLD) technique in
connection with a Nd:YAG laser in a high vacuum condition at
room temperature. The PLD system has a great flexibility to
adjust the parameters for thin film production. By setting these
parameters at proper values, thin films can be formed with desired
morphological and optical properties. We have fabricated all thin
films under the same conditions except the laser power, four
different laser powers, 20 mJ, 25 mJ, 30 mJ and 40 mJ, were used.
After producing thin films, post-annealing process is performed
by using rapid thermal annealing at 150°C, 300°C and 450°C. The
produced thin films were investigated and characterized by
performing Atomic Force Microscopy (AFM), and UltravioletVisible (UV-VIS) absorption spectroscopy. As the laser power and
annealing temperature were changed, the thickness, optical
properties, morphological properties and crystal structures of thin
films changed and these properties were investigated and
interpreted in some details. As a result, these parameters will be
referred in our future studies like a solar cell and thin film
transistor (TFT).
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changed and these properties were investigated and interpreted
in detail.
II. EXPERIMENTAL DETAILS
In this work, Mo, Ta and Ti thin films have been fabricated
by PLD technique using an Nd:YAG laser (1064 nm
wavelength and 10 Hz repetition and the pulse duration is 10ns)
in the high vacuum condition at room temperature. Mo (99.95%,
Kurt Lesker), Ta (99.95%, Kurt Lesker) and Ti (99.95%, Kurt
Lesker) target materials were used as a source materials for thin
films. Thin films grown on a microscopic slide glass substrate
which 35 mm away from the target. The Nd:YAG laser was
focused on the target using a convex lens (focal length = 40 cm)
on the target to ablate material. The target and substrate are
rotated at relatively different speeds in order to obtain a uniform
ablation and a homogeneous thin films, and deposition time
was kept to be 120 minute. Substrates were cleaned with
detergent solution, with deionized water, acetone and isopropyl
alcohol for 15 min in an ultrasonic bath and then dried using a
nitrogen gas jet. The deposition vacuum chamber was
evacuated down to a background pressure of 1x10-6 mbar. Thin
films were deposited at various laser pulse energies of 20 mJ,
25 mJ, 30 mJ and 40 mJ and post-annealed at 150°C, 300°C
and 450°C.
III. RESULT AND DISCUSSION
Figure 1 presents UV-vis spectra of Mo thin film grown on
a microscopic slide glass substrate with laser pulse energies of
25 mJ, 30 mJ and 40 mJ and UV-vis spectra of Ta and Ti thin
films grown on a microscopic slide glass substrate with laser
power of 20 mJ, 25 mJ, 30 mJ and 40 mJ.

Figure 1. The absorption spectrum of Mo thin film grown with laser power 25
mJ, 30 mJ and 40 mJ and absorption spectrums of Ta and Ti thin films grown
on a microscopic slide glass substrate with laser power 20 mJ, 25 mJ, 30 mJ
and 40 mJ.

According to the absorption spectrum of the thin films given
in Figure 1, Mo, Ta and Ti thin films deposited with maximum
laser power have good absorption characteristics. As applied
laser power is decreased, the absorption rates of thin films
decreases and the light transmittance increases. Despite the
deposition of thin films using the same laser power, the
absorption characteristics of these thin film structures are Ti,
Mo and Ta thin films from highest to lowest, respectively.
These differences are due to the ablation threshold values of the
metals, the deposition rate and the film thickness depending on
the material and optical properties of the Ta, Ti and Mo metals.
UV-vis spectra of Mo, Ta and Ti thin films, which were
produced at room temperature and annealed at 150°C, 300°C
and 450°C, are given in Figure 2.
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Figure 2. UV-vis spectra of Mo, Ta and Ti thin films annealed at 150°C, 300°C
and 450°C.

In Figure 2, Mo thin films annealed at 300°C and 450°C
become more transparent and absorption values decrease. For
Ta thin film annealed at 150°C, the roughness value and
particle heights increase since particles combine with each
other to form higher and larger particles. For this reason, the
absorption of thin film may increase. The decrease in
absorption of thin films annealed at 300°C and 450°C, may be
due to the reduction in the particle height of Ta particles
embedded in the substrate. The high absorption value of Ti thin
film annealed at 150°C can be attributed to a high roughness
value of thin film.

not uniformly distributed. Mo particles deposited with high
laser power have high kinetic energy on the substrate, so they
form larger particles by coalescence with close adatoms and
each other. But these larger particles have accumulated in
certain regions. Small particles generally tend to exhibit
homogeneous distributions. Mo thin film annealed at 450°C
was embedded in the substrate due to the high temperature, so
that a reduction in the number of particles was observed.
Figure 3c shows AFM image of Mo thin films deposited
using 25 mJ laser pulse energy. According to these image, Mo
nanoparticles forming thin film show more homogeneous
distribution than Mo thin film deposited at 40 mJ laser pulse
energy used. Small particles are more intense. In addition, Mo
particles deposited using low laser pulse energy have lower
kinetic energies when they reach on the substrate, so the
coalescences are limited.

a)

a)

b)

b)
c)
Figure 4. AFM images of Ta thin film deposited (a) at RT (40 mJ laser
power) (b) annealed at 450°C (40 mJ laser power) (c) at RT (25 mJ laser
power) (10x10 μm).

c)
Figure 3. AFM images of Mo thin film deposited (a) at RT (40 mJ laser
power) (b) annealed at 450°C (40 mJ laser power) (c) at RT (25 mJ laser
power) (5x5 μm).

Figure 3a and 3b shows AFM images of Mo thin films
deposited at 40 mJ laser power at room temperature and then
annealed at 450°C, respectively. According to these images,
particle sizes of Mo thin film deposited at room temperature are

Figure 4a and 4b shows AFM images of Ta thin films
deposited at 40 mJ laser pulse energies at room temperature and
annealed at 450°C, respectively. Sparks and deformations were
observed at Ta target at a high laser pulse energy during the
experiment. These sparks demonstrate some larger particles
ablated due to high laser pulse energy at 1064 nm. Ta particles
ablated with such higher kinetic energies cause some
deformations in thin film by re-vaporize the pre-deposited Ta
adatoms on the surface. Furthermore, the particle density on
film surface is low due to re-evaporation of Ta atoms on film
surface. According to Figure 4b, Ta particles on Ta thin film
annealed at 450°C gain high kinetic energy due to the high
temperature and have begun to diffuse towards each other
rapidly. If deposited thin film is annealed at high temperature,
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the thermal energy received by particles becomes kinetic
energy and increase their mobility in vibration mode. Moving
particles tend to diffuse to neighbouring particles. The particles
encountered by each other form harmonious associations,
forming larger crowns. The particles are grown both
transversely and longitudinally (by compressing). In addition,
since the substrate will exhibit softening behaviour at high
temperatures, the particles will be partially embedded in the
substrate.
Thus, the particle sizes grow by coalescence each other. In
addition, Ta thin film deposited at the room temperature may
have high particle density in none re-evaporated regions. The
particles density in Ta thin film annealed at 450°C can be
attributed to this situation.
Figure 4c shows AFM images of Ta thin films deposited
using 25 mJ laser pulse energy. According to these image,
sparks and deformations were not observed on Ta target due to
low laser power during the experiment. Ta particles ablated
with low laser power do not re-evaporate the particles from
surface since they reach at substrate surface with low kinetic
energies, and as a result, the particle density is high enough.
Because of Ta particles ablated with low laser pulse energy
reach at the substrate with a low kinetic energy, the coalescence
of particles are limited and Ta particles generally have smaller
size.

a)

b)

c)
Figure 5. AFM images of Ti thin film deposited (a) at RT (40 mJ laser
power) (b) annealed at 450°C (40 mJ laser power) (c) at RT (25 mJ laser
power) (5x5 μm).

Figure 5a and 5b shows AFM images of Ti thin films
deposited at 40 mJ laser pulse energy at room temperature and
annealed at 450°C, respectively. According to Figure 5a, Ti
particles ablated with high laser power diffuse rapidly towards
to each other and adatoms, and they also coalescence, because

of they reach at the substrate with a high speed. Thus, large
particles occurs on the surface. In addition, because of the high
number of particles ablated with higher laser pulse energies, the
particle density on the substrate is found to be higher.
According to AFM image in Figure 5b, Ti particles, gained
higher kinetic energy in Ti thin film annealed at 450°C, are
coalescence to each other by diffusion and particle sizes are
enlarger. In Figure 5c, particles ablated with 25 mJ laser pulse
energy have lower energies at the arrival on the substrate, so
the diffusion towards each other remained low and the
coalescence was limited. Thus, the particle size is small
according to Figure 5a. In addition, because of low density Ti
particles ablated with a lower laser pulse energy, the particle
density is found lower.
IV. CONCLUSION
According to AFM images, different metal thin films ablated
with the same laser pulse energies and annealed at the same
temperature showing different morphological properties. It
may be reason, that laser ablation energy threshold values for
Mo, Ta and Ti metals are different from each other and have
different structural properties such as hardness and softness of
the target component. These factors considerably affect laser
ablation and hence thin film morphology.
From UV-Vis spectra of thin films, these differences can
easily be understood. It has been observed that films deposited
using the same laser pulse energies have different absorption
values. As laser pulse energy used for thin film production
decreases, the deposition rate decreases, particles density
reduces and then particle height becomes smaller. Therefore, it
is more transparent to light and transmittance increases. Thin
films were annealed at 150°C, 300°C and 450°C. While
annealing temperature increase, the moving particles in thin
films combine each other, thus both the heights and the
roughness values increase. Thus, they can increase the
absoprtion by blocking the transmittance of light. At some
temperature values, the merging particles can be embedded into
the substrate, resulting in a more transparent film. And, thus the
absoprtion of film decreases.
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Abstract—In this study, a supervised retina blood vessel
segmentation process was performed on the green channel of the
RGB image using artificial neural network (ANN). The green
channel is preferred because the retinal vessel structures can be
distinguished most clearly from the green channel of the RGB
image. The study was performed using 20 images in the DRIVE
data set which is one of the most common retina data sets known.
The images went through some preprocessing stages like contrastlimited adaptive histogram equalization (CLAHE), color intensity
adjustment, morphological operations and median and Gaussian
filtering to obtain a good segmentation. Retinal vessel structures
were highlighted with top-hat and bot-hat morphological
operations and converted to binary image by using global
thresholding. Then, the network was trained by the binary
version of the images specified as training images in the dataset
and the targets are the images segmented manually by a specialist.
The average segmentation accuracy for 20 images was found as
0.9492.
Keywords—ANN, Blood Vessel, Retina, Segmentation, Supervised
Learning

I. INTRODUCTION
Due to having visual and perceptive characteristics, eye is
one of the most significant parts of human body [1]. Functional
disorders occurring in the eye can be diagnosed from vessel like
structures in the retina [1]. For example, retinal blood vessels
can provide information about pathological diseases such as
hypertension and diabetes [2]. Changes in the diameter of the
vessel and development of neovascularization are symptoms of
diabetic retinopathy, while a decrease in the ratio of the
diameter of the retinal arteries to the diameter of the vessels is
the indicator of hypertension [3]. Also retinal blood vessels can
be examined from outside without requiring intervention
because of its visibility [3]. Ophthalmologists diagnose patients
by manually examining the status of blood vessels on retinal
images which were obtained with high-resolution fundus
cameras [2]. The accuracy of manual segmentation is high, but
the process can be time-consuming due to the presence of highvolume retinal data [3]. Thus, medical imaging has become an
imperative tool in recent years for automatic segmentation
instead of manual segmentation [4]. In general, fundus images

have low contrast and background noise. Also, the
segmentation of blood vessels is difficult because the width,
brightness and shape of blood vessels are variant. Thus, it is of
great importance to develop an effective image processing
technique for an accurate automatic segmentation [3].
Different image processing techniques are used for retinal
blood vessel segmentation. These are generally divided into
segmentation with supervised and unsupervised learning.
Unsupervised methods are rule-based and specify vein regions
using the default rules for vessels. Unsupervised learning
includes vein tracking, matched filtering, morphological
processing, model-based algorithms and multi-scale analysis
[3]. Supervised learning is more time-consuming and
computationally expensive, as it requires training of complex
classifiers that work with large data with different features [3].
Given an example to unsupervised methods, Imani et al. used
a morphological component analysis (MCA) algorithm for
retinal blood vessel segmentation thus, preventing the
formation of false positive vessel pixels in the area of diabetic
lesions. As a result, the segmentation accuracy was 0,9524 for
the DRIVE data set and 0,9590 for the STARE data set [5]. In
another study, the image enhancement realized using
mathematical morpholoy and blood vessels were segmented by
k-means clustering by Hassan et al. As a result of experimental
procedure, 95.10% accuracy was obtained for the DRIVE data
set [4]. Frucci et al. carried out the segmentation process using
the SEVERE method where the retinal image pixels were
assigned to 12 discrete directional information. The accuracy
of 0.9550 and 0.9590 were obtained for the test and training
images in the DRIVE data set, respectively [6]. Kovács et al.
used template matching and contour reconstruction for the self
calibration of the retinal blood vessel segmentation system.
Accuracy results were found for DRIVE and STARE data sets
as 0,9494 and 0,9610, respectively [7]. In another unsupervised
segmentation realized by Singh et al., a matched filter based
on the function of Gumbel probability distribution was used
and the accuracy rate was found 0,9522 for the DRIVE data set
and 0,9270 for the STARE data set [2].
As an example of segmentation with supervised method,
Soares et al. used 2-dimensional Gabor wavelet for the filtration
of the noise of the image thus, improved the vessel appearance.
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The accuracy rate obtained using Bayes classifier was 0,9614
[8]. In another study, Ceylan et al. attained the accuracy of
98.56% by using the methods; complex wavelet transform and
complex artificial neural network [9]. Vega et al. realized the
segmentation process using a lattice neural network with
dentritic processing and obtained 0,9412 accuracy for the
DRIVE data set and 0,9483 accuracy for the STARE data set
[10]. On the other hand, in another supervised segmentation,
convolutional neural network (CNN) for feature extraction and
random forest (RF) classifier for pixel classification were used
by Wang et al. with the aim of realizine a hierarchical
segmentation. As a result of the study, the accuracy of 0,9475
and 0,9751 were obtained for DRIVE and STARE data sets,
respectively [11]. In another study performed by Ceylan et al.,
98.44% accuracy for the DRIVE data set and 99.25% accuracy
for the STARE data set were obtained using complex Ripplet-I
transformation and complex valued artificial neural network [1].
In this study, a supervised segmentation method using ANN
was applied on the green channel of RGB image and the pixels
were classified as vessel and non-vessel structures with
promising results.
II. MATERIAL AND METHOD

A. Image Acquisition
20 original retinal images labeled as training obtained from
the DRIVE (Digital Retina Images for Vessel Extraction) data
set, which is one of the most commonly used data sets, and 20
binary images corresponding to the training images and
segmented by specialists manually were used in this study.
Furthermore, DRIVE data set was created from the retinal
images acquired from a diabetic retinopathy screening program
in The Netherlands by using a Canon CR5 non-mydriatic
3CCD camera with a 45 degree field of view (FOV) [12]. The
dimension of the images used in the study was 584 x 565.

Unlike normal histogram equalization, CLAHE works for
the optimization of local image contrast by splitting the image
into tile like structures. Thus, the contrast can be adjusted for
all the regions separately making the details more visible [14].
Also, CLAHE uses a contrast limit known as clip limit for the
regions which prevents the noise generation over uniform
regions such as background and with this feature, CLAHE
differs from normal adaptive histogram equalization [14]. This
process is realized by allowing only a maximum number of
pixels belonging to the bins related to all local histograms and
the pixels which are clipped are distributed uniformly over the
whole histogram thus, preserving the former histogram count
[14]. In the study, the distribution of CLAHE, meaning the
desired histogram shape, was chosen as ‘rayleigh’ which is a
bell shaped histogram and the contrast enhancement limit (clip
limit) was chosen as 0.02 [15]. According to the changes made
in the study, the recalculated SNR values were found to be
higher, thus the details became more apparent. If the clip limit
was changed to more or less than this value, it was observed
that the SNR value began to deteriorate.
After CLAHE, the density of the image pixels was changed
and the color difference between the blood vessels and the
background was increased. Appplication of median filtering on
contrast enhanced images made it possible to remove saltpepper noise and vessel like structures were made more distinct
by applying 2-dimensional Gaussian distributed matched filter
of which the function is shown below [13]. The images
obtained after CLAHE and filtering process are shown in Fig.
2 respectively.
1

𝐺(𝑥, 𝑦) = 2𝜋𝜎2 𝑒𝑥𝑝(−

𝑥 2 +𝑦 2
2𝜎2

)

B. Image Preprocessing
Green channel images are usually used as gray level images
in retinal segmentation studies due to the visual difference
between the blood vesses and the background having the best
clarity [13]. In this study, an accurate segmentation of retinal
blood vessels has been tried to realize using ANN for a better
diagnosis of several diseases such as hypertension and diabetic
retinopathy. Fig. 1 shows the original image and the green
channel of the first training image in the data set.
Before contrast enhancement for highlighting the vessel
like structures, the SNR value, which gives information about
the image quality, was measured. SNR value is the signal to
noise ratio for each gray image [2]. For images, SNR value can
be found by the ratio of the average of image pixel densities to
the standard deviation of pixel densities. If the SNR is greater,
it means that the detail of the image is more visible. In the study,
the contrast parameters have been altered by taking into
account the changes in the SNR value to achieve the best
contrast value [2]. For contrast enhancement of the images,
contrast-limited adaptive histogram equalization (CLAHE)
method was used.

Fig. 1. First DRIVE training image and its green channel

Fig. 2. The images after CLAHE and filtering processes
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Furthermore, top-hat morphological processing has been
used to make blood vessels more prominent [13]. With the use
of bottom-line morphological processing and subtraction of
these two images from each other also resulted in blood vessels
being separated from the background. After these processes, the
images are converted to binary system images and the
complement of the images were taken. After complementing
the images obtained by the specialists, the images were ready
for training with using ANN. The image after morphologic
operations, the complemented binary image and ground truth
which is the image manually segmented by the specialists are
shown in Fig. 3, respectively.

C. Artificial Neural Network
Artificial Neural Networks (ANN) solves the problems in
the real world as an impersonation of human brain [16]. An
ANN consists of three sequential and connected layers which
are input layer, hidden layer and output layer [16, 17]. The data
admitted by the input layer is processed by the hidden layer
relying on the connections to the input layer and the weights
belonging to these connections and then it is transmitted to the
output layer which categorizes the data into different groups
[16]. The ideal number of neurons in the hiiden layer is chosen
by trial and error because there is no analytical method for its
determination [16, 17].
In the study, the pixel densities of the binary form of the
first training image was chosen as input data for the ANN and
the pixel densities of the binary form of the manually
segmented image orresponding to the first training image was
chosen as target data for the ANN. The data was chosen
randomly as training, test and validation data by the percentage
of 90, 5 and 5, respectively. The ANN was chosen as a pattern
recognition network which is feedforward network with 10
hidden neurons, resilient backpropagation training function and
hyperbolic tangent sigmoid transfer function. After the training
process, the trained network which has an overall 96.8%
accuracy through the training, test and validation data was
converted to a function to be operated on the all images in the
database. The confusion matrix of the ANN is shown in Fig. 4,
the performance of the ANN is shown in Fig. 5 and the receiver
operator characteristics of the ANN is shown in Fig. 6.

Fig. 4. Training, Test, Validation and All Confusion Matrix

Fig. 5. The performance graph of the ANN

Fig. 3. The image after morphological operations, complemneted
binary image and ground truth
Fig. 6. Training, Test, Validation and All ROC
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III. RESULTS AND DISCUSSIONS
The function generated from the ANN was applied to the
complemented binary images in the database and the results
were compared with images segmented by the specialists
manually.For the calculation of general accuracy of all images,
concepts such as true positive (TP), true negative (TN), false
positive (FP) and false negative (FN) were used to evaluate the
pixels. True positive refers to the classification of vessel pixels
as vessels while true negative refers to the classification of
background pixels as background. Also, false positive refers to
the classification of background pixels as vessel and false
negative refers to the classification of vessel pixels as
background.
The accuracy rate is given by the following formula.
𝐴𝑐𝑐𝑢𝑟𝑎𝑐𝑦 =  (𝑇𝑃 + 𝑇𝑁)⁄(𝑇𝑃 + 𝑇𝑁 + 𝐹𝑃 + 𝐹𝑁)

studies involving unsupervised and supervised segmentation
methods in the literature. Table 2 shows the accuracy results for
all the images in the study.
Table 1
Literature Studies
Segmentation

of

Supervised

Author

Year

Ceylan et al.

2013

Ceylan et al.
Soares et al.

Unsupervised

Method

Accuracy

Complex Wavelet & Complex
Valued ANN
Complex Ripplet-I Transform &
2016
Complex Valued ANN
2-D Gabor Wavelet & Bayes
2006
Classifier

Frucci et al.

2016

İmani et al.

2015

Singh et al.

2016

Hassan et al.

2015

Kovács et al.

2016

This study

2017

Wang et al.

2015

Vega et al.

2015

(2)

According to the results obtained based on these values, the
average accuracy rate of the segmentation for the training
images in the database was found to be 0.9492. In addition, the
segmentation process took very short time which is a total of
24.4826 seconds for the total of 20 images, although the
supervised segmentation takes a lot of time because of its
complexity. The results showed that segmentation was very
succesfull and close to an expert’s work and took very little
time for the total of 20 images which can be minutes for only
one image if it was segmented manually. In Table 1, the results
of our study are given for comparison with a mixture of other

and

SEVERE

0,9856
0,9844
0,9614
0,9570

Morphological Component
Analysis
Gumbel Probability
Distributed Matched Filter
Mathematical Morph. & kmeans clustering
Template Matching & Contour
Reconstruction
CLAHE & Gaussian Matched
Filter & ANN
Convolutional Neural Network
& Random Forest Classifier
Lattice Neural Network with
Dentritic Processing

0,9524
0,9522
0,9510
0,9494
0,9492
0,9475
0,9412

Table 2
Accuracy Values Obtained for All Images (Average Accuracy is 0.9492)
DRIVE Images

Accuracy

DRIVE Images

Accuracy

DRIVE Images

Accuracy

DRIVE Images

Accuracy

21_training.tif

0,9680

26_training.tif

0,9291

31_training.tif

0,9579

36_training.tif

0,9447

22_training.tif

0,9574

27_training.tif

0,9575

32_training.tif

0,9627

37_training.tif

0,9505

23_training.tif

0,9116

28_training.tif

0,9551

33_training.tif

0,9629

38_training.tif

0,9571

0,9476

29_training.tif

0,9428

34_training.tif

0,9158

39_training.tif

0,9544

0,9523

30_training.tif

0,9457

35_training.tif

0,9555

40_training.tif

0,9545

24_training.tif
25_training.tif
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IV. CONCLUSION

[17]

Evaluation of the results showed that the segmentation
process was successful, not exhausting and took a little time. It
can be seen that the procedure will make the specialist’s job
easier and they can serve more patients without dealing with
manual segmentation. In the future, different contrast
enhancement, filtering, or morphological operations will be
attempted to enhance the image and, different features and
supervised learning techniques will be used for comparison and
improving the segmentation results.
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Abstract— Nowadays, potential fertility analysis is subject of
interest. These researches show that life style and life habits are
also effective on semen quality together with environmental
factors. Decreasing fertility rates in the last decades is rising the
importance of factors, which obstruct having high fertility rates.
While field of medicine needs laboratory operations for diagnosis,
with appropriate machine learning methods well-liked predictions
can be acquired from patient’s medical background. Artificial
neural networks are widely used as decision support systems in
medical field and in this study; an artificial neural network is used
to predict semen quality according to patient’s backstory of
environmental factors and lifestyle. Performance of the artificial
neural network is evaluated using precision, recall, accuracy and
F1 score metrics based on a 10-fold cross-validation scheme.
Keywords— Fertility, Artificial Neural Network, Diagnosis,
Prediction, Semen quality

I. INTRODUCTION
Rapid decline in the level of fertility in the world over the
years has been one of the factors affecting people's lives [1, 2].
Declining fertility rates also increase the importance of
knowing the factors that make it difficult to have high fertility
rates. The harmful effects of smoking, radiation, heavy metal
ions, aluminum, fluoride, pesticides, aflatoxin and organic
solvents on sperm are known in studies conducted in this field
[2, 3]. Studies have indicated that sperm cells are more sensitive
to environmental factors and living conditions than somatic
cells, and that this affects sperm fertilization ability [2, 4, 5].
Furthermore, the negative effects of environmental factors on
sperm cells have not been fully elucidated [2].
Technological development in recent years have caused
people to be exposed to more electromagnetic frequencies with
tools such as mobile phones, wireless internet services and
laptop computers. Studies have shown that infrared radiation,
radiofrequency radiation, and electromagnetic waves have a
negative effect on reproductive function [6-8].
Additionally, lifestyles and habits of the people can also
affect their fertility. Studies have shown that drinking alcohol
and cigarette consumption cause deterioration in sperm
parameters and decrease in live birth rates [9-11].
Medical assessments are required to determine the level of
fertility on women and men. Sperm analysis for males are for
sperm volume, density, in other words how much sperm there
is in a milliliter, and sperm morphology [12].

Artificial Neural Networks (ANN) have widely been used in
almost every field in recent years for estimation purposes. ANN
can be defined as systems that determine the relationships
between events from the samples and then use the information
they have learned about the samples that they have never seen
before [13, 14]. It is difficult or impossible to realize these
capabilities with traditional programming methods. For this
reason, artificial neural networks can be said to be a computer
scientist interested in adaptive information processing
developed for events that are difficult or impossible to program.
Today, artificial neural networks are widely used to solve
various problems such as diagnosis and prediction in medicine
[15, 16].
Recently, use of different classification methods in the
diagnosis of biomedical diseases has become very common.
Computer-based classification methods are able to give nearest
estimates [16].
In the medical field, it is often necessary to perform
laboratory procedures on the patient in order to obtain a
diagnosis of any subject, while the data obtained from the
medical history of the patient can provide data to diagnose an
acceptable accuracy. David Gil et al. in a study, they used
artificial intelligence methods such as decision-trees Multilayer
Perceptron and Support Vector Machines to predict sperm
quality using medical tics such as past environmental factors
and lifestyle data, and they obtained a predictive accuracy of
86% [17]. K. Oyedotun et al. used different RBF Neural System
structures to estimate semen quality with a study they
performed and obtained a predictive accuracy of 84% [18]. In
this study, different Artificial Neural Network models were
designed by using the dataset given in the literature, in order to
increase the success of predicting the semen quality based on
the medical history, and the obtained results were compared
with the literature results.
II. MATERIAL METHODS
In this study, the sperm quality was estimated by using ANN
method. The data used to estimate the semen quality was taken
from the "Fertility Data Set" data set in the UCI Machine
Learning Respository database [19].

A. Dataset
For the data used in this study, the fertility data in the UCI
machine learning database was used. In this data set, 100
healthy young volunteers between the ages of 18-36 and the
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data obtained by the students of Alicante University were used.
Sperm samples obtained after 3 to 6 days of avoiding sexual
intercourse among volunteers were subjected to a sperm
analysis according to the World Health Organization (WHO)
criteria [17].
A total of 10 properties obtained from volunteers in the
dataset are detailed in Table 1 [19].
TABLE 1. FERTILITY DATASET PROPERTIES

Attribute
Season in which the analysis
was performed
Age at the time of analysis
Childish diseases (ie , chicken
pox, measles, mumps, polio)
Accident or serious trauma
Surgical intervention
High fevers in the last year

Frequency of alcohol
consumption

Smoking habit
Number of hours spent sitting
per day
Diagnosis

Description (Normalized)
1) winter, 2) spring, 3) Summer,
4) fall. (-1, -0.33, 0.33, 1)
18-36 (0-1)
1) yes, 2) no. (0, 1)
1) yes, 2) no. (0, 1)
1) yes, 2) no. (0, 1)
1) less than three months ago,
2) more than three months ago,
3) no. (-1, 0, 1)
1) several times a day, 2) every
day, 3) several times a week, 4)
once a week, 5) hardly ever or
never (0, 1)
1) never, 2) occasional 3) daily.
(-1, 0, 1)
1-16
(0, 1)
normal (N), altered (O)

Figure 1 also shows the histogram values of 9 items
according to the semen concentration results [20]. When the
histogram values are examined, it is seen that the data set has
unbalanced data in terms of diagnostic distribution.
The categorical data are coded in one-of-N format by preprocessing the data set.

Figure 1. Histogram values of all attributes

Today, artificial neural networks have many learning models
such as Perceptron, Adeline, Multilayer Sensor Pattern, Vector
Quantization Problems, Hopfield Networks and Elman
Networks [23]. Generally, in the ANN network structure,
weight values are changed according to the specified learning
rule by giving output values to a given input set. The network
trained after completion of the training data can predict the
result of any given data set according to the final state of the
weight values. In this study, Multilayer Sensor Model is used.
An advanced feedback Multilayer Network Model is shown in
Figure 2.

B. Artificial Neural Network (ANN)
Artificial Neural Networks are artificial intelligence
approaches that try to create a new system by mimicking the
functioning of the human brain. It is one of the most preferred
methods in classification problems. ANN structure is created
based on the structure of the biological nerve cells in the human
brain. In ANN, there are mechanisms for decision-making
based on learning and learned knowledge as well as our brains
[21-23].
Figure 2. ANN Multilayer Model

C. Cross Validation
In general, data sets are divided into training and test data
sets. Here, the training data set is used to determine the system
parameters while the test data set is used to determine the
network performance [17, 24]. One of the most widely used
methods to evaluate network success is cross-validation [25].
In this method, the data set represented as S is divided into subclusters of random number k, each of which has approximately
the same number as S1, S2, ..., Sk. In the testing of the method
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on the data, one set of test clusters is taken each time from the
subset of k numbers, and the rest is taken as the training set.
Experimental studies have shown that the optimum value for
k in k-fold cross-validation method is 5 and 10 [26, 27]. In this
study, the data set is divided into 10 parts, as shown in Fig. 3,
using a 10-fold cross-validation method.

in such cases. AUC refers to the area under the receiver
operating characteristic (ROC) curve. The area under the ROC
curve determines the accuracy of the test in distinguishing
between patients and non-patient persons. The maximum value
of AUC is 1. According to the number of neurons in the hidden
layer, a graph of the accuracy and AUC change is given in Fig.
The study used the ANN architecture with 14 neurons in the
hidden layer with the best accuracy (87%) and the AUC
(0.9723) value.

Figure 3. 10-Fold cross validation method.

The system has been trained and tested with k different
training and test clusters and k success measures have been
obtained. Thus, the arithmetic mean of the k performance
measures obtained is taken to determine the success of cross
validation [25].
III. CONCLUSION AND SUGGESTIONS
This study was conducted using MATLAB Neural Network
Toolbox functions [28]. The ANN structure formed consists of
three layers. All the input parameters (9 pcs) in the data set form
the input vector in Layer 1. Layer 3 is the layer that indicates
the output of the classification, and the number of neurons in
this layer depends on the number of classes in the output. In this
study, since there are 2 classification outputs at the output, only
one neuron is sufficient for the output layer. Scaled conjugate
gradient backpropagation algorithm is used as the learning
algorithm [29]. In addition to these, the performance of the
network is also found according to the mean square error (MSE)
and regression rules. Back propagation training parameters are
given in Table 2.

Estimation results were obtained by applying the ANN
model with preliminary data obtained on the whole data set. 10fold cross-validation was applied for performance evaluation in
this study. The ANN that was devised classified in total 87 of
the 100 data as successful. The confusion matrix is given in
Table 3.
TABLE 3. CONFUSION MATRIX

Data of reference
Classification

Normal

Altered

Normal

83 (A)

5 (B)

Sum of
rows
88

Altered

8 (C)

4 (D)

12

Sum of columns

91

9

100

When the diagnostic test conducted on all of the data in
Table 3 is examined, the following results are reached:
Accuracy is the ratio of correct outcomes (both true positives
and true negatives) to the general population

TABLE 2. BACKPROPAGATION TRAINING PARAMETERS

Parameters
Learning Rate
Momentum Constant
Epochs
Performance Function
Minimum performance Gradient

Figure 4. Network performance change according to the number of hidden
neurons

Value
0.01
0.9
1000-10000
Crossentropy
1/(e-10)

Accuracy 

To find the number of hidden layer neurons giving the best
result on the given network structure, network structures
containing 1 to 50 neurons were trained. The network structures
obtained were tested with Accuracy and AUC. Accuracy refers
to the recognition rate of a method. Accuracy measurement
works better when data classes are distributed evenly. For this
reason, it is not enough to evaluate this method in the
unbalanced data set in the productivity data set. In this case,
other measures are more appropriate. AUC is a good criterion

A D
A BC  D

(1)

From Eq. 1, accuracy was found to be = 0.87
Precision is the true value positive, the ratio of the number
of positive values to the sum of the positive value classes
Pr ecision 

A
AC

(2)

From Eq. 2, precision was found to be = 0.9120
Recall is the ratio of the number of correctly classified
positive samples to the total number of positive samples
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From Eq.3, recall was found to be = 0.9431.
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The F1-score can be used as a single measure of performance
of the test for the positive class. The F1-score is the harmonic
mean of precision and recall:
F1-Score  2 x

precision xrecall
precision  recall

[7]

[8]

(4)
[9]

From Eq. 4, F1-score was found to be = 0.9272.
According to the confusion matrix results, it is seen that the
artificial neural network proposed in this study has a high
accuracy rate of 87%, estimating the seminal quality.

[10]

[11]

TABLE 4. COMPARISON OF EXPERIMENTAL RESULTS WITH AN EARLIER WORK

Network
Parameter
Precision (%)

MLP [17]

RBFNN [18]

ANN

89.9

84.22

91.20

Recall (%)

94.10

98.75

94.31

Accuracy (%)

86

84

87

[12]

[13]

[14]

In Table 4, the network performance values obtained in this
study are compared with aforementioned studies. When Table
4 is examined, it is seen that the ANN structure obtained in this
study has a better accuracy and precision percentage than the
studies in the literature.
Medical laboratory procedures are carried out to determine
sperm quality. Most of the medical decision support systems
use artificial intelligence methods, resulting in affordable
solutions. In this study, an ANN model, which is one of
artificial intelligence methods, was created to estimate sperm
quality depending on environmental factors. When evaluated
by the ANN model performance results and previous studies, it
is seen that this ANN is a successful model estimating the
sperm quality.
In addition, this study can be improved by different preprocessing techniques and hybrid classification methods to
increase the predictive success of sperm quality.
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