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PREFACE
7th International Conference on Advanced Technologies (ICAT'18) has been
organized in Antalya, Turkey on April 28-May 1, 2018.
The main objective of ICAT'18 is to present the latest research and results of
scientists related to Computer Sicences,
Electrical & Electronics,
Energy
Technologies,
Manufacturing Technologies,
Mechatronics and Biomedical
Technologies. This conferences provides opportunities for the different areas delegates
to exchange new ideas and application experiences face to face, to establish business
or research relations and to find global partners for future collaboration.
All paper submissions have been double blind and peer reviewed and evaluated
based on originality, technical and/or research content/depth, correctness, relevance
to conference, contributions, and readability. Selected papers presented in the
conference that match with the topics of the journals will be published in the following
journals:
 International Journal of Intelligent Systems and Applications in Engineering
(IJISAE)
 International Journal of Applied Mathematics, Electronics and Computers
(IJAMEC)
 International Journal of Energy Applications and Technology (IJEAT)
At this conference, there were 640 papers submissions from 30 different
countries. Each paper proposal was evaluated by two reviewers. And finally, 388
papers were presented at our conference.
In particular we would like to thank Prof. Dr. Mustafa SAHIN, Rector of
Selcuk University; Advanced Technology and Sciences, Academic Publisher;
International Journal of Intelligent Systems and Applications in Engineering (IJISAE);
International Journal of Applied Mathematics, Electronics and Computers (IJAMEC);
International Journal of Energy Applications and Technology (IJEAT); FIRUZEN
Tourism and SN Information Techonology. They have made a crucial contribution
towards the success of this conference. Our thanks also go to the colleagues in our
conference office.
Looking forward to see you in next ICAT.

Ismail SARITAS - Omer Faruk BAY
Editors
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Abstract— In the recent years wireless technology has been widely
used in several applications such as providing access to the
Internet, ubiquitous computers, smart phones and private
computer networks. Nowadays, almost every place has been
covered by multiple wireless routers and access points, therefore
there is significant increase in the number of researches that
related to the usage of wireless connections for indoor client
positioning and localization systems.
Since the Global Positioning System ‘GPS ‘seems to be failed at
indoor positioning tasks. thus, various wireless connection based
positioning approaches implemented in different applications
such as time of arrival (TOA), time difference of arrival (TDOA)
and angle of arrival (AOA).
In this paper, we use the received signal strength (RSS) method in
order to define the mathematical relations between the received
signal strength measured in dbm, distance between the access
points and the receivers which is calculated in meters.
In the proposed scheme, we measure signal strength in discrete
form using raspberry pi microcontroller and translate these
measurements into continuous mathematical functions using
gaussian, Fourier, polynomial and exponential interpolation
methods by the help of MATLAB. With these efforts, we aim to
obtain and discuss the accuracy differences of used interpolation
methods. In simulations, we aim to investigate accuracy
performance of each method to determine the best one for using
in real time positioning applications.
Keywords— Wifi, Received Signal Strength, dpm, interpolation,
indoor positioning.

I. INTRODUCTION
The simplest way to locate a device is finding the distances
between it and two reference points (for 2D positioning) or
three reference points (for 3D positioning).
A

C

B

Fig. 1 Reference points and positioning

Assuming references in Fig. 1, after finding the distances we
can find the location by solving these three equations:
( −
( −
( −

) +( −
) +( −
) +( −

) +( −
) +( −
) +( −

) =
) =
) =

Because of errors in distance calculation the above equations
could be impossible to solve, hence, we try to solve two
equations together, when they can't be solved we increase the
short distance as in Fig. 2 till finding a solution, and then
finding a middle point between this point and the 3rd equation
(if the point wasn't basically a solution for it).

Fig. 2 Error in distances from A and B results in no solution

Our focus is generating a formula based on measured WiFi
RSS to find distance between a device and an access point, thus,
in our work we didn't deal with tolerance caused by
measurement tool, in order to obtain results.
II. IMPLEMENTATION

A. RSSI Measurement
We made our measurements in a 13m × 1.5m empty closed
area using Raspberry Pi without doing any signal processing,
since WiFi signal strength differs frequently, our purpose is to
generate stable position-dependent discrete values of RSS on a
line with a length unit almost equal to the tolerance of
measurement method (≈33cm). As for access points we
intentionally use smart phones, then we imply our experiments
by changing distance between the two devices, we move the
access point and move the receiver, then we apply different
interpolation methods to the obtained data.

B. Interpolation Methods
1. Gaussian Interpolation:
The general form of a Gaussian function composed of n
terms is given by the following equation:
( )=

+

point, it starts to ripple and this makes ambiguity in reverse
calculation (calculating distance from dpm).
Fig. 5 demonstrates a polynomial interpolation from 3rd
degree.

+ ⋯+

The advantage of this method is increase in the terms
provides more coverage for points but this can also result in
very high distortion according to the data deviation.
Fig. 3 shows a 3 term Gaussian interpolation applied to our
data.

Fig. 5 Curve produced by Polynomial interpolation for measured WiFi
RSS

4. Exponential Interpolation:
As seen in the next equation the difference between the
exponential and the Gaussian interpolation is the degree of x in
the exponential term, this gives more smooth curve and less
sensitivity.
Fig. 3 Curve produced by Gaussian interpolation for measured WiFi RSS

2. Fourier Interpolation:
Similar to normal Fourier trigonometric series, this
interpolation method gives us a sum of finite trigonometric
terms, the restriction of this method is number of terms, on the
other hand, more terms give more accurate curve fitting which
means more sensitivity to data error and this is an undesirable
situation.
As depicted in Fig. 4, a 4 term interpolation seems to be
enough for our data.

( )=

+

Thus, 2 term exponential interpolation is shown in Fig. 6.

Fig. 6 Curve produced by Exponential interpolation for measured WiFi
RSS

C. Accuracy & Error Rate:
After fitting data with one or more models, we should
evaluate the success of fit.
As in statistical literature, the term goodness of fit is used
here in several senses: A “good fit” might be a model:
 that our data could reasonably have come from, given
Fig. 4 Curve produced by Fourier interpolation for measured WiFi RSS
the assumptions of least-squares fitting.
 in which the model coefficients can be estimated with
3. Polynomial Interpolation:
little uncertainty.
In this method a sum of normal x and its power are generated,
though raising degree gives more fitted curve, after certain

 that explains a high proportion of the variability in our
data and is able to predict new observations with high
certainty.
We imply three different methods for evaluating the
efficiency of our fits:
1. The sum of squares due to error (SSE):
This approach measures the total deviation of the response
values for fitting to the response values. It is also called the
summed square of residuals and is usually labelled as SSE.
=

(

−

)

A value closer to 0 indicates that the model has a smaller
random error component, and that the fit will be more useful
for prediction.
2. R-square:
This method measures how successful the fit according to
the variation of the data. Put another way, R-square is the
square of the correlation between the response values and the
predicted response values. It is also called the square of the
multiple correlation coefficient and the coefficient of multiple
determination.
R-square is defined as the ratio of the sum of the squares of
the regression (SSR) and the total sum of squares (SST). SSR
is defined as:
=

(

− )

=

(

− )

SST is also called the sum of squares about the mean, and is
defined as:

Where SST = SSR + SSE. Given these definitions, R-square
is expressed as follows:
−

=

n corresponds to the number of fitted coefficients and m is
estimated from the response values.
= −
Finally, v indicates the number of independent pieces of
information involving n data points that are required to
calculate the sum of squares.
As in SSE, a MSE value closer to 0 indicates a fit which is
more useful for prediction.
Table I shows the accuracy differences between
interpolation methods according to each error model.
TABLE I
INTERPOLATION METHODS

Method

SSE

R-square

RMSE

Gaussian

333.7759

0.9076

4.1913

Fourier

269.6841

0.9254

3.8707

Polynomial

538.2133

0.8511

4.7356

Exponential

515.3381

0.8574

4.6338

III. RESULTS & CONCLUSION:
In this paper we present a method that can be used for
triangulation based indoor positioning using the WiFi RSS
according to functions been interpolated from measurements in
certain scenarios. As illustrated, these interpolation methods
can be evaluated in many ways.
In our case we find that the Fourier interpolation is the most
accurate method, but this can’t be generalized because
measured data differs due to surrounding environment,
transmitters, receivers and measuring methods.

=1−

R-square can take any value between 0 and 1, with a value
closer to 1 indicates that a greater proportion of variance is
accounted for by the model. For example, an R-square value of
0.8234 means that the fit corresponds to 82.34% of the total
variation in the data.
3.

=
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Abstract— In this paper precise simple, and cheap LCF meter
will be introduced. The design of the meter is PIC based design.
The meter measures the Frequency, Capacitance and Inductance
accurately by using LC and RC oscillators. The LC and RC
oscillators have many applications in electronics designing for
few reasons such as simplicity and being easy for implementing.
These reasons made the measuring of the Capacitance and the
inductance in the proposed design easy.
After assembling and manufacturing the LCF meter, it was
tested for a wide range of capacitors, inductors and frequency
values. The measurement span for frequency was between 5Hz
and 5MHz and the measurement span for inductance was from
5µH up to 1mH and for capacitance was from 0.6ρF up to
2200µF.
The accuracy of the measurement for the frequency between
5Hz up to 4 MHz was about 96% and it was about 90% for
frequencies greater than 4 MHz.
The accuracy of the measurement for capacitors values greater
than 1µF was about 98% and it was 92% for capacitors of
capacitance less than this value.

Figure 1: Oscillator using inverter logic gate
The output frequency depends on the propagation delay
inside the gate, which depends on the speed of the gate, but this
is too fast, so that we can add more delay time by chocking the
current flows from the output port to the input port using an
inductor also we can resist the fast increase and decrease in the
voltage by adding a capacitor as shown in Figure 2 [1]. We can
calculate the frequency for this simple combination after
neglecting the propagation delay using this formula:
(1)

The accuracy of the measurement for inductors of all values
was about 95%.
When comparing the new manufactured design by other
measurement equipment's in the market it was much cheaper,
smaller, and simpler than any other equipment , also the new
design has the same –or in many cases better- accuracy.
KEY WORDS: Cristal oscillator, PIC microcontroller, NAND
logic gates, chocking coils, Liquid crystal display, Inverter logic
gate oscillator, Frequency measurement, Capacitance
measurement, Inductance measurement.

I. INTRODUCTION
The basic inductance capacitance (LC) oscillator came
from using the inverter logic gate as an oscillator as the one
shown in Figure 1 [6, 10, 11, 12 ].

Figure 2: The Basic LC Oscillator
Using this principle, the inductance can be measured by
knowing the capacitance value; also the output frequency can
be measured using formula (1).
Similarly, using the capacitance-resistance (RC) oscillator
configuration allows to measure the capacitance as shown in
Figure 3 [2, 7, 8].

INDUCTANCE MEASUREMENT
For the inductance measurement, LC Oscillator is used. The
LC Oscillator is formed by using two groups of capacitors with
an inductor that connected in series with the unknown inductor
to form a tank oscillator that feed the NAND gate [3,13, 14].
The capacitors are 10nF for each; they are connected in parallel
to get 20nF for each group, considering that 20nF is not in the
capacitors standard values.
The inductor L1 that is connected in series with the unknown
inductor to increase the accuracy for the very low inductance
measurements. Also, L1 provides a minimum inductance value
against which the circuit is “nulled” prior to taking
measurements. It is used to minimize the effect of the stray
fields within the physical circuit assembly [8, 9].

Figure 3: Basic RC Oscillator [2]
The formula for this oscillator is:
(2)

Using these two independent oscillators measurement
equipment can measure the inductance and the capacitance
using the equations (1) and (2). If two values are known the
third can be calculated.
II. THE NEW DESIGN
This design is based on CMOS NAND gates or inverters,
where the oscillation frequency depends on the inductance and
the capacitance in there feedback path.
In this design, a PIC16F628 is used to measure the frequency
and the results are feed to an alphanumeric liquid crystal
display (LCD).

The Potentiometer R4 is added in the feedback path of the
NAND gate to ensure that the oscillation is stable and reliable
especially at the starting time. The effect is due to its
relationship with capacitors C2 and C3, which impose a more
pronounced phase shift on the signal being fed back through
the inductor than the output of the gate itself can allow. Also, it
provides a degree of frequency controlling, which is important
for this application.
CAPACITANCE MEASUREMENT
For the capacitance measurements, an RC oscillator is used
that is formed by using two NAND gates, two resistors and one
capacitor [3, 15].
The maximum frequency at which the oscillator runs is
basically set by resistor R2 and capacitor C1. The external
capacitor whose value is to be measured is connected between
the probe clips and switched in parallel with C7 by switch S2 in
position 2. As with L1, C1 provides a minimum reference
against which the circuit is “nulled”.
Because the reference value has been set to be high enough to
effectively “swamp” stray capacitance into an unimportant
role, the software is capable of reading very small capacitance
differences, typically from 1pF upwards [5]. It should be noted
that the value of resistor R3 also has an effect on the oscillation
frequency.
In this designed circuit it has been chosen to be 22 times the
value of R2 and it is ignored in the frequency calculation
formula.
NAND GATES CONTROLLING
The using of the NAND gates in this application is to add
controlling to the oscillator enabling, or in other words, it gives
the microcontroller the ability to enable the inverters with
enable pins.

Figure 4: Circuit daigram

The LC oscillator becomes active when NAND1 input pin 12
is taken high by PIC pin RA0. When RA0 is low the oscillator
is inhibited, with NAND1 output pin 11 being held high.

When in position 1, S2 connects the +5V line to PIC pin RA4.
In position 2, RA4 is held at 0V via pull down resistor R7.
Software monitors the logic on RA4 and reacts accordingly.

The RC oscillator is similarly controlled by microcontroller.
PIC pin RA1 when high allows the NAND2/NAND4
configuration to oscillate. When RA1 is low, the oscillator
stops with NAND2 output pin 4 held high.

Switch S5 is a push button switch; it is used to “null” the
circuit prior to taking measurements. It is monitored by PIC pin
RA2, which is biased low by resistor R6 when S5 is not
pressed, and biased by +5V when switch S5 is pressed.

The outputs from NAND1 and NAND2 are jointly fed to the
inputs of NAND3. When NAND1 is oscillating, its frequency
is passed through NAND3 via pin 9 since its other input, pin 8,
is held high byNAND2 output pin 4. Conversely, when
NAND2 and NAND4 is oscillating, its frequency is passed
through NAND3 via pin 8 since pin 9 is now held high by
NAND1’s output pin 11, so that just one oscillator is ON at a
time.

The results of the component measured value are output to the
2-line by 16 characters per line LCD.

As only one oscillator can be selected at any time, there is no
conflict of frequencies passing through NAND3. The output
from NAND3 pin 10 is fed via resistor R1 to PIC pin RB6. This
pin is used as the input to the PIC’s TMR1 16-bit
counter/timer.
FREQUENCY MEASUREMENT
For high frequency monitoring, the PIC is set for nonsynchronous input to TMR1 and input rates in excess of 5MHz
can be registered correctly; because of this fact this circuit is
suitable to be used as frequency counter up to about 5MHz.
For external frequency counting the signal is input directly to
PIC pin RB6 via terminals A1 and A2, with resistor R5
providing a buffer between the signal and the output of
NAND3, and protection for NAND3 .

Resistor R8 sets the LCD.’s screen contrast. The system is
operated at 3·2768MHz, as set by crystal oscillator Cr1 in
conjunction with capacitors C8 and C9.
Regulator Q1 reduces the input supply voltage to +5V, to suit
the PIC and the LCD. Capacitors C7 and C6 help to ensure
additional power line regulation.
Diode D1 and resistor R1 prevent the programming and unit
supply voltages from interacting. (They must be retained even
if on-board programming is not required.)
BOARD IMPLEMENTING
For this project, the strip board is used to implement this
design, which gives the option of editing the prototype.
A 9cm by15cm strip board is used as shown in figure (5) and
for the tracks we used the soldering wire as shown in figure
(6), for mass product it is much better to use printed circuit
boards (PCB) [4].

Terminals A1 and A2 will serve as external terminals to
measure any frequencies up to 5MHz.
MOOD SELECTION
The function of the switches used in this design is to select
the component to be measured, either inductor or capacitor, it
is connect via crocodile clipped leads (B1 and B2) to the poles
of S3 and S4, (in the implemented circuit S2, S3, and S4 are
just one switch with multi poles).
The switch is set so that the component is connected to its
appropriate oscillator circuit.
There is no danger on component or circuit damage if the
wrong switch setting is selected. It will be obvious from the
measured results at the LCD if the wrong path has been
chosen!
The second function of this switch is to inform the PIC which
type of component it is to measure. This is controlled by S2.
Figure 5: Design implementation top view

Table 1: Frequency measuring values
Test Number
#1
#2
#3
#4
#5
#6
#7

Frequency Applied
5 Hz
53 Hz
316 Hz
1 KHz
210 KHz
3.6 MHz
4.6 MHz

The Result
5 Hz
53.1 Hz
316.3 Hz
1.02 KHz
213 KHz
3.65MHz
4.9MHz

For capacitance measurement, a 0.22uF capacitor is applied
and the result was as shown:

Figure 6: Design implementation top view

Figure 9: The result on the LCD for capacitance measuring
Table 2: Capacitance measurements values

RESULTS AND CONCLUSIONS
For frequency measurement, a signal of 316Hz frequency is
applied on the device and the results was as shown:

Figure 7: Frequency from the function generator

Test Number
#1
#2
#3
#4
#5
#6
#7
#8
#9
#10
#11

Capacitance Value
1 ρF
5 ρF
470 ρF
2200 ρF
0.047 µF
0.22 µF
2.2 µF
47 µF
470 µF
1000 µF
2200 µF

The Result
1.42 ρF
6.14 ρF
475.2 ρF
2210.8 ρF
0.0472 µF
0.234 µF
2.22 µF
47.1 µF
472.6 µF
1011 µF
2230 µF

For Inductance measurements, a 12uH inductor is applied
and the result was as shown:

Figure 8: the result on the LCD for frequency measuring
Figure 10: the result on the LCD for inductace measuring
Below is a table for measuring deferent frequencies. As
seen from the table the detected frequency is a little more than
the exact applied frequencies for high frequencies.

Table 3: Inductance measuring values
Test Number
#1
#2
#3
#4
#5
#6

Inductance Value
5.1 µH
12 µH
33 µH
75 µH
100 µH
1000 µH

The Result
4.94 µH
11.97 µH
32.14 µH
74.82 µH
99.84 µH
994.73 µH

THE COST
By calculating the cost of this device, the cost was less than
10$ as shown in the table below:
Component
Price
PIC 16F628 X 1
2.5 $
LCD X 1
3.2 $
CMOS quad NAND gate X 1 0.2 $
Voltage regulator X 1
0.2 $
Diode X 1
0.1 $
Capacitors X 10
1$
Resistors X 6
0.6 $
Potentiometer X 2
0.25 $
3·2768MHz crystal X 1
0.1 $
Switches X 3
0.25 $
Implementing
2.2 $
Total
9.6 $

From the previous results we conclude that the proposed
circuit is cheaper than any other measurement equipment
available in market with a good accuracy and very compact
profile .
FUTUTRE WORK
In future we are looking forward to extend the design to be
able to measure resistance, voltage, current and quality factor.
The cost of the new product may increase a little, but it still
much cheaper and more compact than buying many
measurement equipment.
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Abstract— Biodiesel is a renewable fuel source that consist of
alkyl esters obtained from vegetable oil and animal fats. Biodiesel
is typically produced via transesterification, which is the reaction
of vegetable oils with a short-chain alcohol to produce alkyl
esters and glycerol by using an appropriate catalyst.
Reactive distillation is integrated operations that conveniently
combine reaction and separation into a single unit. It is an
effective alternative to the traditional combination of reactor and
separation units especially when involving in reversible reactions,
such as vegetable oil transesterification, or consecutive chemical
reactions. Biodiesel production process by reactive distillation is
a high degree nonlinear structure and multi-input and multioutput system. Because of this state, reactive distillation systems
should be controlled. In this study, reboiler heat duty used as a
manipulated variable to control the temperature of the bottom
product. Best control results was obtained.
Keywords— Reactive distillation, biodiesel, simulation, MPC

I. INTRODUCTION
Reactive distillation (RD) is a chemical unit operation in
which chemical reactions and separations occur
simultaneously in one unit. It is an effective alternative to the
traditional combination of reactor and separation units
especially when involving in reversible reactions, such as
vegetable oil transesterification, or consecutive chemical
reactions. The significant advantages of the RD over the
conventional sequential process are the high chemical
conversion rate and low capital and operational cost. The
performance of a reactive distillation column is influenced by
several parameters, e.g. operating temperatures, size of
reactive and separation zones, reflux ratio, feed rate and
location, etc, which were thoroughly investigated. In addition
to the advantages mentioned before, basically, the
combination of reaction and distillation in the same equipment
unit gives rise to suppression of side reaction(s) and utilization
of heat evolved from an exothermic reaction for mass transfer
operation. These synergistic effects of the process result in
low energy cost and high product yields [1-2]. However, as a
result of combining reaction and separation in a single piece
of equipment in this process, its control has been a challenge
to process engineers because it must be handled using a robust
control method that will be able to take care of the
complexities involved in it. This is the reason why the
application of model predictive control (MPC) to it is being

investigated further. Model predictive control is an advanced
control technique that is used for difficult control problems
[3,4], and it has its primary advantage to be the explicit
handling of constraints [3,5]. MPC is an appropriately
descriptive name for computer control schemes that utilize a
process model for two explicit prediction of future behaviour
and computation of appropriate corrective control action
required to drive the predicted output as close as possible to
the desired target value in an optimal manner. As an advanced
control method, MPC has enjoyed such remarkable industrial
success and popularity that, currently, it is the most widely
utilized of all advanced control methodologies in industrial
applications [3, 6-8].
Biodiesel, as an alternative fuel, has many merits. It is derived
from a renewable, domestic resource, thereby relieving
reliance on petroleum fuel imports. It is biodegradable and
non-toxic. Compared to petroleum-based diesel, biodiesel has
a more favourable combustion emission profile, such as low
emissions of carbon monoxide, particulate matter and
unburned hydrocarbons. Carbon dioxide produced by
combustion of biodiesel can be recycled by photosynthesis,
thereby minimizing, the impact of biodiesel combustion on
the greenhouse effect [9-10]. Base catalysts include
homogeneous base catalysts and heterogeneous base catalysts.
The commonly used homogeneous catalysts are NaOH, KOH
and their alkoxides. Homogeneous alkali-catalyzed
transesterification is much faster than acid-catalyzed
transesterification [11]. However, a large amount of water is
required to transfer the catalysts from the organic phase to a
water phase after the reaction. Therefore, it is considerably
more costly to separate the catalyst from the produced
solution [11,12]. Heterogeneous base catalysts have many
advantages: they are noncorrosive, environmentally benign
and present fewer disposal problems. Meanwhile, they are
much more easily separated from the liquid products and can
be designed to give higher activity, selectivity and longer
catalyst lifetimes [13]. Many researchers have studied calcium
oxide (CaO) as a strong candidate for the heterogeneous
catalyst, due to the commercial availability, the economical
advantage and the relatively higher activity [14–15].
Heterogeneous catalytic transesterification reactions required
higher methanol-to-oil molar ratio to forward the reaction
toward product side which leads to increase the production
cost of biodiesel. In order to reduce the methanol-to-oil ratio,

an ideal system for continuous production of biodiesel is the
application of reactive distillation technique. In the reactive
distillation system, the excess/ unreacted methanol was
completely vaporized by the reboiler and the vapors were
recirculated in the RD column and utilized in the reactive
zone. Hence, the methanol-to-oil ratio is reduced significantly
[16]. Transesterification of palm oil with methanol in the
presence of potassium hydroxide as homogeneous catalyst in
reactive distillation column was studied by Prasertsit,
Mueanmas, and Tongurai (2013). A maximum methyl ester
conversion of 92.27% was reported under the optimal
conditions of reboiler temperature at 90°C, methanol- to-oil
ratio at 4.5:1 and KOH at 1 wt%. Agarwal et al. [17] studied
continuous transesterification of karanja oil in the reactive
distillation (RD) system and helical tube system using KOH
as homogeneous catalyst. Therefore, a heterogeneous catalyst
operated RD system is needed to check the feasibility of
continuous production of biodiesel.
Niju et al.[18] investigated continuous flow transesterification
of waste frying oil (WFO) with methanol for the biodiesel
production in a laboratory scale jacketed reactive distillation
unit packed with clam shell based CaO as solid catalyst. The
effects of operating parameters on methyl ester conversion
were investigated and discussed.

aid of MATLAB/Simulink computer program and electronic
input-output (I/O) modules that were connected to the
equipment and the computer system. This block diagram was
shown in Fig. 2.
(a)

Fig. 1 Reactive packed distillation column:
(a)) Pictorial view; (b) Sketch view

In this work, the RD system packed with CaO was studied
for the biodiesel production to develop a continuous
heterogeneous catalyzed process. The effects of operating
parameters on methyl ester conversion were investigated and
to carry out the control of the process for set-point tracking by
applying model predictive control.
II. MATERIAL AND METHOD
Sunflower oil and methanol were used as a feedstock for the
biodiesel production. Heterogenous basic CaO catalyst was
used for the biodiesel production. Sunflower oil was supplied
from an oil production plant. Methanol and CaO were
purchased from Sigma–Aldrich. The process involved in this
work was a transesterification reaction occurring
simultaneously with distillation operation that were carried
out in the reactive packed distillation column set up as shown
pictorially in Fig. 1a and schematically in Fig. 1b. The
column, excluding the condenser and the reboiler, had a
height of 1.5 m and a diameter of 0.05 m. It consisted of a
cylindrical condenser with a diameter and a height of 5 and
22.5 cm respectively. The main column section of the plant
was divided into two subsections. The upper and lower
sections were the reaction and the stripping sections
respectively. The stripping section was packed with raschig
rings while the reaction section was filled with small lumps
~3-20 mm of CaO solid. The reboiler was spherical in shape
with a volume of 3 Liter. The column was fed with sunflower
oil and Methanol at the top. All the signal inputs (reflux ratio
(R), feed ratio (F) and reboiler duty (Q) to the column and the
measured outputs (top segment temperature, reaction segment
temperature and bottom segment temperature (TB)) from the
column were sent and recorded respectively on-line with the

Fig. 2 Block diagram in which experimental data
are received and recorded

1) Transesterification Reaction
Transesterification of vegetable oils with alcohol is the best
method for biodiesel production. There are two
transesterification methods, which are: (a) with catalyst and
(b) without catalyst. The utilization of different types of
catalysts improves the rate and yield of biodiesel. The
transesterification reaction is reversible and excess alcohol
shifts the equilibrium to the product side [19-20]. Fig. 3
shows the general equation of transesterification reaction.

Fig. 3 General transesterification reaction equation.

Many different alcohols can be used in this reaction,
including, methanol, ethanol, propanol, and butanol. The
methanol application is more feasible because of its low-cost
and physical as well as chemical advantages, such as being
polar and having the shortest alcohol chain [19]. According to
Fig. 4, R1, R2, and R3 are long chains of hydrocarbons and
carbon atoms called fatty acid chains. The reaction is based on
one mole of triglyceride reacting with three moles of methanol
to produce three moles methyl ester (biodiesel) and one mole
glycerol.
Generally the transesterification reaction involves some
critical parameters which significantly influence the final
conversion and yield. The most important variables are:
reaction temperature, free fatty acid content in the oil, water
content in the oil, type of catalyst, amount of catalyst, reaction
time, molar ratio of alcohol to oil, type or chemical stream of
alcohol, use of co-solvent and mixing intensity.
The esterification reaction occurring in the column was an
equilibrium type given as:

Simulink model was developed by picking and connecting
appropriate blocks from the Simulink library of MATLAB
[21].

Fig. 5 Simulink model of reactive distillation system for set-point tracking
control

III. RESULTS AND DISCUSSION
1) Effect of reboiler heat duty on the biodiesel yield

Fig. 4. Methanolysis of triglyceride.

2) MethodologyTransfer Function Modelling of the Process
The process model used in this work was formulated by
adding the transfer function relation between the output
variable (reboiler heat duty) and the disturbance variable
developed using the data generated from the Fig. 1. The
process model formulation was done with the aid of the
System Identification Toolbox contained in MATLAB [21].
The type of the transfer function model of the disturbance
relation was also chosen to be the same as that of the main
process transfer function, that is, first-order-plus-dead-time,
and this made the model of the process to be as shown in
Equation (1).
( )=

( )+

( )

(1)

3) Development of Closed-Loop Simulink Models of the
Process
The model predictive control of the reactive distillation
process for the development of biodiesel (a renewable energy)
was achieved by using the transfer function of the process
obtained and given in Equation (1) to develop its Simulink
models shown in Fig. 5 for servo (set-point tracking). The

The reboiler of the system was heated using electirical
heating element. Reaction conversion and separation occurred
in the column. Apart from the biodiesel that was present in the
reboiler, it was also discovered that there were some oil and
methanol still present there too. The reason for the presence of
these two components (oil and methanol) in the reboiler was
due to the fact that oil, after being fed into the column at the
oil feed section, was moving down the column towards the
reboiler while methanol, being more volatile, was finding its
way upwards and the two reactants were meeting at the
reaction section where the reaction was taking place. The
unreacted portions of these two reactants were definitely
moving downwards to the reboiler and settling there before
they were boiled to move up again as a mixed vapour. It was
also discovered that the presence of oil and methanol in the
reboiler gave rise to the occurrence of reaction there too. That
is to say that the reboiler also served, to some extent, as a
reactor in a reactive distillation process. Reboiler heat duty
was important role in obtaining the product. The effect on the
column temperatures was examined by applying a positive
step to the reboiler heat duty to keep the other conditions the
same. Step was changed from
490 W to 670 W. The
experimental data obtained were given in Figs. 6-8. As seen in
the Figures, the positive effects on methanol flow rate were
increased in the temperatures of the reactive distillation
column
2) Effect of molar ratio of methanol to oil on biodiesel yield

Steady-state and dynamic studies were carried out in the
system. The effect alcohol-oil ratio on the system was
investigated. The reactant flow rate is one of the most

x

temperature and the reaction zone temperatures were
measured in the system. In order to bring the system into a
dynamic state, firstly the flow rate of Methanol was increased
from 4 ml/min to 5 ml/min for 600 second at a 8:1 molar ratio
of methanol to oil. Later, the flow rate of Methanol was
increased from 5 ml / min to 6 ml / min for 600 second and
than increased from 6 ml / min to 7 ml/min for 760 second at a
10:1 molar ratio of methanol to oil. The experimental data
obtained were given in Figs. 9-11. As seen in the Figures, the
positive effects on methanol flow rate were increased in the
temperatures of the reactive distillation column .
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Fig 6 Effect of the reboiler heat duty on the reboiler temperature.
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Fig 9 Effect of the flow rate of methanol on the reboiler temperature.

Fig 7 Effect of the reboiler duty on the stripping section temperature.
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Fig 8 Effect of the reboiler duty on the reaction section temperature.

important parameters in continuous flow RD system. At very
low feed flow rates, liquid film formed on the catalyst surface
enhanced the mass transfer resistance and lowered the methyl
ester conversion. However, an increase in the feed flowrate
reduces the mass transfer limitation and results in higher
methyl ester conversion. Experimental studies was carried out
in a reactive distillation column given in Fig. 1. In order to see
the effects of the feed flow rate ratio on the system, dynamic
experimental studies were carried out by keeping the oil flow
rate constant and positively affecting the methanol flow rate.
In the steady state condition, the reboiler heat duty, Q value is
490 W, feed flow rates of methanol and oil were 4 ml/min at
a 6:1 molar ratio of methanol to oil and reflux ratio was
selected as 3. The reboiler temperature, the stripping zone

A

Fig 10 Effect of the flow rate of methanol on the stripping zone temperature

The biodiesel yield could be improved by introducing excess
amounts of methanol to shift the equilibrium to the right-hand
side. The experimental results, illustrated in Fig. 12, indicate
the feed flow ratio of methanol to oil has a significant impact
on the biodiesel yield. The biodiesel yields grew as the molar
ratio increased, and the yield was 78.96 % at a 6:1 molar ratio
of methanol to oil when analytical reagent methanol was used.
In comparison, the biodiesel yield increased from 74% to 93%
when the molar ratio was increased from 4:1 to 10:1.
However, the yields were slightly reduced when the ratio of
methanol to oil was higher than 12:1, and the biodiesel yield
was only 88% at 14:1. The reason is that the catalyst content
decreased with increase of methanol content. Therefore, the
optimum molar ratio of methanol to oil was 10:1.

x

adjustable variable was selected. In experimental studies, the
system was controlled by computer. MPC control block
diagram in Matlab Simulink was given in Fig.5. In addition,
the block diagram in which the experimental data was taken
and recorded on-line is also shown in Fig.2. the closed-loop
control system of the reactive distillation column was
controlled for set-point tracking by applying step changes to
the value of the bottom section of the column, which was the
controlled variable of the system, and the results obtained
were as given in Fig. 13.
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Fig 11 Effect of the flow rate of methanol on the reaction zone temperature
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The resulting model obtained for the process after the
incorporation of the disturbance transfer function model term
was as given in equation (2)
.

.

(

.

)

( )+

.

.

(

.

)

360

340

320

( )

(2)

From Equation (2), it was observed that all the parameters
(static gain, time constant and dead time) of the disturbance
transfer model were, in magnitude, less than those of the main
process transfer function model of the process. The lower time
constant of the disturbance model was found to be an
indication of the fact that the disturbance would respond faster
than the main process if the same unit step change is applied
to the two of them.
In order to demonstrate the application of model predictive
control to product biodiesel, the values of the optimum tuning
parameters were set to control horizon as 8, prediction horizon
as 12, Weight on manipulated variable rate as 0.05 and
Weight on output variable as 2.25. Concentration control is
not practically possible, This is because measurements can be
done off-line and this is not good in terms of control
performance as it causes considerable delays in the system.
Therefore temperature control was performed. In this study,
the reboiler temperature of the system was controlled because
to biodiesel was taken from the bottom product. To control the
reboiler temperature, the Q heat given to the boiler as an
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3) Model Predictive Control Results
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Fig 13 shows the MPC results for set point of the reboiler temperature
changes from 74.72oC to 70oC

As can be seen from the Fig. 13 showing the controlled and
the manipulated variables, the reboiler temperature was able
to get settled at the desired reference value within a
experimental time of 2000 s.
IV. CONCLUSIONS
In the present study, I developed Reactive Distillation system
for the continuous production of biodiesel. By using packed
heterogenous basic CaO catalyst was successfully tested as a
solid catalyst for transesterification of sunflower oil into
biodiesel in the continuous process. A maximum methyl ester
conversion of 93% was obtained at a reactant flow rate of 0.4
mL/min, methanol/oil ratio of 10:1 and the reboiler heat duty,
490 W. These results suggest that the RD system packed with
CaO is a promising method for the continuous biodiesel
production. The simulation of the closed-loop system of
reactive distillation process for biodiesel production using

model predictive control tuned with the optimum parameters
(control horizon of 8, prediction horizon of 12, weight on
manipulated variable rate of 0.05 and weight on output
variable of 2.25) obtained. It was showed that the system was
well handled by the controller used under set-point tracking
because it was able to get settled at the desired temperature
within 2000 s.
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Abstract— This document presents electrical engineering
process of Hydroelectric Power Plant (HEPP) and examination
and discussion about how to shorten it. Process and subsystems
are examined as a whole.
Main subsystem components; AC&DC Equipment, Energy
Distribution/Transmission Lines, Relay Coordination, Shortcircuit Analyses, Automation Systems-Supervisory Control and
Data Acquisition (SCADA) and Governor, Automatic Voltage
Regulator (AVR) are introduced with their purpose of usage and
period of design, manufacturing, assembly and delivery.
After the critics about the effects of subsystems on process, a
simulation is made of a model of Hydroelectric Power Plant. The
parameters of this simulation are taken from the catalog of a real
Hydroelectric Power Plant in business.
To understand and shorten the process, the subsystems of a real
HEPP in business are analyzed and the process is optimized with
the balance of theory and practice.
Keywords— Hydroelectric Power Plant, HEPP, Process, Power
Generation, Electric, Distribution, Transmission

I. INTRODUCTION
Water is the source of life and it never leaves the Earth. It is
constantly being cycled through the atmosphere, ocean, and
land. This process, known as the water cycle, is driven by
energy from the sun. This cycle makes the sun the main element
of water cycle and hydroelectric power.
Water, which stored in a dam or stored in high altitudes has
huge amount of potential energy. Flowing water loses potential
energy and creates kinetic energy that can be captured and
turned into electricity. This is called hydroelectric power or
hydropower.
The most common type of Hydroelectric Power Plant (HEPP)
uses a dam on a river to store water in a reservoir. Water
released from the reservoir flows through a turbine, spinning it,
which in turn activates a generator to produce electricity.
However, hydroelectric power doesn't necessarily require a
large dam. Some HEPPs just use a small canal to channel the
river water through a turbine. There are many types of HEPPs,
which are classified with their construction methods, installed
power and net head. These types of classification directly
influence the design of turbine and generator [1].
In this paper, electrical engineering process of HEPPs are
examined and discussed how to shorten it.
Apart from the type of HEPP, all HEPPs have the main
assumptions of working in common.

These common assumptions are production, protection and
distribution.

A. Subsystem Components
To understand and shorten the process, the subsystem of
HEPP are analyzed. Subsystem components:
•
AC&DC Equipment,
•
Energy Distribution or Transmission Lines, Relay
Coordination and Short-circuit Analyses.
•
Automation Systems-Supervisory Control and Data
Acquisition (SCADA)
•
Governor, Automatic Voltage Regulator (AVR)
II. PROCESS AND SUBSYSTEM
A subsystem is a small system that is an element of another
larger system. It provides only some of the functions that the
larger system provides. It is wholly contained by the larger
system; subsystem cannot cross the boundary of its containing
system and cannot be used beside its creation purpose.
HEPPs consist of multiple subsystems, which work with the
coordination of civil engineering, mechanical engineering,
environmental engineering, topographical engineering,
geological engineering and electrical engineering.
TABLE I
TIME SCHDULE OF A SMALL HYDROELECTRIC POWER PLANT

Although, working with the coordination of multiple
authorities, Electrical engineering process is unique, because it
is directly interconnected to all, effects the whole process and
changes the design of HEPP. This is why, in this paper,
electrical engineering process of HEPPs are examined and
discussed.
As it is indicated on TABLE I The entire construction
process of small HEPPs take about 24 months to be ready to
produce electricity. Electrical engineering process takes, at
least, the 16 months of the whole process with its subsystems.

A. AC&DC Equipment
HEPPs are built to produce electricity but the equipment,
which are parts of subsystems; need to consume electricity to
work. There are a great number of equipment, which consume
or produce AC or DC signal.
Quantity, power and settlement of AC&DC Equipment are
directly effective on design of grounding plan, control room
plan, transformers position plan, high and low voltage cubicles
settlement plan, crane plan, cable arrangement, cable channel
plan, UPS and diesel generator plan. As a result, it changes
everything about the layout of powerhouse building [2,3].
In some projects, geographical structure does not let a
horizontal settlement of powerhouse. Under this condition, the
design of powerhouse has to change according to calculation or
voltage drop, power loss, cable channel depth, cable bending
diameter and geographical structure. If there is a guesthouse
integrated to powerhouse, because of the lack of field, all the
rooms with water pipelines, drainage and sewer system must be
separated from service rooms, which has electrical equipment
inside. Otherwise, any leakage comes from this systems might
damage AC&DC equipment. To prevent extra costs and save
time, raised floor can be used instead of cable channel. In that
way, cables can be organized faster and easier, by their signal,
phase, and voltage or current level [4].
Design and assembly period of AC&DC equipment changes
according to readiness of powerhouse. This period starts with
civil works and ends with ministry acceptance but with a good
design total costs can be lowered and commercial lifespan of
HEPP can be longer.
1) Overhead Bridge Crane: An overhead crane is a machine,
or piece of equipment, that allows you to lift and move heavy
materials from one location to another. There is no “one size
fits all” approach to defining an overhead crane, as each
overhead crane is carefully designed and engineered for a
specific purpose or application to suit a business’ material
handling needs. Overhead cranes can be designed and built in
all kinds of configurations, and different components can be
swapped out or engineered to improve its capacity and
performance [2,4].
Design and assembly period of overhead cranes for 50 tons
takes about 6 weeks but powerhouse must be ready for
assembly. After the commissioning of the crane all assembly of
subsystem component can be easier and faster.
2) Hydraulic Power Unit (HPU): The main driving
component of any hydraulic system is the hydraulic power unit.

Comprised of a motor, a hydraulic pump and a reservoir, these
units are capable of generating a huge amount of power to drive
almost any type of hydraulic ram [5,6].
There are several number of parts which are driven by HPU
in power house. All kinds of water gates, valves, Turbine Inlet
Valve (TIV), turbine nozzles, jet deflectors and adjustment
wings are significantly important structures in terms of helping
to produce torque. The common point of these structures is
working under high-pressure [3].
Design and assembly of HPU takes approximately 10 weeks.
The problem of design may cause assembly problems and the
miscalculation of opponents running with HPU and because of
design faults may cause functionless. With a good design and
determining the opponents, it is possible to fit the design and
assembly period to 6 weeks.
3) Butterfly (Turbine Inlet Valve-TIV) and By-Pass Valves:
A quarter turn takes the valve from fully open to fully closed
position, or opposite, and thus the butterfly valve allows for
quick opening and closure. Some of the advantages for this type
of valve are the simple construction not taking up too much
space, and the lightweight and lower cost compared to other
valve designs [7].
Bypass valve maintains constant system pressure. When the
system pressure is exceeded by a predetermined amount, the
valve opens and relieves the pressure, bypassing the fluid back
to the system and thereby protecting the system against ruptures
[5,8].
There is great deal of pressure difference at the both side of
TIV during the non-operation. Pressure of both side of must be
equalized to start the operation. The response time and working
aim of bypass makes it the most important part of the operation.
This is why bypass valve and TIV are used as a couple in
HEPPs.
4) Diesel Generator and Uninterruptible Power Supply (UPS):
Diesel generator sets are widely used for places without
connection to the power grid, needed persistence and for
emergency power supply.
UPS is also used for the same reasons but the response of
UPS way faster than Diesel generators. UPS starts immediately
until Diesel Generator starts the operation during a fault of
transmission or distribution line. This is why both Diesel
generator and UPS are needed in HEPPs at the same time.
Power calculation of Diesel Generator and battery
calculation of UPS has direct effect on design of cable
arrangement and powerhouse layout. The calculations are made
according to power consumption of all necessary equipment [4].
Diesel generator and UPS can be supplied considerably
easier compared to rest of subsystem components. Also they be
easily delivered in a short time by the manufacturer.
5) Transformers: Transformers either increases or decreases.
Both voltage increasing (step up), decreasing (service
transformer) transformers are used in HEPP [2,4]. Step up
transformers increase the output voltage of synchronous
generator to grid voltage for distributing or transmitting.
Service transformers decrease the grid voltage for electric

consuming equipment. This two-way correlation and voltage
level of transformers cause a complex network of cables. When
oil draining system, oil pits and transformer rails included to
this complex network, design and layout of power house
changes accordingly.
Transformers are very special tools for HEPP. Design
manufacturing and assembly period of transformers takes
almost 6 months. Yet, readiness of powerhouse is crucial for
the transportation from factory to powerhouse site.
6) Synchronous Generator: Synchronous generators are most
often used to produce commercial-frequency current. Steam or
water turbines drive the rotors of such machines. The rotor
windings of a synchronous generator are supplied with direct
current from rectifying equipment or from a separate generator
(excitation system), which is usually mounted on the same shaft
as the synchronous generator [9,10].
The dimensions, weight, shaft type (horizontal or vertical)
and voltage output of generator and turbine are effective on
costs, design, calculation and settlement of crane, cable
channels, protection units and height of powerhouse.
For example:
 If output voltage of generator is 6,3 kV
5.8/10 kV, L=40 m, N2xSY, 3x(1x70/16)
is selected after
calculations.
Total cost of the cable is 7.200 TL (prysmian price list) and
delivery time is 4 weeks.
 If output voltage of generator is 0,69 kV
0.6 /1 kV, L=40 m, NYY 3x(1x400)
is selected after
calculations.
Total cost of the cable is 78.400 TL (prysmian price list)
and delivery time is 8 weeks.

B. Energy Distribution or Transmission Lines, Relay

Coordination
In any power system network, protection should be designed
such that protective relays isolate the faulted portion of the
network at the earliest, to prevent equipment damage, injury to
operators and to ensure minimum system disruption enabling
continuity of service to healthy portion of the network.
Relay coordination calculation must be considered by the
operating characteristics of the relays, normal operating and
thermal or mechanical withstand characteristics of the
equipment and must determine the optimum relay settings to
achieve the objectives stated to protect the equipment and to
ensure continuity of power supply to healthy part of network
[11].
To prevent from all kinds of faults, all possible fault types
and places may fault be occurred must be foreseen and Power
Flow Analyses must be run for the entire system.
Design, coordination, manufacturing and assembly period of
Distribution/Transmission Lines and Relay completely
dependent to environmental conditions and number of poles but
it has to be ready way before powerhouse.

C. Automation Systems- Supervisory Control and Data

Acquisition (SCADA)
Supervisory Control and Data Acquisition (SCADA) is a
system of software and hardware elements that allows
industrial organizations to control industrial processes locally
or at remote locations; Monitor, gather, and process real-time
data; Directly interact with devices such as sensors, valves,
pumps, motors, and more through human-machine interface
(HMI) software; Record events into a log file.
The SCADA software processes, distributes, and displays
the data, helping operators and other employees analyze the
data and make important decisions. SCADA system must
gather information from all of the equipment. This is why DC
signal is needed every units and subsystems of HEPP [2].
A good and user-friendly design of SCADA software takes
almost 3 weeks but gathering and digitalizing the data about
working condition of all equipment is a long period of working
takes almost 6 moths.

D. Governor, Automatic Voltage Regulator (AVR)
All speed governors, whether mechanical-hydraulic,
electrohydraulic, or digital electro-hydraulic, have similar
steady-state speed-output characteristics, so their application
for system control (for slow changes) is the same.
Speed governors vary prime mover output (torque)
automatically for changes in system speed (frequency). The
speed-sensing device is usually a flyball assembly for
mechanical-hydraulic governors and a frequency transducer for
electro-hydraulic governors. The rate and magnitude of the
governor response to a speed change can be tuned for the
characteristics of the generator that the governor controls and
the power system to which it is connected [11]. Figure 1
represents the working principal block diagram of Governor.

Fig. 1 The block diagram of the Governor

AVR controls output by sensing the voltage Vout at a powergenerating coil and comparing it to a stable reference. The error
signal is then used to adjust an average value of the field current.
When an alternator is loaded, its terminal voltage drops due
to its internal impedance. This impedance is formed of leakage
reactance, armature reactance and armature resistance. The
Vout also depends on the power factor of the load [11]. Basic
design and working principal is shown in Figure 2.

Fig. 2 The block diagram of the AVR

Fig. 4 Simulation Parts

With the help of subsystems opponents, Governor and AVR
a simulation is made of a model of HEPP. The parameters of
this simulation, which are listed under TABLE II, are taken
from the catalog of a real HEPP in business.

After running simulation with real HEPP parameters, wellformed sinus is obtained. Three phase current output shown in
Figure 5.

TABLE II
GENERATOR TECHNICAL DATA
Rated power:
Rated current:
Voltage:
Connection:
Static voltage regulat.
Voltage setting range:
Power factor:
Frequency:
Rated speed:
Overspeed 10 min.:
Form of construction:
Ambient temperature:
Phase sequence:
Moment of inertia:
Sound pressure:
Weight:

1900
1590
690 / 398
Y
±1
± 10
0,9
50
1000
1850
B3
40
U-V-W
~ 153,31
~ 95
~ 8870

kVA
A
V
%
%
Hz
rpm
rpm
C
kgm²
dB(A)
kg

Flow chart in Figure 3 represents the HEPP block diagram,
which helps the design model of the SIMULINK simulation,

Fig. 3 Simulation Main Screen

Figure 4 shows a close look for Simulink simulation parts.
Simulation parts consist of synchronous generator full order
model, AVR, governor and Park & Clarke transformations.

Fig. 5 Three Phase Current of Output iabc-t (second)

III. CONCLUSIONS
In summary, HEPPs, which are an investment type of public
interest, has a construction process of 24 months until to be
ready to produce electricity. Electrical engineering process
takes, at least, the 16 months of the whole process with its
subsystems.
Therefore, to know and combine civil works with electrical
engineering process may shorten the process. As it is indicated
in our research it is possible to save a few weeks from each of
the subsystems.
As a result, 24 months of entire process can be lowered to 18
months and electrical engineering process may fit in 14 months
with the help of a planning period of design, manufacturing,
assembly and delivery. This shortened process also reduce the
total costs of HEPP investment caused by site mobilization.
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Abstract— LC ladder structures are used in many applications
such as filters and power transfer networks. But at microwave
frequencies, it is not desired for the designed circuit to have
inductors since they are heavy and bulky. Also they are available
only for a limited range of values and are difficult to implement.
As a result, if the series inductors are removed, then the
remaining network will be formed with only shunt capacitors,
which can be simplified as a single capacitor. But if transmission
lines separate the shunt capacitors, a practically important
mixed element structure is obtained. In this work, a procedure is
proposed to calculate the shunt capacitor values of the mixed
element structure. The utilization of the new approach is
illustrated via the given example.
Keywords— Degenerate networks, lossless networks, passive
networks, synthesis.

I. INTRODUCTION
Filter synthesis, which is a well-known procedure presented
in many textbooks on network synthesis [1-3], can be defined
as the design of a two-port network between a resistive source
and a resistive load according to the given prescribed
insertion-loss. The method consists of determining drivingpoint impedance Z ( p) by using the given insertion-loss
function. Then a lossless two-port network terminated by a
resistance can be found by synthesizing Z ( p) , which satisfies
the given insertion-loss.
If a broadband matching network is to be designed, then
driving-point impedance Z ( p) can be obtained by means of
one of the existing methods such as line segment technique or
simplified real frequency technique [4].
The resulting driving-point impedance Z ( p) can be
synthesized via continued-fraction expansion, thus yielding a
network in LC ladder form seen in Fig. 1 [1,2]. The first
and/or last component can be a capacitor or an inductor.

Fig. 1. LC ladder network.

But usually it is not desired for the designed circuit to have
inductors since they are heavy and bulky. Also they are
available only for a limited range of values and are difficult to
implement at microwave frequencies.
Now let us consider a low-pass lumped element LC ladder
network, a filter or a matching network. If the series inductors
are removed, then the remaining network will be formed with
only shunt capacitors, which can be simplified as a single
capacitor. As a result there will be no filter or matching
network.
But if transmission lines separate the shunt capacitors, a
practically important mixed element structure is obtained, Fig.
2. If the lengths of all the transmission lines are the same,
these lines are called commensurate lines or unit elements
(UE). It is very practical to fabricate this structure. If the
transmission lines are quarter wavelength long, they are
referred to as admittance inverters [3]. These structures are
useful especially for narrowband (<10%) bandpass and
bandstop filters.
In the proposed approach, as opposed to the structures
existing in the literature, it is not necessary to have quarter
wavelength transmission lines. So it would be possible to
design broadband circuits. Also the transmission lines
separating the parallel capacitors will not be redundant
elements, they will be used as circuit elements effective for
the desired response. Additionally if it is preferred not to have
shunt capacitors, they can be replaced with open-ended stubs
via Richard’s transformation [3]. So the resulting circuit is
extremely suitable for microstrip fabrication.
After designing such a circuit, it is necessary to calculate
shunt capacitor values by using the expression describing the
mixed element structure. In this paper, a synthesis method is
proposed to calculate shunt capacitor values. In the next
section, after summarizing the fundamental properties of the
interested structure, the proposed synthesis approach is
explained.
II. RATIONALE OF THE PROPOSED APPROACH
Let us consider the network seen in Fig. 2. The first and/or
last component can be a capacitor or a transmission line.
This structure can be described by means of two-variable
transfer scattering matrix, which may be expressed in terms of
three polynomials g , h, f as follows [4-6]

From the detailed analysis of this mixed element network,
it is seen that the polynomials g ( ) and h( ) formed with
the first row coefficients of  g and  h matrices describe the
transmission line section of the mixed element network. On
the other hand, the polynomials g ( p) and h( p) formed with
Fig. 2. Two-port network formed with shunt capacitors separated by
transmission lines.

T ( p,  ) T12 ( p,  ) 
T ( p,  )   11

T21( p,  ) T22 ( p,  )
1   g (  p ,  ) h ( p ,  ) 



f ( p ,  )   h (  p ,  ) g ( p ,  ) 

(1)

where  is a constant such that   f ( p, ) / f ( p,  )  1 .
In the definition, complex frequency variable p    j and
complex Richards variable     j are used to represent
lumped and distributed element sections, respectively.
The polynomial g ( p,  ) is a scattering Hurwitz real
coefficient polynomial and its degree is (n p  n ) th , which
can be defined as g ( p,  )  P T  g λ  λ T Tg P
where
 g 00 g 01  g 0 n 
g
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10
,
.
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In a similar manner, the polynomial h( p,  ) is also a real









coefficient polynomial and its degree is (n p  n ) th , which
can be defined as h p,    P T  h λ  λ T Th P
where
 h00 h01  h0 n 
h
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.
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h
  hn p n 
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The polynomial f ( p,  ) is a real polynomial and can be
formed by using all the transmission zeros of the mixed
element two-port network. The general form of the
polynomial f ( p,  ) is given by
(4)
f ( p,  )  f ( p) f ( ) .
Since the mixed element network is a lossless two-port,
then the losslessness condition yields that
(5)
S ( p,  )S T (  p, )  I
where I is the identity matrix. Equation (5) can be expressed
in an open form as
(6)
g( p,  ) g( p, )  h( p,  )h( p, )  f ( p,  ) f ( p, ) .

the last column coefficients of  g and  h matrices represent
the lumped element section. So to calculate shunt capacitor
values the polynomials g ( p) and h( p) formed with the last
column coefficients of  g and  h will be utilized.
In the next section, the proposed synthesis algorithm is
explained.
III. PROPOSED SYNTHESIS APPROACH
The transfer scattering matrix of the interested mixed
element two-port network can be defined as [7-9].
(7)
T ( p,  )  T1 ( p)TRN ( p,  )
where T1 ( p) and TRN ( p,  ) are the transfer scattering
matrices of the extracted shunt capacitor and the remaining
network, respectively.
For a shunt capacitor, T1 ( p) can be formed by using the
following polynomials
CV
CV
(8)
h1 ( p )  
p , g1 ( p ) 
p  1 , f1 ( p )  1 .
2
2
where CV is the extracted capacitor value.
Then TRN ( p,  ) of the remaining network can be
calculated as
(9)
TRN ( p,  )  T11 ( p)T ( p,  ) .
If the lumped section is composed of series inductors and
shunt capacitors, which is a low-pass network, then the first
columns of  g and  h matrices are used to calculate the
shunt capacitor values via the following equation [7]
g n p 0  hn p 0
CV 
g ( n p 1)0  h( n p 1)0

(10)

where   hn p 0 / g n p 0  1 .
In our present problem, we have again a low-pass lumped
element section, but it is composed of only shunt capacitors.
Since the lumped section is a degenerate network, the
component values cannot be calculated by using the first
column coefficients. After a detailed analysis of the interested
structure, it is seen that the last column coefficients of  g
and  h matrices can be used to calculate the capacitor values
via (10).
Then until reaching the termination resistance, the same
procedure is applied.
IV. EXAMPLE
Suppose that the following  g and  h matrices and the
polynomial f ( p,  )  f ( p) f ( ) are given, which are
artificially produced just to illustrate the application of the

proposed synthesis approach. Let us calculate the capacitor
values.
 1 110 / 21 29 / 21
 g  11 / 2
55
63 / 2  ,
63
189 
 0
100 / 21 20 / 21
 0
 h   11 / 2
 41
21 / 2 
 0
 63
 189 
2

f ( p,  )  f ( p) f ( )  1  (1   ) .
It can be concluded from the given matrices that there are
two transmission lines and two capacitors in the network.
For transmission line section, if the synthesis approach
proposed in [10, 11] is utilized, the following normalized
characteristic impedance values are obtained, Z1  7 ,

Z 2  3 , Fig. 3.
If the first column coefficients are used, then the calculated
shunt capacitor value is
g  h10 11/ 2  (1)  (11/ 2)
CV  10

 11
g 00  h00
1  (1)  0
which corresponds to the equivalent shunt capacitor, where
  g10 / h10  1 . Then the following polynomials are
generated via (8)
g1 ( p)  11/ 2 p  1 , h1 ( p)  11 / 2 p , f1 ( p)  1 .
If the last column coefficients are used, then the first
capacitor value is computes as follows
g  h22 189  (1)  (189)
CV  22

9
g12  h12 63 / 2  (1)  21/ 2
where   g 22 / h22  1 .
For this capacitor, T1 ( p) can be formed by using the
following polynomials
9
9
h1 ( p)   p , g1 ( p)  p  1 , f1 ( p)  1 .
2
2
Then TRN ( p,  ) of the remaining network can be
calculated as
TRN ( p,  )  T11 ( p )T ( p,  )
1

 9 p / 2  1  9 p / 2 

T ( p,  )
9 p / 2  1
 9p/2
where T ( p,  ) is formed by using the polynomial f ( p,  )

and the polynomials obtained via the coefficients of given  g

At the beginning of the synthesis process, it is said that
there are two capacitors. After extracting the first capacitor,
there is only one remaining capacitor, which is not a
degenerate network. So to be able to calculate the last
capacitor value, the first column coefficients of  g and  h
matrices must be used as follows
g  h10 1  (1)  (1)
CV  10

2
g 00  h00
1  (1)  0
where   g10 / h10  1 .
Then the synthesized mixed element network can be drawn
as in Fig. 3.

Fig. 3. Synthesized mixed element network.

V. CONCLUSION
In this paper, a mixed element network composed of shunt
capacitors separated by transmission lines is considered. Since
the lumped element section of this structure is formed with
only shunt capacitors, this section is a kind of degenerate
network. So to be able to calculate the capacitor values, a new
approach is proposed.
Firstly the structure is described by using two-variable
transfer scattering matrix. Then by using the coefficients of
the two-variable descriptive polynomials, the element value of
the first extracted capacitor is calculated. After forming the
transfer scattering matrix of the extracted capacitor, transfer
scattering matrix of the remaining network is obtained. This
process is repeated until all capacitor values are computed.
In the interested structure, the transmission lines separating
the parallel capacitors are not redundant elements; they can be
used as circuit elements effective for the desired response.
Additionally if it is preferred not to have shunt capacitors,
they can be replaced with open-ended stubs via Richard’s
transformation. So the resulting circuit is extremely suitable
for microstrip fabrication.
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and  h matrices.
Then  g and  h matrices and the polynomial f ( p,  ) of
the remaining network are computed as
1 110 / 21 29 / 21
,
g  
10
21 
1
 0 100 / 21 20 / 21
,
h  
4
21 
 1
f ( p,  )  f ( p) f ( )  1  (1  2 ) .
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Abstract— Filter banks are recently applied in new generation
communications, especially in 5G. Optimization methods are
purposed for filter bank design in this paper. The energy in the
stopband areas of filters and Perfect reconstruction (PR)
condition of filter banks are formed optimization problem of
filter bank design. Critically sampled and over sampled uniform
and sampling rates forming a compatible and non-compatible set
non-uniform filter banks are implemented in purposed method.
The achievement of purposed method is shown with different
filter bank techniques and simulations are exposed power of
optimizations in filter bank designs.
Keywords— Filter bank structure, uniform and non-uniform
filter bank, perfect reconstruction conditions.

I. INTRODUCTION
This document represents a survey on filter bank
applications. Filter banks are found lots of application area in
communication technology [1], signal processing [2], image
processing [3] and etc. [4-8]. Signals are splitted into a
number of frequency subbands in filter banks so, filters obtain
some frequency specifications. In addition perfect
reconstruction (PR) is other main requirement in filter bank
which means there is no corrupted signal by the filter bank.
We can classify filter banks by two main parts: uniform filter
bank and non-uniform filter bank [9].
Many optimization methods have been realized for designing
filter banks. Constraint optimization is utilized prototype filter
design after that, other filters are get from cosine-modulated
adaptation of the prototype filter [10,11].
Frequency specifications of filters and the PR conditions are
used to formulate unconstraint optimization with a set of
linear equations [12, 13].
Non-uniform multirate filter banks are determined that when
the sampling rates meet some conditions such as the set of
compatible sampling rates, in this case filter bank achieves PR
situation.
The aliasing components, which is in a simple compatible set
for the PR can be coupled and so can be removed. But, while
the sampling rates have not a compatible set, aliasing cannot
be totally removed at finite cost and PR cannot be succeed
[14].
Non-uniform filter banks with compatible sampling sets can
be designed in two methods known as the prototype-based
designs and one where all filters are designed concurrently
[11,13,15,16].
Operators of sampling in the matrix form are represented with
downsample and upsample blocks to get a closed-form

relation among the input and output in the time-domain. So
we can obtain input-output formulation for achieve PR
condition [12]. In another method specifications of PR and
frequency specifications of filters are subjected to minimize
the objective function [16].
However PR cannot be achieved for filter banks design with
non-compatible sampling sets, so that NPR (Near perfect
reconstruction) can be achieved while the specifications of
analysis and synthesis filter are satisfied [17]. Linear dual rate
system is proposed by Chen to achieve PR for non-compatible
sampling sets [18]. Also LTI filters, conventional sampler and
block samplers are used in linear dual rate systems [19]. Both
filter banks methods are assumed to be maximally decimated.
This paper is organized as; first filter bank design and perfect
reconstruction is defined in Section II. Applications are given
in optimization results heading. Conclusion and references are
resulted the paper.
II. Filter Bank Design and Perfect Reconstruction
Figure 1 is shown filter bank structure diagram using FIR
filters and n integer sample rates. When distortion cancellation
conditions and aliasing cancellation conditions are satisfied as
Equation 1 and 2 respectively, PR implementation of filter
bank is succeed.
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In Equation 1 and 2, integer sampling rates are

n  n1 , n2 ,...nk , M is least common multiple (LCM) and akl

is described as Equation 3 for k=1,2,..K and l=1,2,…M-1. The
value of akl can be set to zero since we don’t have
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functions can determine PR conditions [9].
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C. Optimizations Results

Fig. 1 Filter bank structure

A. Filter Bank Design Algorithm
To design filter bank with PR conditional and stopband
energy of filters, objective function can be expressed as
Equation 4.
(4)
J  w1ePR  w2 eF
In Equation 4, since w1 and w2 are arbitrary weights, J is
minimized as optimization problem with considering analysis
and synthesis filter coefficients.
Purposed design algorithm offers us first initialized analysis
filters second, J performance index is calculated, end of the
algorithm if performance index J is less than beginning error,
terminate algorithm, and else update coefficients of analysis
filter.
Four type of filter banks are offered in this paper. Uniform
filter bank with K=2, 4 and sampling rates n1=n2=2, 3 is
categorized critically sampled and oversampled respectively.
Also non-uniform filter bank is categorized with K=3,
compatible sampling set and K=5 non-compatible sampling
set.
In uniform filter banks akl is one as seen Equation 3 for all k
and l, we adjust length of filters to N=79. This paper offers
stopband and passband cut of frequencies are 0.4  and 0.6 
for first and second analysis filters respectively.
Many applications take care of frequency specifications of
analysis filters are significant for researchers and synthesis
filters should be regulated for satisfying PR conditions.
Oversampled Uniform FB Specifications are given with Table
1.

B. Constraints
The species of applications highly determine the optimization
constraints. Filter bank structure based interferences that the
terms ISI and ICI are usually introduced.
The power of the total interference is calculated by adding ISI
and ICI and known as TOI.
TABLE I
Oversampled Uniform FB Specifications

Prototype filter are obtained using three methods: window
based technique, frequency sampling technique and direct
optimization of filter coefficients. Criterion of LS, minimax
criterion, PCLS criterion and interference of total filter bank
structure are used as optimization criteria for each method. As
finally, we evaluate optimized prototype filters with three
performance metrics that are total filter bank structure based
on interference (TOI), minimum stopband attenuation (MSA)
and level of highest stopband ripple (HSR).
To design complex modulated filter banks, a number of
different techniques are improved in literature. To form linear
phase prototype filter of length KM for PR conditions, special
lattice rotation or butterfly angles instead of filter coefficients
is used. Hereby PR conditions are satisfied spontaneously and
the terms of undefined parameters are reduced. But these
approximations are not compatible for NPR filter banks.
Frequency sampling technique has very simple concept
actually. Earlier described coefficients (magnitude values) that
weight specific cosine terms are used closed form of M-length
prototype filter.
Windowing technique is used to design Lp-length prototype
filter. In this way the prototype filter is obtained by
multiplying a causal ideal lowpass filter’s impulse response
and a window function.
In this subpart we generate new prototype filter with
optimization technique. In optimization technique,
coefficients of prototype filter and adjustable parameters can
be as optimum depending on design criteria. The mentioned
design criteria include channel number, filter length, passband
edge, stopband edge and distortions. Objective function is
minimized or maximized subject to constraints. Optimization
problem could be modified both constraints and no constraints.
To success optimization problem, we should know the size of
the problem in terms of the number of filter unknown
parameters, the property of objective function and potantial
constraints. The objective function and constraints are
nonlinear exceptionally, these nonlinearity is caused complex
computation, consume of time, very sensitive to initial values,
and have a slow convergence. Furthermore, optimization does
not guarantee the global solution, because of local minimum.
Here, different filter lengths are used for optimizing uniform
and non-uniform filter banks design.
As a simple way, impulse response coefficients are
optimized straight to achieve NPR filter banks. The efficiency
of the design process depends on the size of problem
inherently. When high number of subchannels are used

frequency selective filter banks, filter coefficients increases
dramatically. We are purposed NPR design techniques that the
prototype filter coefficients have to be used closed form
presentation via a few adjustable design parameters. The
closed form structure is valid for all M with scalability
specification. So, we are interested in frequency sampling
technique and windowing based techniques mostly [20-23].

Amplitude Response(dB)

Fig. 4 Over sampled uniform FB distortion and aliasing amplitude

Fig. 2 Critically sampled uniform FB final analysis and final synthesis filters
amplitude response

Fig. 3 Critically sampled uniform FB distortion and aliasing amplitude

Fig. 5 Non- uniform FB final analysis and final synthesis filters amplitude
response

Fig. 6 Non- uniform FB distortion and aliasing amplitude

Fig. 4 Over sampled uniform FB final analysis and final synthesis filters
amplitude response
Fig. 7 Comparison of amplitude response for N=79 and N=19 using critically
sampled uniform FB

Amplitude response of final analysis and synthesis filters
are given for filter length N=19 and N=79 in Figure 7. The
ripple of amplitude is lower for filter length N=19 both
analysis and synthesis filters.

[4]

Amplitude

[5]

[6]
[7]
Fig. 8 Comparison of distortion and aliasing for N=79 and N=19 using
critically sampled uniform FB

[8]
[9]

Amplitude of distortion and aliasing are illustrated in
Figure 8 for filter length N=19 and N=79. The ripples of
distortion and aliasing are highest for filter length N=79.
Also the result of comparison time for N=19 and N=79 is
given in Table II. Lower filter of length obtains lower
simulation time.
TABLE II
Comparison of time for N=19 and N=79
Time (second)

N=19
1.194896

N=79
5.612952

III. CONCLUSIONS
Applications are realized in Matlab along 200 iterations.
Critically sampled FB, oversampled filter bank and nonuniform filer bank are realized in Matlab m-file and
simulation results are given with figures. Amplitude response
of final analysis and synthesis filter banks are given each three
examples. Final distortion and aliasing’s amplitude response
are illustrated with figures. Amplitude response of final
analysis and synthesis filters are compared for filter length
N=19 and N=79. Also distortion and aliasing are compared
for filter length N=19 and N=79 with simulation results and
figures. As a result we realized a comparison for filter bank
with critically sampled, so only the filter bank with critically
sampled is used for different length of filters. In future works,
we can compare other filter banks for different lengths.
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Abstract— Model Predictive Control has been recently proposed as a prominent method for the regulation of modern
motor drives. When operating directly with power converters
the number of control actions is a finite number, allowing
the exhaustive optimization of the control action. This method
can include several control objectives in a cost function in
which variables with different characteristics, order and/or
units are mixed. For instance stator currents can be commanded
and different additional criteria such as switching frequency,
harmonic distortion or torque ripple can be considered.
The problem of cost function design and, in particular,
weighting factors tuning, arises in this context. There have been
different attempts to solve this problem, usually when predictive
torque controllers are applied. In this paper three strategies
are for the first time compared in the framework of predictive
current control of multi-phase induction machines. The first one
uses a fixed value for the weighting factors in a conventional cost
function. The second one applies a ranking-based cost function
without weighting factors. The last one is proposed in this work
and considers an operating point optimization of the weighting
factors.
Besides presenting a novel cost function design strategy, this
article analyses some of the recent progress in the weighting
factors tuning strategies, unifying and putting them in the
same ground in order to discuss challenges and future research
directions in the area.
Keywords— Multiphase Systems, Model Predictive Control,
Cost Function, Weighting Factors

I. I NTRODUCTION
The control of electrical systems actuated via an electronic power converter can be performed using direct digital
command of the converter states [1], [2]. The most popular
controller following this scheme is referred to as Finite
State Model Predictive Control (FSMPC) [3] (also known
as Finite Control Set MPC). It has been recently used in
many applications including multi-phase and/or multilevel
systems [4]. The reason for this emergence lies in the ability
of MPC to incorporate different control objectives and/or
constraints [5]. This ability stems from the use of a Cost
Function (CF) that is optimized with respect to the control
action at each discrete-time interval. The CF can be used to
penalize deviation of different variables (e.g. current, flux,
torque) from their desired values. In order to give more or
less importance (as an objective) to variables, the CF can
use Weighting Factors (WF). The problem of WF design
has been considered from early publications of MPC [6]. In
the context of FSMPC the first addressing of this problem is

given in [3] for the case of Predictive Current Control (PCC).
Later works mostly deal with the case of Predictive Torque
Control (PTC) (a review can be found in [7]).
The choice of the CF has a large influence on the system
performance. It has to be noted that, besides control objectives (such as error in current, flux or torque tracking), the
system will produce other quantities of interest (or figures
of merit) such as harmonic distortion of currents, flux or
torque ripple and average switching frequency of the power
converter. Even if these quantities are included in the CF
their actual values are not controlled (in most cases) as the
system has not so many degrees of freedom [8]. It is however
interesting to highlight that, if conflicting control objectives
are found, the CF offers a way to find a compromise solution
at each discrete time period.
In the literature, different strategies can be found to
deal with CF design for FSMPC that fall in the following
(overlapping) classes:
S1. CF with different terms and constant WF. The WF values
are found using off-line simulation of the entire system to
obtain an acceptable behavior in the operation range.
S2. CF without WF. In this case the terms that appear in the
CF are weighted using functions (that can be made dependent
on the operating point or not). This case is found in the
literature as a separate category, but in fact it falls entirely
into the next listed item. Ranking schemes are the most
popular method of this class. They have been used for PTC
and will be applied here to PCC.
S3. This class of strategies uses a CF with WF that depend
on the operating point instead of being fixed values. It is
important to mention that, although the value of WF changes
on-line, the functions that provide their values are designed
off-line. This category covers S2 as a special case. A method
pertaining to this class is proposed and evaluated in this
work.
S4. Cost functions that use one term, so no WF are needed.
Despite this, the CF still need some design and this is done
off-line as commented in the first item (S1).
S5. Determination of WF using genetic algorithms or any
other optimization method. This case also corresponds to S1.
The optimization method (genetic or other) offers additional
support in the off-line phase of the designed WF values;
hopefully reducing the number of required simulations.
S6. The WF are determined on-line using fuzzy inference

alone or combined with ranking schemes. This class of
methods is in fact included in S2 and, hence, in S3. The
fuzzy part may help in the design and can also provide a
better understanding of the role of the CF terms.
This work focuses on the determination of CF in 5-phase
drives using PCC techniques. A realistic scenario is used,
different CF are compared and a vast range of operating
points are considered, with a goal of presenting some conclusions to guide the determination of CF. In particular, a
new method that belongs to S3 class is proposed here, and
compared with other strategies from S1 and S2, being the
first reported application of S2 to PCC.
The rest of the paper is organized as follows. In the next
section the general scheme of FSMPC (and PCC for 5phase IM with distributed windings in particular) is briefly
reviewed to set the context where the CF design comparison
is carried out. The selected CF design methods are presented
in more detail in section III. Following this, the obtained
simulation results using a 2-level voltage source inverter
(VSI) driven 5-phase IM are presented in section IV. From
these results the conclusions are extracted at the end of the
paper.
II. C OST F UNCTIONS IN FSMPC
The block diagram of a generic FSMPC of a 5-phase
electric drive is presented in Fig. 1. It contains a computer
that decides the control action u to be applied using a
program in which the tasks (waiting for next sample time,
sampling, actuating) are sequenced each sampling period Ts .
The actuation signal at each discrete time k is the vector
u(k) indicating the state of the power converter in this case,
a two-level VSI.
In FSMPC, the digital controller selects the most appropriate value for u(k) to induce in the electrical system a certain
behavior in terms of electrical variables such as currents,
fluxes, etc. and, in the case of drives, mechanical variables.
The reference signal r define the objective trajectories for
the controlled electrical and/or mechanical variables.
In the case of PCC, the tracking of mechanical variables
is done using an outer loop that provides reference values
r = i∗s for stator currents is that are produced in the system
by the voltages of a VSI commanded by the FSMPC. At
each sampling time the controller computes
uo (k) = argmin J(k, u)

(1)

u∈U

where, U is the set of all possible control actions (states of
the VSI) and J is CF that must contain a term penalizing the
deviation of predicted stator currents îs (k + 2|k) from desired
values i∗s (k +2). The predictions depend on the control action
u(k) and are obtained from a model of the system (see [3]
for details).
In the case of multi-phase IM, the stator currents can be
converted, using Clarke’s transformation, into α − β plane
and several x − y and z planes depending upon the IM
windings and external connection. For a 5-phase IM with
isolated neutral point, as it is our case, just α − β − x − y

Vdc

VSI

IM
uopt(k+1)

isαβxy(k)

Cost function

Predictive
Model

Optimization

FSMPC

i*sαβxy(k+2)

Fig. 1. Block diagram of a FSMPC driving a multi-phase IM by means
of a VSI

axes need to be considered [9]. In the simplest of cases,
no additional terms are added to the CF
 and thus it must
penalize the deviation of isα,β = isα , isβ from its reference
value and the deviation of isx,y = (isx , isy ).
J(k, u) =
J1 (k, u) =
J2 (k, u) =

J1 (k, u) + λxy J2 (k, u)

(2)

ki∗sα,β (k + 2) − îsα,β (k + 2|k, u)k2
kîsx,y (k + 2|k, u)k2

(3)
(4)

where it has been considered that the reference value for the
x − y plane is always zero. λxy is considered in most cases
as a parameter of the controller that is set off-line and kept
constant. Whatever the case, this WF allows to give more or
less importance to the α − β or x − y planes. This has some
implications in the overall performance of the closed loop as
the α − β plane is related to power conversion and the x − y
to losses. Other quantities such as THD and average number
of switch changes at the VSI (average switching frequency)
are also affected by the choice of λxy .
The PCC then uses (1) together with (2) and a model of
the system (VSI and IM) in order to obtain u(k), which is
sent to the VSI and the next sampling period the procedure
is repeated following the so called receding horizon strategy
[5]. With this choice of CF and, supposing a sufficiently
accurate model ([10], [11]), the primary control objectives
(current tracking in α − β and x − y planes) are fulfilled.
Other figures of merit such as THD, torque ripple and
average switching frequency take values that are not directly
controlled. Simulation and experimentation would tell to
what extent the results are acceptable with regard to these
figures of merit.
III. CF D ESIGN M ETHODS UNDER C OMPARISON
As stated in the introduction, there are in the literature
several classes of methods for designing CF. In this work
the focus is put on classes S1 (for being the most simple

and used) and S2-S3 as they tackle a fundamental problem
of class S1.
A. Class S1. Optimization of WF as Controller Parameters
Methods in class S1 basically treat the WF as parameters
of the FSMPC. The design methodology consists on taking
into consideration many different variables and finding via
extensive simulation a compromise solution for the WF.
Finding this compromise solution is in itself an optimization
problem for which a suboptimal solution is given in many
cases based on trial and error, rules of thumb and designers’
insight. The optimization of the WF can be considered
mathematically in full. Then, a meta cost function H arises
in which the different figures of merit are combined. For
the PCC case example such meta-CF can take the following
form
H(Λ) = RMSCE(Λ) + γ1 ASF(Λ) + γ2 T HD(Λ)

(5)

where RMSCE stand for Root Mean Squared Control Error
(i.e. RMS stator current tracking error), THD is the stator current Total Harmonic Distortion, ASF is the average
switching frequency of the VSI, and Λ is a vector containing
all WF considered in 2. Factors γi are the WF of this metaCF.
Of course the values of RMSCE, THD and ASF in 5
should be recorded via experimentation or simulation over
the entire range of operation of the drive (although it has
been done otherwise elsewhere). The WF design problem
can now be stated as
Λo = argmin H(Λ)

(6)

Λ

It is interesting to mention that any optimization method
able to cope with a general case (such as genetic algorithms)
might be used for the job of finding a solution of 6.
The choice of one optimization method or other has little
implications as the dimension of the problem is not large.
The computing requirements are not excessive and even a
MonteCarlo method could be used running in a standard
modern desktop computer. The authors believe that what is
really important is to show to what extent how the choice of a
fixed value for the WF affect the considered figures of merit
over the entire range of operation of the drive and whether
this can be overcome by using other CF design methodology.
From this analysis should stem the consideration of other
classes of CF design.
The parameters of the meta-CF (γi ) must get a concrete
value before solving (6). This task is accomplished by
knowing how much of a figure of merit one is willing to
lose in order to improve another. This knowledge might
be difficult to incorporate in the mathematical form of (5)
and here fuzzy representation might be of help. In any
case, this difficulty is what hinders the application of the
full mathematical optimization of WF and favours a simple
choice made by an expert as the most frequent case.

As a final remark, please be aware that even if some figures
of merit (such as ASF) are included in the FSMPC’s cost
function J (as has been done in some papers), that does not
imply that such figure of merit is completely achieved. On the
contrary, due to the facts that just a handful of configurations
are available for the controller and that conflicting criteria
might be included in J, the results can be optimal from
the point of view of (2) but sub-optimal with respect to IM
overall behavior. Thus, the WF tuning of (6) is completely
necessary even in those cases.
B. Class S2. Ranking Based CF
A ranking-based method allows to mix different criteria
without requiring WF. These methods belong to a certain
kind of problems known as Ranking and Selection Procedures (RSP). The RSP are a sub-class of general simulation
optimization algorithms characterized for finding solutions
over a limited set of candidates. The earliest known of
RSP is a procedure for ranking means of a set of normal
populations whose variances are known [12]. These ideas
found application as non-dominated sorting algorithms that
arrange a population into a hierarchy of non-dominated
Pareto fronts. From this hierarchy a ranking can be obtained
that is used to select solutions to an optimization problem
[13]. In the context of FSMPC design it is possible to replace
the single CF using WF (case S1) with a multi-objective
optimization scheme that can be solved by a RSP (in which
there are no explicit WF). Its main reported advantage is to
make unnecessary the tuning of WF. For more details the
reader is addressed to [7] and references therein.
The ranking based approach considers a set of separate
terms to be optimized that, in this case, are J1 and J2 defined
in (3) and (4). Both terms need be minimized with respect
to the control action. To do so, the terms are evaluated for
each possible control action ui (i.e. voltage vector of the
VSI). Then, the ui are sorted (in ascending order) according
to J1 . A ranking value is assigned to each ui depending on
the position it occupies in the sorted list. The ranking value
will be denoted as r1 (ui ) and it can be simply the index in
the list or any monotonous function of such index. The same
procedure is repeated using J2 as sorting criterion, producing
a new list and hence, a new ranking value for each control
action. This will be denoted as r2 (ui ).
The ranking value indicates the relative quality of each
possible ui with respect to all the remaining possibilities. It is
a dimensionless variable and, because of the way sorting has
been done, ui with lower cost are assigned a lower ranking.
With this in mind, it seems logical to select the control
action with the minimum average value of its rankings. In
mathematical form:
uo (k) = argmin [r1 (u) + r2 (u)]

(7)

u∈U

This scheme considers that the objectives can be mixed
by changing the numerical problem to an ordinal problem
(produced by the sorting). The WF seem to have vanished

This class is very broad and it would be difficult, and
perhaps too abstract, to define it completely. Also recall from
the analysis made in the introduction section states that S3
does in fact entirely cover S2. For these reasons the following
exposition is centered around the novel scheme of the CF
design strategy proposed in this paper.
It will be shown in the simulations that a fixed value for the
WF is a compromise solution that could be improved upon
optimizing for each operating point. In this case instead of
parameters the WF are functions whose design is made offline, providing a different on-line weighting value according
to some variables that characterize the operating point.
λxy (k) = W (x(k))

(8)

J(k, u) = J1 (k, u) + λxy (k)J2 (k, u)

(9)

where x(k) is the system state at discrete time k and W is a
function that provides a value for λxy according to the present
state of the system. Function W can be found in a similar
way to the S1 case, but considering a different value for each
state. In this way, an optimal value for each operating point
can be produced.
In PCC of drives the operating point is mainly defined
by the amplitude of the stator currents in α − β (Is ) and
the electrical frequency fe . This is so because the rest
of variables are connected to these values via the system
dynamics and the close loop performance. So it is a good
starting point to consider that W (x(k)) = W (Is (k), fe (k)).
Now to obtain this function one should produce experiments
for some values of Is and fe in a set that covers the entire
range of operation, such as O = {Is,1 , Is,2 , ...}×{ fe,1 , fe,2 , ...}.
For each pair in O, an optimal value can be found as
o
λxy,i
= argmin H(λxy , Is,i , fe,i )

(10)

λxy

where H is defined in the same way as in (5) but restricting
the operating points to those close enough to (Is,i , fe,i ). By
repeating this procedure for all points, one gets a table
o ). From this table, function W
containing triples (Is,i , fe,i , λxy,i
can be derived using any standard interpolation scheme or
by curve fitting. During operation, the FSMPC will use the
value of λxy = W (Is (k), fe (k)), corresponding to the actual
operating point.
IV. S IMULATION RESULTS
As a case example, stator current control of a VSI driven
5-phase IM is considered. The controller is a FSMPC with
a simple Euler-type prediction scheme. At each sampling
period it explores the 31 possible voltage vectors that the
VSI can produce and selects the one that minimizes the CF
of (2), where the only weighting factor is λxy that takes into
account the importance of deviations in x−y plane over those
of α − β plane.
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Fig. 2. RMS control error (top) and ASF (bottom) as a function of I ∗ and
weighting factor λxy (shown in log scale)

The control system is simulated using a standard spacestate representation. The machine electrical parameters
are the following: Rs = 19.45(Ω), Rr = 6.77(Ω), Lls =
0.1007(H), Llr = 0.0386(H), Lm = 0.6565(H) and 3 polepairs. A value of 80 µs is chosen for the controller sampling
time, as it constitutes a commonly found value in the
literature [14]. The reference value for the PCC are sinusoidal
values of frequency fe (HZ) and amplitude I ∗ (A).
As an example, if a S1 class CF design method is used
different behaviors are obtained depending on the value of
λxy . To illustrate this, Fig.2 (top) presents the RMS control
error in α − β plane as a function of the IM load and the
weighting factor λxy for fe = 50 (Hz). The operating point has
been characterized by the stator current reference amplitude
in α − β axes, I ∗ , that is provided by the outer control loop
to the PCC. The times (×) marks on the surface are placed at
the values of λxy that produce the least error for each value of
I ∗ . It can be seen that to provide the least error for different
I ∗ , different values of λxy are needed. Also, comparing with
the results of Fig.2 (bottom) it is apparent that the optimal
value of λxy depends on the criterion used, optimizing for
RMSCE might lead to a higher value of ASF and vice versa.
To further illustrate the case, results from a particular
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operating point are shown in Fig.3, where two hodograms
of is in α − β plane are shown for I ∗ = 2.55 (A) and fe = 50
(Hz). The top one uses a WF set to the optimum value with
respect to RMSCE for this operating point (λxy = 7.1 · 10−4 ).
The bottom one uses λxy = 0.5 which is optimal for other
operating points. It is clear that a fixed value of λxy is not
optimal for operating points.
The above results can be compared with a CF using the
S2 design method. In this case there is no tuning of WF
required. Using fe = 50 (Hz), as in the previous cases, the
results of Fig.4 are obtained. Comparing with Fig.2 it can be
concluded that the S2 strategy gives better results in terms
of RMSCE than S1 with λxy = 2.2 (dash-dotted lines) but
worse than S1 with λxy = 0.2 (dotted lines). As for ASF, the
S2 strategy performs better than S1 with λxy = 0.2 but worse
than S1 with λxy = 2.2. Thus, the S2 results can be seen as
a compromise solution between S1 with λxy = 0.2 and S1
with λxy = 2.2. From this it can be stated that the results
offered by the S2 strategy are close to those of S1 and do
not outperform them.
Finally a comparison of the S1 and S2 methods is done. In
Fig.5 instantaneous deviations of the stator currents values
are presented. It can be seen the relative amplitude of errors
in x − y (green) with respect to those of α − β plane (red).
At each sampling time the errors for a pair of axes (i, j) are
computed as

0

0.5
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2
I* (A)

Fig. 4. RMS control error (top) and ASF (bottom) as a function of I ∗ for S2
(solid lines) and S1 with λxy = 0.2 (dotted lines) and λxy = 2.2 (dash-dotted
lines)
TABLE I
F IGURES OF MERIT FOR SOME CF

CF
S1, λxy = 0.2
S1, λxy = 2.2
S2

RMSCE
α −β
0.020
0.037
0.030

RMSCE
x−y
0.440
0.025
0.029

ASF


ei j = |i∗si − îsi | + |i∗s j − îs j | /2

126
95
109

(11)

In a case of a S1 class CF design method using λxy =
2.2 the errors in α − β plane are lower than errors in x − y
plane as is usually the prefered case. In turn, for λxy = 0.2
the opposite is observed. S2 results do not depend on λ . It
is interesting to see that, for this method control errors are
similar in both planes.
In addition to the previous reports, there are other figures
of merit that are briefly presented in Table I. Again it can
be seen that the S2 strategy produces a controller whose
behavior lies in between of two S1 cases. Thus, the main
advantage of this method lies in its simplicity (i.e. no tuning
needed).
The last CF design method (S3) will be analyzed next. It
must be noted that this require the definition of the γi . To
make the comparison simpler γ2 = 0 is selected, meaning
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Optimal values of λxy for each I ∗
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that just RMSCE and ASF are considered as figures of
merit. Also, as both quantities have different ranges they are
normalized dividing by their maximum values. In this way
the meta-CF considered for the simulations is
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where RMSCEn = RMSCE/ (max RMSCE) and ASFn =
ASF/ (max ASF). Also to keep things simple just a single
frequency will be explored fe = 50 (Hz) (note that extending
the analysis to other frequencies is straightforward). Fig.6
o values vs. the I ∗ that will be used in the next
shows the λxy,i
i
test.
In Fig.7 the results of a PCC with S3 strategy and γ = 0.4
are shown. As in the previous case, two results from S1
strategy are added for reference using the same values of
λxy as before. Comparing with Fig. 4 it can be concluded
that for most of the operating range, S3 outperforms S1 and
S2 as it produces less or nearly equal error with less or nearly
equal switching frequency. Also it is clear that, by changing
the γ1 factor the designer can easily turn the design closer
to fulfilling one objective (RMSCE) or the other (ASF).

0.02

Fig. 5. Deviation of the stator currents in α − β and x − y planes for S1
with λxy = 0.2 (top), for S1 with λxy = 2.2 (medium) and for S2 (bottom).

V. C ONCLUSIONS
The problem of cost function design in FSMPC has been
addressed using as a case example the predictive current
control of a 5-phase IM with distributed windings. A popular
(in the realm of predictive torque control) ranking-based
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conclusions must be corroborated with experimentation to
finish the study and be able to make stronger assertions.
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algorithm has been adapted to predictive current control in
the analyzed case study.
From the results obtained with previous approaches, a
novel CF design technique has naturally arisen as a way
of overcoming their shortcomings. This novel technique
has been compared with the standard one and also with a
ranking-based method. The obtained results state that the
simple procedure of a fixed weighting factor is prone to poor
results as the weighting factor can depend on the operating
point. The analysis shows that this dependence is not easy
to deal with, as many figures of merit are involved.
To overcome these shortcomings, the proposed CF design
method uses a meta-cost function that is flexible and capable
of outperforming the other methods. These simulation-based
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Abstract— Low Voltage Ride Through (LVRT) capability is an
important issue to compensate for voltage dip occurring during
transient conditions in Squirrel Cage Induction Generator (SCIG)
based Wind Farm. In this study, to reduce the problem with
voltage dip in SCIG based Wind Farm, DC link control modeling
is developed. With enhanced DC link Control Modeling, oscillation
and voltage regulation between Grid Side Converter (GSC) and
Rotor Side Converter (RSC) in SCIG based wind farm can be
reduced. While modelling DC link control, %20 rates of voltage
dip types in grid are used. Grid voltage, DC link voltage, grid phase
current, active-reactive power, d-q axis current variations of the
SCIG based wind farm is examined. It was found that the system
became stable within a short time using the DC link voltage
control.

SCIG based wind farm. Thanks to DC link Control Modeling,
oscillation and voltage regulation in SCIG based wind farm
can be reduced. Grid voltage, DC link voltage, grid phase
current, active-reactive power, d-q axis current variations of
the SCIG based wind farm became stable within a short time
using the DC link voltage control.
II. ENHANCEMENT OF SQUIRREL CAGE INDUCTION
GENERATOR (SCIG) BASED WIND FARM
Circuit model of Squirrel Cage Induction Generator
(SCIG) is given in Fig. 1[12].

Keyword— LVRT, SCIG, DC link Model

I. INTRODUCTION
During disturbances in the grid side, the wind farms need
to remain connected to the power system for stable operation.
Low-voltage Ride Through (LVRT) remains connected to the
grid of the wind turbine during low-voltage conditions such as
fault [1]. There are various methods for LVRT capability.
SCIG is controlled by means of an indirect vector control for
LVRT capability. It provides torque and voltage for LVRT in
SCIG based wind farm [2]. Besides torque and voltage
control, Active-reactive power control is used for LVRT
capability in SCIG based wind farm during fault [3-4]. In
terms of voltage and reactive power control for LVRT in
SCIG, Flexible AC Transmission System (FACTS) devices
are used. Static Synchronous Compensator (STATCOM),
Static Var Compensator (SVC), Static Synchronous Series
Compensator (SSSC) and Unified Power Flow Control
(UPFC) enable voltage control and active-reactive power
control for LVRT capability during symmetrical and
asymmetrical faults [5-9]. Because DC link controls the SCIG
based wind farm, Energy Storage System (ESS) and Bridge
Type Fault Current Limiter (CBFCL) are used. Owing to ESS
and CBFCL, Active power and limiting impedance are
effective for LVRT capability [10-11]. This paper presents
DC link control unit for LVRT performance enhancement of

Fig. 1 Circuit model of SCIG

SCIG is directly connected to network through winding
transformer. Gear box used in SCIG regulates generator
speed. Thanks to effective pitch-stall effect of the generator
during high or low wind speed, power can be extracted from
wind speed. Capacitor bank is connected to SCIG for reactive
power. Stator-rotor d-q axis voltage and electrical torque
equations in SCIG are shown between Equations 1 and
Equations 4.

d
 ds
dt
d
v qs  Rs i qs  ws ds  qs
dt

v ds  R s i ds  ws  qs 

v dr  R r i dr  sw s  qr 
v qr  R r i qr  sw s  dr 

d
 dr
dt

d
 qr
dt

(1)
(2)
(3)
(4)

(5)

are the stator and rotor inductance; Lm is the magnetic
inductance; and M is the torque [13-15].

SCIG d-q axis flux equations are given between Equations 6
and Equations 9.

In order to decouple the electromagnetic torque and the
rotor current, SCIG is controlled in the stator-flux oriented
reference frame, which is a synchronously rotating reference
frame, with its axis oriented along the stator-flux vector
position. During a low-voltage fault, the incoming power from
the wind and the power flowing into the grid are imbalanced
instantaneously, leading to the excessive currents in the rotor
and stator [16]. With enhancement of GRC and RSC control
model, excessive currents in the rotor and stator will not lead
to stress in the SCIG based wind farm system. RSC and GSC
modelling enhanced in SCIG based wind farm are shown in
figure 2 and figure 3.

M   d s i qs   qs i d s

ds  (Ls  Lm)ids  Lmidr

(6)

qs  ( Ls  Lm )iqs  Lmiqr

(7)

dr  (Lr  Lm)idr  Lmids

(8)
(9)

qr  ( Lr  Lm )iqr  Lmiqs

Where, vds, vdr, vqs, vqr are the d and q axis voltages of the
stator and rotor; ids, idr, iqs, iqr are the d and q axis currents of
the stator and rotor; λds, λqs, λdr, λqr are the d and q axis flux of
the stator and rotor;; ws is the angular speed of the stator; s is
the slip; Rs and Rr are the stator and rotor resistance; Ls and Lr
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Fig. 2 GSC circuit model

When at least one of the parameters, such as the rotor current,
stator current, DC-link voltage or grid voltage exceeds its
respective protection during voltage dip in grid. owing to this
control model, the RSC control will increase the generator
rotor speed by reducing the generator torque during voltage
dip. In normal operation, the power flowing through the grid
and rotor side converters is balanced. During the grid voltage
dips, owing to the unbalanced power flow through GSC and
RSC, the DC-link voltage might fluctuate. In order to reduce
the fluctuation of the DC-link voltage, DC link control model
is enhanced. The dynamic behavior of the DC-link is given in
equation 10.

dU dc
C
 idcg  idcr
dt

Where idcg and idcr are the DC-link currents of GSC and
RSC, respectively. Neglecting inductor resistances, DC-link
currents of GSC and RSC are shown in equation 11 and
equation 12.

idcg 

idcr 

3m
2

iL

(11)

Pr
U dc

(12)

Where, Pr is generator active power magnitude value.
(10)
III. SIMULATION STUDY
The test system is shown in Figure 3.

Fig. 3 Test system

The connection of grid plant to a 100 V system was
conducted through a 250 MW, 100 V Y/ transformer. As
transformer-induced voltage distortion is avoided, RC filter a
between the two buses is used. RC filter parameters are
elected R = 0.7938 ohms and L = 0.10107 H. System control
is provided by entering the voltage and current values
obtained from bus B1 to the grid side control algorithm.
A. Simulation Results
The effect on the DC link control model on the system
parameters was analyzed with % 20 voltage dip. The effect on
the DC link control of the system parameters was analyzed
with %20 voltage dip. As the transient event, %20 voltage dip
was taken. %20 voltage dip was generated in the grid in the
time interval between 2.5 second and 3.5 second. With the DC
link control model, Grid voltage, grid phase current, activereactive power, d-q axis current variations of the GSC based
wind farm are shown in figure 4.a-4.f.
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As can be seen in Figures 4a and 4b, values of DC bus
voltage and grid voltage had lower values and the system was
stabilized within a shorter time with the use of DC link control
model. DC bus voltage was about 3.8 seconds when DC link
control model was used, grid phase current, active-reactive
power, d axis current variations and d axis current variations,
were stabilized with DC link control model in nearly 3.8
seconds, 4 seconds, 4.5 seconds, and 4 seconds after % 20
voltage dip, respectively.
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This study shows the application of DC link control model
for a grid-connected wind farm. As the system parameters,
grid phase current, active-reactive power, d axis current
variations and d axis current variations are used. The transient
cases of the system with DC link control model were carried
out in % 20 voltage dip. % 20 voltage dip analysis results
showed that with DC link control model used in GSC, System
has stability within very short period of time, besides
oscillations are observed to decrease during the % 20 voltage
dip.
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Abstract— One of the most important problems with energy
consumer is effect of static load modeling in power systems. In this
study, Effects on static voltage stability and active-reactive power
losses of static load modeling in 5 bus power system were
investigated. As static load modeling; constant impedances,
constant current, and constant active power (ZIP) load model has
been used. The impacts of ZIP load modelling on different
parameter values were evaluated in terms of voltage-maximum
loading parameters and active-reactive power losses. It was found
that static voltage stability and active-reactive power losses
increased while maximum loading parameter values decreased as
the ZIP load modelling constant current value changed.
Keywords— Static Voltage Stability, Power Losses, ZIP, Power
System, Static Load Modeling

I. INTRODUCTION
Owing to increasing demand for the consumers’ power
systems, the operation conditions of the power systems
became problems. Problems might lead to system instability
in operation conditions. Voltage stability is a one of the most
visible in power systems. There are various literature studies
about voltage stability. Static and dynamic load modeling are
studied on different parameter for voltage stability. Different
parameters are examined to find the relationship between bus
active power-bus voltage [1-2]. Line voltage, power factor,
line length, serial compensation, shunt compensation effects
in power systems are investigated. The relationship between
active power and maximum loading parameter of these
parameters has been analyzed [3-4]. Jacobean matrix for
active power-voltage curve in voltage stability is enhanced.
With enhancement of the Jacobean matrix and voltage index,
the improvement of the maximum loading parameter and the
decrease in losses were observed [5-6]. The effects on the
voltage stability both of the phase shifter transformers at
different angle values and of the 3-winding transformer are
investigated. In terms of voltage stability, phase shifter
transformer and 3-winding transformer have given effective
results [7-8]. FACTS devices are used for improving
operation conditions in voltage stability. Static Synchronous
Compensator (STATCOM), Static Var Compensator (SVC),
Static Synchronous Series Compensator (SSSC) and Unified
Power Flow Control (UPFC) provide to voltage control and

active-reactive power control for voltage stability in power
systems [9-12]. Therefore, FACTS devices are widely used
for power system analysis. In this study, the effects on static
voltage stability of the ZIP load model are emphasized. The
different constant impedance, constant current and constant
power analysis of the ZIP load model have been investigated
in the 5-bus power system. The voltage-maximum load
parameter values and voltage profiles at different parameter
values were compared.
II. STATIC VOLTAGE STABILITY
Static voltage stability depends on reactive power change.
The operating conditions of the load bus can be improved by
providing reactive power. If the reactive power support
decrease below the specified limits and the voltage drop, the
system break-out arises. To prevent this problem, different
operation modes is enhanced for static voltage stability. The
relation between the system maximum-load parameter and the
active power-reactive power of the bus are shown in Equation
1 and Equation 2.

PL  PL 0 (1   )

(1)

QL  QL 0 (1   )

(2)

PL0 and QL0, are initial active and reactive power values, PL
and QL are active and reactive power of the load λ maximum
loading parameter value, respectively. In the continuous load
flow, the relationship between the voltage and the maximum
load parameter is used. Continuous load flow method is used
for the analysis of voltage and MLP. Continuous load flow is
very effective in analyzing certain difficulties without the
support of certain system models. The voltage has the ability
to automatically change against the adverse situation that may
be caused by single analysis of the system equations. The use
of strategy in continuous load flow is shown in Fig. 1.

Fig. 1. Continuation Power Flow Method

Here, (z1, λ1) is known as balance point, Δλ1is used for
parameter value change and Δz1 is used for vector analysis. At
the first stage, prediction is done. z1+ Δz1+ Δλ1 values are
produced initially. These values are used for correcting z2
+Δz2 which are the new balance points in the system profile
[13].

Fig. 3. 5 bus test System

Buses input parameter and line parameter of the test system
are given in table 1 and table 2 [16].
TABLE I
5 bus test system and load values

III. ZIP LOAD MODELING
The static load characteristic is the load model classified as
constant impedance, constant current and constant active
power depending on the voltage. For a constant impedance
load, there is a second order equation depending on the activereactive power. It is completely independent of the powervoltage variation when the constant current is linear and
power. ZIP load model active and reactive power equations
are given in equation 3 and equation 4.

  V 2

V
P  P0  p1    p2  p3 
V0
  V0 

  V 2

V
Q  Q0  q1    q2  q3 
V0
  V0 


Bus

Voltage (kV)

Load (MVA)

North

1 230

0

South

2 230

0

Lake

3 230

45+j15

Main

4 230

40+j5

Elm

5 230

60+j10

TABLE III
5 buses test system line parameters
(3)

(4)

where p1 and q1 are the constant impedance load parameters,
p2 and q2 are the constant current load parameters, and p3 and
q3 are the constant power load parameters. p1 +p2 +p3 = 1 and
q1 + q2 + q3 = 1 when V = V0. ZIP load model circuit model is
given in Fig. 2.
ZIP load model consists of d-q axis transformation, variable
frequency average value Phase-locked loops (PLL) and active
and reactive power calculation circuit [14].
IV. SIMULATION STUDY
A modeling and simulation study has been carried out on 5
buses power system [15]. 5 bus test system is shown in Fig. 3.
The system has 1 slack bus (north), 3 load buses (lake, main,
elm) and 1 generator bus (south).

From Bus to Bus

Resistance (p.u.) Reactance (p.u.)

North

Sourth

0.02

0.06

North

Lake

0.08

0.24

Sourth

Elm

0.04

0.12

Sourth

Main

0.06

0.18

Sourth

Lake

0.06

0.18

Lake

Main

0.01

0.03

Main

Elm

0.08

0.24

Fig. 2. ZIP Load Model

V. SIMULATION RESULTS
ZIP load model is used connected to instead of the PQ
bus load model with the lowest voltage profile. With ZIP
load input parameters are regulated to different values,
Static voltage stability is determined by continuous load
flow. When the bus voltage is used as input ZIP load model.
Active and reactive power is obtained in the output. When
both zip load active power and zip load reactive power
input parameters are used as 0.15 - 0.15 - 0.70, the
maximum load parameter of the system is 3.54. ZIP load
model 0.1 - 0.1 - 0.8 parameter values in 5 buses power
system, system total the active power losses and the
reactive power losses are 2.04 p.u and 5.91 p.u,
respectively. The relationship between the obtained voltage
profiles and the voltage-maximum loading parameter is
shown in Fig. 4 and Fig 5.

When both zip load active power and zip load reactive
power input parameters are used as 0.1 - 0.1 - 0.8, the
maximum load parameter of the system is 3.49. ZIP load
model 0.1 - 0.1 - 0.8 parameter values in 5 buses power
system, system total the active power losses and the
reactive power losses are 1.91 p.u and 5.53 p.u,
respectively.
The relationship between the obtained voltage profiles
and the voltage-maximum loading parameter is shown in
Fig. 6 and Fig 7.
Voltage Magnitude Profile
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Fig. 6. Voltage profile of the buses in 0.1-0.1-0.8 values
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Fig. 4. Voltage profile of the buses in 0.15-0.15-0.7 values
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Fig. 7. Voltage-MLP curves in 0.1-0.1-0.8 values
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Fig. 5. Voltage-MLP curves in 0.15-0.15-0.7 values

3.5

When both zip load active power and zip load reactive
power input parameters are used as 0.05 - 0.05 - 0.9, the
maximum load parameter of the system is 3.16. ZIP load

model 0.05-0.05-0.9 parameter values in 5 buses power
system, system total the active power losses and the
reactive power losses are 1.28 p.u and 3.63 p.u,
respectively.
The relationship between the obtained voltage profiles
and the voltage-maximum loading parameter is shown in
Fig. 8 and Fig 9.
Voltage Magnitude Profile
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Abstract— Surface Mount Technology (SMT) machines
have become more important with the development of the
electronics industry. SMT machines place Printed Circuit Boards
(PCB). produced by surface mounting technology on the
electronic card. However, many electronic circuit components
(Relay, Transformer, etc.) used for different purposes are still
manufactured with Through Hole Technology (THT). In order to
place the THT materials on the card, a large amount of human
effort is needed. This study is a preliminary working for the
placement of THT assembly materials by machines and the SMT
machines are prepared by studying the working systems. SMT
machines use files exported by circuit design programs. Within
these files; includes data such as the center of the components
positioned according to the reference point during design,
component names, component bodys. SMT machines are located
at the center of the components with image processing techniques
and compare this center information with the data transmitted
from the design program. This study is aimed at finding the center
of the electronic circuit element by using images transferred from
the high speed camera to the computer. The electronic circuit
elements are held on the upper surfaces by vacuum method and
brought onto the camera with the aid of a machine where three
axes can be controlled. The image of the bottom surfaces of the
components is transferred to the computer. The edges are detected
on the transmitted images and then the Hough transformation is
applied. Hough lines are obtained. These Hough lines are
compared with each other and the vertical edges of the electronic
circuit element, whose lower surfaces are transferred to the
computer, are detected in the Cartesian coordinate system.
Diagonal straight lines are calculated from these corner points and
the intersection points of the cross points are located at the center
point. The measured center values are determined by an error
margin of 0.2 mm.
Keywords— Surface Mount Technology, Dual In-line Package,
Digital Image Processing, Through Hole Technology

I. INTRODUCTION
With the development of science and technology, the size of
the products in electronics sector has miniaturize. The biggest
reason for this is the miniaturize in the size of the circuit
elements used. Surface Mount Technology (SMT) has made the
legs smaller and shorter. Surface Montage Device (SMD)
materials are manufactured with SMT and their legs are
soldered directly to the copper tracks on the circuit board
without passing through the holes in the circuit board. However,

in practice today, components that are produced with Through
Hole Technology (THT) are still needed.
Components manufactured by SMT are used in Printed Circuit
Boards (PCB) designed for small size products in electronics
sector. Since the materials produced by SMT are small and
because there are many cards in the mass production band, the
process of assembling is done by machines. The placement of
circuit elements on PCB, where THT is produced, requires
human effort. This process, which is done with the need of
human labor, is much slower and mistakes than SMT machines.
In this study, SMT machines is examined and their working
systems analyzed. As a result of this analysis, it is observed that
the SMT machines need the center information of the electronic
circuit element to execute in order to perform a proper
assembling operation. This information is analyzed by the
image taken from the fast cameras. SMD machines use these
analysis results to make mistakes that occur during the feeding
of the circuit element to the feeder. In the light of this
information, it is the preliminary work for the construction of
the machine which places the circuit elements produced by
THT on the circuit board.
In the development process of the machines that place the
electronic circuit elements on the PCB; the Canny edge
detection algorithm and the Hough transform are used to find
the centers of the circuit elements in the work done by Florens
Wasserfall. In addition, it has been tried to determine the
centers of the circuit elements with the help of histogram [1].
Perng et al. examined the LEDs in the tape feeders, studied
the Automatic Optical Inspection (AOI) machines, and used the
Otsu automatic threshold-value method to detect possible
errors [2].
Koha et al. used the ROI (Region Of Interest) method to
automatically examine the components on their circuit boards.
By using the image of the component to be sensed, horizontal
and vertical traces are taken and they are found at the center of
the component by looking at these values [3].
Ko et al. examined the centering performance by
illuminating the circuit elements with different body
characteristics on different angles [4]. In addition, Kim et al.
used artificial neural networks to classify the illumination
process according to the body of the component [5].

II. MATERIALS AND METHODS

A. Background Subtraction
Background subtraction is mainly used to detect moving
objects. The background image created in the field of view of
the camera is removed from the new image and the changes in
the field of view of the camera are detected.
The simplest background subtraction process can be
expressed by the following formula.
1 𝑖𝑓 𝑢(𝑉𝑚,𝑒 , 𝐵𝑚 ) > 𝜏𝜆
0
𝑒𝑙𝑠𝑒

𝜓𝑒 (𝑚) = {

(1)

In this place, 𝜓𝑒 (𝑚), is given as motion label for 𝑒. 𝑚(𝑥, 𝑦)
is a function of spatial position. 𝑉𝑚,𝑒 , is the pixel in the video
frame 𝑚; 𝐵𝑚 , represents the pixel 𝑚 of the background. The
distance between these two pixel values is denoted by 𝑢. The
𝜏𝜆 term is the threshold value [6]. The 𝜏𝜆 threshold value ranges
from 0 to 255. In this study, 𝜏𝜆 value, which is determined as
the most appropriate value for the ambient conditions, is set as
120.

B. Sobel Edge Detection
Sobel edge detection is one of the methods frequently used
in image processing. The Sobel filter, which has two operators,
has kernels in the x and y directions (Table I) [7]. These kernels
are convoluted and the image is traversed on the image to find
the vertical and horizontal edge. Using kernels, the image is
scanned by the convolution product to find the vertical and
horizontal edge. The absolute values of the data obtained after
the product are summed up. A single image with edge
information is obtained vertically and horizontally.
TABLE I
X-KERNEL

-1
-2
-1

0
0
0

it is expressed with. Here, x is a binary input image in the size
of mxn with Δx and Δy intervals in the y direction, and δ is the
impulse response function [8]. The impulse response function
in the above given relation is the function of each point in the
input image,
𝜌 = 𝑚. ∆𝑥. cosθ − 𝑛. ∆𝑦. sinθ
(3)
e transformed into a sinusoid in parameter space [8].
In the equation 3 given above, ρ(-D, D) is taken as the
distance from the origin point to the right along the vector
perpendicular to the line, as shown in Figure 1.a ( D is the
diagonal distance of the input image). Here, θ(0, π) shows the
angle between the x axis and the vector ρ (Fig 1.a). The image
of a point source and related parameters are shown in Figure
1.b. Hough results accumulate a matrix (H(ρ,θ))) which is
defined as a Hough transformation matrix. One dimension of
the matrix is ρ (distance) values, the other dimension is θ (angle)
values. The maximum point values of the curve in the
parameter space (Hough space) correspond to the source point
in the image space (Fig. 1.c). All points on the same line in the
input image form sinusoids intersecting at a single point in the
Hough space (parameter space). This process is repeated for all
points in an input image whose edges have been detected. The
greatest valued element of the matrix shows which truth is most
represented in the input image. The maxima that occur at the
intersection points of the matrix are the most suitable parameter
values that show the truths in the input image. A point in the
image environment corresponds to a sinusoidal curve in the
parameter space. The points on the straight line in the image
space correspond to the curves intersecting at the same point in
the parameter space. The points on the same curve in the
parameter space correspond to the vertices passing through the
same point in the image space [8].

+1
+2
+1

Y-KERNEL

+1
0
-1

+2
0
-2

+1
0
-1

Fig. 1 a) Show a straight line ρ and θ, b) Image space, c) Hough space [8]

C. Houhg Transform
Hough transform is used to determine geometric shapes that
can be expressed mathematically, such as, circle, and ellipse.
The Hough function transforms every non-zero point (pixel) of
the image into a sinusoid in the parameter space. In the opposite,
each point in the parameter space corresponds to a straight line
in the image [8]. The definition of a line in an image with a
discrete data state in parameter space,
H(𝜌, θ) = ∑
𝑚

∑ 𝑓(𝑚, 𝑛)𝛿(𝜌 − 𝑚. ∆𝑥. cosθ − 𝑛. ∆𝑦. sinθ)
𝑛

(2)

𝑚1 =
𝑚2 =
(a)

(c)

(e)

(b)

(d)

(f)

(g)
(h)
Fig. 2 a) Blue Relay b) Large Black Relay c) Transparent White Relay
d) Square Green Relay e) Orange Relay f) White Relay g) Small Black
Relay h) Transparent Blue Relay

In this study, different types of relays produced with THT is
used (Fig. 2). Since the outer body of the relays are not square
or rectangular, methods based on region analysis do not give
accurate results (due to ovality of the edges). This is why edge
lines must be detected. With the help of the vacuum, the relays
held on the upper surfaces are brought onto the camera with the
aid of a machine where three axes can be controlled. The
camera has a fast data transfer feature and the transfer of the
bottom surfaces of the relays via the computer USB port is
provided. This camera has a monochrome feature of
1280x1024 pixels, 60 frames per second. Relay images
transferred from the computer have been removed from the
background image (Fig.3). The threshold value is determined
and the Sobel edge detection algorithm is applied to the
detected image (Fig. 4). The skeletonization algorithm is
applied to the edges before HD is applied (Fig. 5). With the
skeletonization algorithm, the amount of edge pixels is reduced,
and HD gives better results. As a result of the applied
operations, the edge information of the components is
converted into mathematical expressions in the polar
coordinate system with HD. The lines obtained in the polar
coordinate system are applied to the image transferred from the
camera by being converted into Cartesian coordinate system
(Fig 6). The intersection points of the edge lines obtained as a
result of these operations;

(𝐵𝑦 − 𝐴𝑦)
(𝐵𝑥 − 𝐴𝑥)

(4)

(𝐷𝑦 − 𝐶𝑦)
(𝐷𝑥 − 𝐶𝑥)

(5)

𝑐1 = 𝐵𝑦 − 𝑚1 ∗ 𝐴𝑥
𝑐2 = 𝐷𝑦 − 𝑚2 ∗ 𝐶𝑥
(𝑐2 − 𝑐1 )
(𝑚1 − 𝑚2 )
𝑖𝑦 = 𝑚1 ∗ 𝑖𝑥 + 𝑐1
𝑖𝑥 =

(6)

(7)
(8)

calculated by the equations. In this form |AB | and |CD | it is a
line segment. 𝑖 point is the intersection of these correct parts. It
is expressed as A point (Ax, Ay), B point B (Bx, By), C point
C (Cx, Cy), D point D (Dx, Dy) and E point E (Ex, Ey). 𝑚 is
the slope of a straight line, 𝑐 is the intersection of the axes
with the axes in Cartesian coordinate system.
As a result of the calculations, the corner points of the relay
images are obtained. Using these corner points, the intersection
points of diagonals and diagonals of relays are found. The point
located gives the center point of the relay.
After HD, the edge data calculated in the polar coordinate
system has been converted to the Cartesian coordinate system.
If the found edge lines have the angles of 0, 90, 180, 270, the
points of the start and end points of the vertical or horizontal
line segments of the edge lines are equal. In this case,
uncertainties arise in the form used to find the intersection point.
In this case, there are uncertainties in the gradient pattern used
to find the intersection point. A second method has been
applied to overcome these uncertainties. If any angle value of
the component to be sensed is 0, 90, 180 or 270 degrees, the
midpoints of the highest values are calculated by taking a trace
of the horizontal and vertical planes of the view. The result is
the center point.

Fig. 3 Blank Background Image

0.1 mm, the visual analysis shows that the 0.21 mm error
margin is a negligible value for the electronic circuit
elements to be placed on the card. The mechanical system
has a precision of 0.1 degree.
TABLE II
RESULTS
Real Value
(mm)

Fig. 4 Image obtained after background subtraction (𝜏𝜆 = 120)

Fig. 5 Skeletonization algorithm applied after Sobel edge detection

Fig. 6 Edges and center of the calculated component

III. RESULTS

The proposed image processing approach for low-cost
THT machines is based on eight different angle values for
each of the eight ratios. The relays having different colors and
sizes is analyzed by the method that is designed. The findings
obtained as a result of the applied method are shown in Table
II. The first column in this table is the distance to the diagonal
of the true center; the second column is the distance to the
diagonal of the found center; third column, error; the fourth
column shows the angle of the relay.

When examining the maximum error rates for different
types of relays, the blue relay is 0.08 mm, the black relay is
0.04 mm, the square green relay is 0.14 mm, the orange relay
is 0.13 mm, the blue relay is 0.08 mm, the white relay is 0.08
mm, the blue relay is 0.21 mm.
From the results, the maximum error is 0.21 mm. When
the mechanical system is considered with a tolerance of

15,93589

Found
Value
(mm)
15,90298

Error
(mm)

Angle
Value (°)

Relay Name

0,03290303

0,2

Blue Relay

15,93589

15,91582

0,02006958

45,8

Blue Relay

15,93589

15,93015

0,00574104

90,2

Blue Relay

15,93589

15,85586

0,08002666

135,4

Blue Relay

15,93589

15,94981

0,01392469

180,6

Blue Relay

15,93589

15,94406

0,00817108

235,1

Blue Relay

15,93589

15,96708

0,03119772

270

Blue Relay

15,93589

15,91022

0,02567084

315,6

Blue Relay

15,78963

15,75997

0,02966562

0,1

Black Relay

15,78963

15,77162

0,01801509

45,9

Black Relay

15,78963

15,76248

0,02715499

90,1

Black Relay

15,78963

15,75916

0,03047143

135,8

Black Relay

15,78963

15,78802

0,00161342

180,1

Black Relay

15,78963

15,74338

0,04625007

235,6

Black Relay

15,78963

15,74338

0,04625007

270,5

Black Relay

15,78963

15,80855

0,01891757

315

Black Relay

13,66053

13,6415

0,01902565

0,7

13,66053

13,65421

0,00631831

45,1

13,66053

13,67016

0,00962895

90,6

13,66053

13,66219

0,00165951

135

13,66053

13,65176

0,00876897

180

13,66053

13,64109

0,01943747

235,3

13,66053

13,69546

0,03493306

270

13,66053

13,8095

0,14897244

315,1

15,82948

15,85692

0,02744448

0,1

Square Green
Relay
Square Green
Relay
Square Green
Relay
Square Green
Relay
Square Green
Relay
Square Green
Relay
Square Green
Relay
Square Green
Relay
Orange Relay

15,82948

15,96371

0,13422925

45,2

Orange Relay

15,82948

15,82713

0,00235032

90,8

Orange Relay

15,82948

15,86196

0,03248226

135,5

Orange Relay

15,82948

15,84852

0,01903984

180,4

Orange Relay

15,82948

15,86679

0,03730823

225,4

Orange Relay

15,82948

15,81387

0,01561487

270,6

Orange Relay

15,82948

15,87415

0,04467359

315,9

Orange Relay

15,75817

15,75996

0,00179456

0,6

15,75817

15,77161

0,01344510

45,8

Transparent
White Relay
Transparent
White Relay

15,75817

15,76247

0,004305

90,1

15,75817

15,75916

0,000988

135

15,75817

15,78801

0,029846

180,7

15,75817

15,74338

0,014789

225,4

15,75817

15,80855

0,050380

270,6

15,75817

15,80113

0,050377

315

15,78963

15,81509

0,025464

0,5

Transparent
White Relay
Transparent
White Relay
Transparent
White Relay
Transparent
White Relay
Transparent
White Relay
Transparent
White Relay
White Relay

15,78963

15,84503

0,0554

45

White Relay

15,78963

15,76959

0,020036

90,2

White Relay

15,78963

15,75807

0,031555

135,5

White Relay

15,78963

15,82616

0,036531

180,3

White Relay

15,78963

15,68438

0,085531

235,6

White Relay

15,78963

15,79492

0,025005

270,8

White Relay

“15,78963

15,80364

0,03373

315,9

White Relay

15,76991

15,73055

0,039357

0,4

15,76991

15,71098

0,05893

45,3

15,76991

15,5535

0,216414

90,8

15,76991

15,72636

0,043553

135,9

15,76991

15,7064

0,06351

180,2

15,76991

15,73292

0,036991

225,5

15,76991

15,6767

0,093213

270,3

15,76991

15,75062

0,019289

315

11,18034

11,19017

0,009831

0,2

11,18034

11,18049

0,000152

45,1

11,18034

11,18902

0,008683

90,6

11,18034

11,12793

0,052411

135

11,18034

11,19848

0,018141

180,4

11,18034

11,15197

0,028368

225,5

11,18034

11,09821

0,082126

270

11,18034

11,13372

0,046617

315,8

Transparent
Blue Relay
Transparent
Blue Relay
Transparent
Blue Relay
Transparent
Blue Relay
Transparent
Blue Relay
Transparent
Blue Relay
Transparent
Blue Relay
Transparent
Blue Relay
Small Black
Relay
Small Black
Relay
Small Black
Relay
Small Black
Relay
Small Black
Relay
Small Black
Relay
Small Black
Relay
Small Black
Relay

IV. CONCLUSIONS
After applying HD to the sample relay images, there are
ambiguities of 0,90,180,270 degrees during the detection of the
edges. A second method is used to avoid uncertainty in these
aspects. The use of two methods for analysis prolongs the
processing time. In addition, the presence of a second method
increases the number of possible errors. Therefore, a method
that can work in any case should be developed.
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Abstract—Feature extraction play a very important role on
classifier methods because of more fast and accurate
classification results when the pattern is simpliﬁed through
representation by important features. There are many different
feature extraction techniques to extract various features from the
raw data. The most discriminating information of an image or
signal is produced via feature extraction techniques. The
obtained information can be used as a feature vector. In the
proposed approach, the feature vector of medical data set was
obtained by using Mean Absolute Deviation (MAD) algorithm
which is a summary statistic of statistical dispersion or
variability. In this system, 225 vein images on the hand were
used. The vein images dimension by 240x180 pixels are obtained
from this images. After MAD, we obtained 12x9 matrix results at
the end from the original images for each sub-image (20x20
pixels). The digitized images were classified by using some data
mining methods. In this study, the high classification accuracy
was obtained 97.3% and 98.2% for Neural Network and Support
Vector Machines, respectively. In conclusion, we can say that the
MAD algorithm can be used for automatic vein detection in the
medical area via a computer program.
Keywords—Mean absolute
methods, feature extraction.

deviation,

images,

classification

I. INTRODUCTION
Pattern is information that is observed and measured. The
pattern term includes variables such as sound, image, and
signal. Pattern recognition is an identification or classification
process according to the determined criteria by perceiving the
pattern. The basic elements of the pattern recognition process
are feature extraction, feature selection and classification.
Before classification, the character images should be feature
extracted. Attribute extraction allows obtaining characteristic
features of the pattern by sifting irrelevant and excess
information of an image. Elimination of unnecessary
information is also of great importance in terms of shortening
the duration of the recognition process. Feature extraction
provides to obtain the most discriminating information of
image. This information can be presented as a feature vector
[1]. In this study, the feature vector of a vein images were
encoded by using Mean Absolute Deviation (MAD)
algorithm. The aim of MAD implementation is to get rid of
the values that we can characterize as noise from the image
and to obtain numerical values so as not to disturb the
structure of the view.

II. METHODS
The method used to extract the attribute depends on the
problem area. For example, in voice and speech recognition
problems, the spectrum of the signal can be examined and
information in various frequency bands can be used as an
attribute instead of the entire signal. In the case of image
recognition problems, instead of the entire image, the
spectrum analysis information of the image and the color,
brightness, corner, and edge information of the image may
form the attribute set. The extraction of the attribute may be of
statistical manner or syntactic descriptions. Many different
techniques can be used to extract diverse features from the
data [2]. In our work, we used the Mean Absolute Deviation
(MAD) for extracting of attributes.
Mean Absolute Deviation (Average Absolute Deviation)
The Mean Absolute Deviation (or average absolute
deviation) of a data set is the average of the absolute
deviations from a central point. It is a summary statistic of
statistical dispersion or variability. In this general form, the
central point can be the mean, median, mode, or the result of
another measure of central tendency. Furthermore, as
described in the article about averages, the deviation
averaging operation may refer to the mean or the median.
Thus the total number of combinations amounts to at least
four types of MAD.
The MAD of a dataset is the average distance between each
data point and the mean. It gives us an idea about the
variability in a dataset.
Here's how to calculate the MAD.
Step 1: Calculate the mean.
Step 2: Calculate how far away each data point is from the
mean using positive distances. These are called absolute
deviations.
Step 3: Add those deviations together.
Step 4: Divide the sum by the number of data points.
Following these steps in the example below is probably the
best way to learn about MAD, but here is a more formal way
to write the steps in a formula [3]:

The choice of measure of central tendency has a marked
effect on the value of the mean deviation. For example, for the
data set {2, 2, 3, 4, 14}:

The MAD from the median is less than or equal to the
MAD from the mean. In fact, the MAD from the median is
always less than or equal to the MAD from any other fixed
number [4].

(a)

(b)

III. RESULTS
In this work, the attributes of 9 vein images taken from 25
patients' hands (9x25=225 images) have been extracted by
using MAD. Some of these images are shown in Figure 1.

(c)

(d)

Fig. 1. (a), (b), (c), (d). The first four vein images of the 1st patient.

Adaptive thresholding is a technique of choosing the
threshold based on the image's gray level values in some way.
It is ideal for coping with variations in light and part
appearance. There is no general method for choosing a
threshold for an arbitrary image; something must be known
about the image to define the process. So, automatic
thresholding techniques tend to be specialized for a certain
image or type of images [5].
In this work, all images that are between 0-255 values are
normalized to reduce noisy data in image. For this reason, the
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threshold value is set to 200. In other words, we used the
value of 0.7843, which is obtained by dividing the determined
threshold (200) by the maximum value (255). 1 indicates pixel
value having a value between 200 and 255, and 0 indicates
values below 200 value. In this case, white areas consist of 1,
black areas consist of 0. The vein images are 240x180 pixels
in size and the images are dividing into 20x20 pixels
dimensioned sub-images by the Matlab program. The four
sections at the first row first image of patient 1 are given in
Table 1.

TABLE I
THRESHOLD VALUES OF 20X20 PIXELS OF FOUR SECTIONS IN THE FIRST ROW OF THE 1th PATIENT.
1 1 1 1 1 1 1 1 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0
1 1 1 1 1 1 1 1 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0
1 1 1 1 1 1 1 1 1 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0
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1 1 1 1 1 1 1 1 1 1 1 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0
1 1 1 1 1 1 1 1 1 1 1 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0
1 1 1 1 1 1 1 1 1 1 1 1 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0
1 1 1 1 1 1 1 1 1 1 1 1 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0
1 1 1 1 1 1 1 1 1 1 1 1 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0
1 1 1 1 1 1 1 1 1 1 1 1 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0
1 1 1 1 1 1 1 1 1 1 1 1 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0
1 1 1 1 1 1 1 1 1 1 1 1 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0
1 1 1 1 1 1 1 1 1 1 1 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0
1 1 1 1 1 1 1 1 1 1 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0 0
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0
0
0
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0
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(1, 4)

Each sub-images were feature extracted by applying MAD.
As a result, 12x9 matrix (108 features) was obtained for each

Feature1
0.335929
0.237193
0.400802
0.302132
0.305517
0.442146
0.462842
0.210835
0.415667
0.492347
0.484361
0.490248
0.48449
0.472041

0
0
0
0

(1, 2)

(1, 3)

Patinet No
patient1
patient1
patient1
patient1
patient1
patient1
patient1
patient1
patient1
patient2
patient2
patient2
patient2
patient2

0
0
0
0

patients. The result of the MAD performed is given for some
patients in Table 2.

TABLE II
FEATURE VALUES OF SOME PATIENTS AFTER MAD

Feature2
0.003251
0.004165
0
0.002826
0.003601
0
0
0.005276
0
0.486445
0.482309
0.397524
0.484559
0.280309

Feature3
0
0.010388
0.012539
0
0.000888
0.012789
0.267504
0
0.003837
0.259587
0.240322
0.07598
0.02271
0.385364

The running time of the Matlab program is 1.203000
seconds for 1st patient’ first image, 4.125000 seconds for all
patients.
In this work, the feature vectors were applied to the Neural
Network (NN) and Support Vector Machine (SVM) as an

Feature4
0
0.05305
0.00498
0
0.003548
0.036396
0.177927
0
0.005737
0.072009
0.255049
0.357919
0.450875
0.473637

Feature5
0.00561
0.002654
0.001525
0.040399
0
0.002049
0.001457
0.009846
0.00185
0.269206
0.360513
0.367758
0.411267
0.487492

Feature6
0.127849
0.485858
0.444094
0.101973
0.431915
0.381714
0.462002
0.147675
0.491599
0.442312
0.468994
0.462748
0.466088
0.332071

Feature7
0
0.070893
0.172543
0
0.004041
0.295781
0.116206
0
0.039593
0.481101
0.084971
0.473485
0.326482
0.492803

input for classification of the sub-images of vein. The
parameters of used classification methods are shown in Table
3. In order to evaluate the performance of this system, 225
vein images were employed.

TABLE III
PARAMETERS OF CLASSIFICATION METHODS

Classification Method
SVM

Neural Network

Properties
SVM Type
Kernel
Numerical tolerance
Iteration limit
Hidden layers
Activation
Max iterations

We performed two classification methods for understanding
and evaluate the performance of MAD that carried out some
attributes on data. In conclusion, both Neural Network and

Value
SVM, C-1, e=0.1
RBF
0.001
100
20
Logistic
300

SVM are obtained the high classification accuracy as shown
in Table 4 with 97.3% and 98.2%, respectively.

TABLE IV
CLASSIFICATION ACCURACY OF BOTH CLASSIFICATION METHODS

Method
Neural Network
SVM

AUC
1.000
1.000

CA
0.973
0.982

IV. CONCLUSIONS AND DISCUSSION
In this work, we proposed a method that is MAD algorithm
for as feature extractor diagnosis and detection on medical
images. The derivation of characteristic attributes is one of the
critical design steps of pattern recognition systems. Extracted
attributes that are distinctive and as few as possible of
provides higher precision in a shorter time with simpler
classifiers.
MAD has been proposed to be used in place of standard
deviation since it corresponds better to real life [6]. Because
the MAD is a simpler measure of variability than the standard
deviation, it can be used as pedagogical tool to help motivate
the standard deviation [7], [8].
This method's forecast accuracy is very closely related to
the mean squared error (MSE) method which is just the
average squared error of the forecasts. Although these
methods are very closely related, MAD is more commonly
used because it is both easier to compute (avoiding the need
for squaring) [9] and easier to understand [10].
NN and SVM are considered for classiﬁcation of medical
images. Classiﬁcation is more accurate when the pattern is
simpliﬁed through representation by important features,
feature extraction play an important role. The feature
extraction for the medical datasets was performed by usage of
MAD. The extracted attributes can be used as representing
feature as inputs of the classification methods.

F1
1.000
1.000

Precision
1.000
1.000

Recall
1.000
1.000
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Abstract— Using finite control set model predictive control
(FCS-MPC) in multiphase drives presents the impossibility of
simultaneously regulating the flux/torque and secondary currents
(typically termed x-y). The latter components increase the drive
losses and worsen the power quality. Since FCS-MPC applies a
single switching state during the whole sampling period, the
control action inevitably leads to high circulating x-y currents.
Aiming to solve this problem, the integration of virtual voltage
vector (VVs) together with FCS-MPC schemes has been recently
proposed. The virtual voltage vectors ensure a null average
voltage value in the x-y subspace. Thereby the VV-MPC tries to
reach the flux/torque requirements whereas the VVs reduce the
x-y copper losses and improve power quality. Currently available
MPC strategies based on VVs are restricted to the use of a single
VV per sampling period, but this procedure cannot produce
optimal results in the flux/torque tracking. This paper proposes
the application of the two best VVs obtained by MPC scheme and
examines the room for improvement of this approach. The use of
two VVs maintains the reduction of x-y power losses but
improves to some extent the flux/torque regulation because the
flux/torque state is optimally reached using two VVs (2VVMPC). On the other hand, the use of 2VVs increases the
switching frequency during operation. The analysis presented in
this work details the three MPC-based schemes (MPC, VV-MPC
and 2VV-MPC) and provides comparative simulation results for
a six-phase induction motor drive. The final results demonstrate
and quantify (in terms of THD and rms current values) the
improvement of 2VV-MPC over standard MPC and single VVMPC. The provided analysis allows the control designer to select
among the different methods as a trade-off between simplicity
and accuracy.
Index Terms—Model predictive control, virtual voltage
vectors, six-phase drives, induction motors

I. INTRODUCTION

M

machines and drives have experimented a reemergence at the beginning of the century, and much
research has been focused in the analysis of their
advantages over the three-phase standard [1-4]. Apart from the
well-known fault tolerant capability, some other innovative
uses of the additional degrees of freedom have appeared in
recent times [4-8]. This body of knowledge has motivated the
ULTIPHASE
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increasing interest of both the scientific community and
industry [9].
This evolution in the analysis of multiphase drives has
witnessed the extension of the main control techniques,
including field oriented control (FOC), direct torque control
(DTC) and, more recently, model predictive control (MPC) [913]. The latter is one of the most promising candidates to
traditional approaches, either for the whole speed regulation or
for the inner current control loops in FOC-based approaches.
In spite of the fast dynamic response and flexibility of MPC,
the application of a single switching state during the whole
sampling period leads to higher current ripple than FOC, this
being a common characteristic with DTC. Furthermore. A
single switching state cannot achieve the optimal average
output voltage, especially in the low-voltage range. For this
reason, some attempts were made in three-phase systems to
extend the range of voltage possibilities using virtual vectors
that were form by more than one switching state [14].
The situation in multiphase drives is however more delicate,
since there are multiple subspaces where the phase voltage
vectors are mapped. Hence, a single switching state inevitably
produces voltage not only in the main plane, but also in
secondary subspaces, this being an undesirable feature that
leads to high copper losses. This problem has been recently
solved by the application of virtual voltage vectors that cancel
the average value of the currents in the secondary planes [15].
This approach has proved to highly reduce the secondary
currents, but the problem of non-optimal voltage in the main
plane remains similarly as in three-phase drives.
Aiming to further improve the performance in all planes of
a six-phase induction motor drives, this work proposes the use
of two virtual vectors within a single period based on the best
choices of the predictive approach. While each virtual vector
guarantees that the averages value of the - (secondary)
voltages is null, the combination of two virtual vectors
(including the zero vector) improves the resolution in the (main) plane. The combines effect results in a global
improvement of the drive performance.
This paper is structured so that some basic background about
six-phase machines, voltage vectors and virtual voltage
vectors are reviewed in section 2, model predictive control
structure and its performance limitations are described in

section 3, the proposed control scheme is presented in section
4 and the main conclusions are lastly summarized.

(3)

II. IM SIX PHASE DRIVE, VOLTAGE VECTORS AND VIRTUAL
VOLTAGE VECTORS

The IM drive employed in this work includes an asymmetrical
six-phase machine and a dual three-phase VSC. (Fig 1). The
switching states of this VSC can be described as a vector
[S]={Sa1, Sb1, Sc1, Sa2, Sb2, Sc2}, where the vector components
Si define the switching states of each VSC leg. The possible
values of the components are binary. The vector component is
0 if the lower switch is ON and the upper switch OFF and 1
otherwise. Vector [S] allows expressing the 26=64 available
VSC switching states, and if one considers the dc-link voltage
(Vdc) and the transformation from leg to phase values, then it
is possible to determinate the different stator phase voltages
according to expression (1).

(4)

where p is the number of pole pairs, Ls = Lls + 3·Lm, Lr = Llr +
3·Lm, M = 3·Lm and ωr is the rotor electrical speed (ωr =
p·ωm). Subscripts s and r denote stator and rotor variables,
respectively.

Fig. 1. Scheme of a six-phase IM drive.

For control purposes, multiphase machines are typically
analyzed using the vector space decomposed (VSD) voltages
that are obtained by applying the power invariant decoupling
Clarke transformation (2). In this way, mapping the phase
voltages in two orthogonal subspaces - and - and a zero
sequence component is possible (Fig. 2).

(1)

Analyzing the - and - voltage vectors maps, it is
possible to group them in small, medium, medium-large, and
large in both subspaces (Fig. 2). These groups are related by
its size and direction in the other subspace, so that mediumlarge vectors in the - plane result in medium-large vectors
in the - plane, whereas large vectors in the - subspace
turn into small vectors and vice versa. On the other hand, large
vectors and medium-large vectors with a common direction
in - subspace have opposite direction in - components .
Thereby it is possible to select an adequate combination of
voltage vectors in order to avoid the - plane currents and
therefore associated cooper losses. The combination of one
medium-large and one large voltage vector allows obtaining a
virtual voltage vector (VV) that results in a zero average
voltage in - subspace. Aiming to obtain these VVs, each
voltage vector must be applied during an appointed fraction of
the sampling period.
The general expression of the VVs is (5):
(5)

(2)

In a six-phase VSC the application time of each voltage
vector must be t1=0.73·Tm an t2=0.27·Tm, achieving a zero
average voltage vector in the - plane [15].
This feature allows ensuring the mentioned nullifying voltage components and simplify the control scheme involved
in this work.

Aiming to obtain an adequate flux/torque regulation, d-q
components are employed via Park transformation (3). The
model in VSD variables (4) provides a tool for the prediction
of futures states of the IM drive after proper discretization.

III. MODEL PREDICTIVE CONTROL AND ITS LIMITATIONS
Model Predictive Control schemes have been recently
proposed for the high-performance regulation of electric
drives. A flexible design and fast current control are the main
features that justified this increasing interest. Using a finite

control set (FCS) of independent voltage vectors it is possible
to estimate the required future current states in the MPC
strategy.

where:
(7)

Standard FCS-MPC scheme is based on the minimization of
a certain cost function. It includes the current errors affected
by a weighting parameter (Ki) which promotes either the or - planes:
(8)

where:
(9)
Fig. 2. Voltage vectors in
.

- and - subspaces for a six-phase VSC.

An increase in the weighting parameter (Ki) results in high
errors of the x-y voltages and vice versa. Therefore, it is not
possible simultaneously satisfy the flux/torque requirements
and minimize the x-y ripple.
A common feature of all FCS-MPC control schemes is the
application of a single switching state during the whole
sampling period. This fact generates voltage vectors in both
subspaces (α−β) and (x-y). This scheme allows a successful
torque/speed tracking. On the other hand, the voltages in the xy plane worsen the power quality and motor drive efficiency.

Fig. 3. MPC scheme for a six-phase IM drive.

In order to solve this problem, inherent to multiphase
drives, a FCS composed by virtual voltage vectors (VVs) (Fig.
4) is integrated to the FCS-MPC in [15]. This approach uses
only one VV per sampling period, providing a null average x-y
voltage
that
ensures
low
x-y
current
ripple.
The predictive model can be reduced due to the absence of
x-y components in the model [15]. Hence, a new reduced
predictive model can be defined as:
(10)

where:
Fig. 4. Virtual Voltage Vectors (VVs) - subspace for a six-phase VSC.

The most accepted structure of MPC-based schemes for
multiphase drives has an outer speed loop with a proportionalintegral (PI) controller and includes an inner loops based on a
model predictive approach (Fig. 3). This inner loop aims to
track the reference stator currents
A discrete model of
the drive is used to predict future currents states
. The IM
is modeled using state-space representation based on the VSD
approach and dynamic reference transformation as shown in
[13]:

(6)

(11)

The matrices [ ], [ ] and [C] define the dynamics of a sixphase IM and their coefficients are related with the machine
parameters.
Nullifying the x-y components also allows reducing the cost
function expression:
(12)

Despite of the successful integration of VV in the FCS-MPC,
its performance in low voltage is not optimized. By using the
VVs from Fig. 4 , the VV-MPC scheme offers acceptable x-y
current ripple, but non-optimized flux/torque response in
operation points that require low-voltage supply. This

limitation is solved to some extent with the enhanced control
scheme detailed in the next section.
IV. PROPOSED CONTROL STRATEGY
This section describes the proposed MPC based on the
utilization of two VVs (termed VV2-MPC in what follows).
Aiming to improve the performance of the standard MPC and
VV-MPC [15], the proposed control technique maintains the
null - average voltages, but provides more accuracy in the
- plane by combining two VVs.

Fig. 6. Scheme of the proposed VV2-MPC for a six-phase IM drive.

a)

Fig. 7. Algorithm flowchart of the proposed control technique

b)

c)
Fig. 5. a) High voltage region (VV) b) High voltage (two VVs) c) Low voltage
region (VV+ zero vector)

If the required - voltage is sufficiently high, then the
application of a single VV can be a non-optimal but
approximate solution (Fig. 5a). Using two active VVs can be
advantageous to provide and average - voltage that is closer
to the reference (Fig. 5b), this being somewhat similar to the
control schemes that include a modulation stage. However, the
most remarkable advantage of the proposed VV2-MPC is
found when the required voltage is low (inner circles in Fig.
5c). In this case the application of an active VV and the zero
vector allows a more precise control, which in turn results in
an improved performance (see next section). It is worth noting
here that regardless of the applications of one active VV, two
active VVs or one active VV and a zero vector (in Figs. 5a, 5b
and 5c, respectively), the - voltage is always null on
average because both active VVs and zero vectors do not
excite the - plane on average.
The proposed control algorithm (Fig 6) allows selecting the
performance mode in each iteration. High torque requirements
are achieved by using VV-MPC control scheme is the
adequate performance, shown in [15]. On the contrary, if
flux/torque requirements need the combination of two VVs,
the proposed control technique determines the application
times and
(13)

The modifications in the VV2-MPC are shown in orange
color in Fig. 6. A new cost function is integrated in the
predictive scheme:
(14)

The minimization of
leads to determine
and
ensuring the optimal way to combine two VVs in order to
satisfy the requirements in the - plane. A loop computes the
values of J3 by varying
between 0.2·Tm and 0.8·Tm (Fig.7).
The latter loop uses the two optimal VVs provided by J1 and
J2.
Hence this control strategy selects the most suitable
performance mode, a switching state based on one VV gating
signal or two VVs (or null vector). The latter implies an
increase in the switching frequency. More voltage vectors are
applied during the sampling period. This fact is analyzed in
the section V.

appearance of parasitic currents in the secondary planes, and
the second one is the lack of accuracy in the main plane when
the voltage requirements are low. The control strategy
suggested in this paper aims to simultaneously solve both
problems. While the use of virtual vectors (VVs) guarantees
low - currents, the combination of two VVs or an active VV
and a zero vector provides more accuracy in the - plane.
The final result is a lower ripple in both planes that promote
better flux/torque production and lower copper losses at the
expense of slightly higher switching frequency. The method is
especially suitable at operating points with low voltage
requirements where the combination of an active VV and the
zero vectors produces a remarkable improvement.
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V. SIMULATION RESULTS
This section examines the performance of VV-MPV versus
VV2-MPC using simulation tools (Matlab/Simulink) and the
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and a dc-link
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machine target speed is changed from 200 to 400 rpm with a
load torque of 2 Nm. In the top plots of Fig. 8 it can be
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VI. CONCLUSIONS
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Fig. 8. Dynamic results with VV-MPC (left plots) and VV2-MPC (right plots) from 200 to 400 rpm and 2 Nm. From top to bottom: speed, d-q currents and x-y
currents.

Fig. 9. Steady-state results for different values of the target speed and load torque. Left plot shows the THD with VV-MPC (upper surface) and VV2-MPC (lower
surface) and right plot shows the switching frequency with VV-MPC (lower surface) and VV2-MPC (upper surface).

Classification Algorithms for Various Disease
Dataset Using WEKA
Seda Üstün Ercan*, Gaye Yeşim Taflan+
#

Department of Electrical and Electronics Engineering, Ondokuz Mayıs University
Kurupelit, Samsun
sedau@omu.edu.tr
Department of Aircraft Maintenance, Ondokuz Mayıs University
Ondokuzmayıs, Samsun
gtaflan@omu.edu.tr

+

Abstract—Data mining helps to make better predictions

from large databases. In this study WEKA (Waikato
Environment for Knowledge Analysis) is used because it
includes both supervised and uncontrolled learning
techniques and it helps to evaluate and compare data
mining techniques (such as Classification, Clustering, and
Regression). In this work, the accuracy of different
classification algorithms are analyzed and the most
appropriate algorithm with better classification accuracy is
determined. In this work, six classifiers Naive Bayes,
Random Forest, k-Nearest Neighbors (kNN), Support
Vector Machine (SVM), Kstar and J48 have been used for
classification by WEKA data mining tool. These classifiers
have been compared in order to determine the classification
accuracy based on performance measures like correctly
classified instance (CCI), Mean Absolute Error (MAE) and
Root Mean Square Error (RMSE) and Kappa Statistics.
In this study, different data set taken from UCI
(University of California, Irvine) machine learning
repository database [1]has been classified using different
algorithms. Three different datasets including breast
cancer, parkinsons and chronic kidney disease are used for
classification. When the classification algorithms are
applied, it is decided whether the person is ill or not. At the
end of the work the performance of the classification
algorithms are compared. The results show that the
performance of the classification algorithms change with
the feature of dataset.
Keywords— WEKA, data mining, classification, UCI, CCI.

I. INTRODUCTION
The most important developments in the technological area
in the near future will most likely be on machine learning.
Machine learning is a kind of artificial intelligence that aims to
give computers the ability to learn. Machine learning provides
learning skills such as prediction, diagnosis, detection and
recognition using statistics, optimization, programming and
many more disciplines. Machine learning is basically divided
into supervised and uncontrolled learning. Data mining is the
process of discovering patterns in large data sets involving
methods at the intersection of machine learning, statistics, and

database systems. The increment in the amount of data brings
forward the concept of data mining based on statistics. Data
mining has become increasingly popular in data analysis and it
is used in many different research fields such as medical,
education, business, scientific etc. There are many studies and
definitions related to data mining in the literature. Databases
have much more information than shallow information
obtained by conventional analytical and interrogation
techniques [2]. Data mining is the discovery of meaningful new
correlations, patterns and trends with the elimination of data
stored in storage media using pattern recognition techniques
with the help of statistical and mathematical techniques in
general terms [3]. Data mining is the process of obtaining
valuable information from large-scale data and to reveal the
relationships between the data and to make prospective
predictions when necessary [4].
In this study WEKA machine learning tool is used for
classification. It is open source analysis software developed by
Waikato University with java subroutine. The first official
version was released in 1996. This application is a data analysis
program that has been around for a long time [5]. With Weka
application, data is prepared in the form of files with arff
extension. In data files with an extension of Arff, the results are
generated according to the analysis selections and adjustments
contained in Weka's menus.
In [6] WEKA have been used to perform classification to
identify the heart disease of a patient. The authors used data
mining techniques in heart disease for diagnosis and treatment
[7]. The parameters of resonance frequency, reflection factor
and antenna gaining have been determined using WEKA data
mining programme [8]. In this study it is aimed to estimate
Chemical Fertilizer consumption by using data mining methods
[9]. In [10] liver disease prediction has been done using
Classification algorithms with WEKA. Classification
techniques are used to analyze student’s performance and
predict slow learners using WEKA [11].
The rest of the paper is structured as follows: Section II
presents the dataset description used in the study. Section III
introduces the evaluation criterion of classification algorithms.
In section IV classification results are given. Finally, the paper
is drawn to a conclusion in Section V.

II. DATASET DESCRIPTION
In order to evaluate the performance of various data mining
classification algorithms, dataset of including breast cancer,
parkinsons and chronic kidney disease are taken from UCI
database. Breast cancer dataset includes 201 instances of one
class and 85 instances of another class. The instances are
described by 9 attributes (age, menopause, tumor-size, invnodes, node-caps, deg-malig, breast, breast-quad,irradiat),
some of which are linear and some are nominal [1].
The other is Parkinsons dataset composed of a range of
biomedical voice measurements from 31 people, 23 with
Parkinson's disease (PD). The dataset includes 195 instances
and 22 attributes (name, average vocal fundamental frequency,
maximum and minimum vocal fundamental frequency, several
measures of variation in fundamental frequency and
amplitude, two measures of ratio of noise to tonal components
in the voice, two nonlinear dynamical complexity measures,
signal fractal scaling exponent, three nonlinear measures of
fundamental frequency variation).
The last dataset can be used to predict the chronic kidney
disease and it can be collected from the hospital nearly 2
months of period. The dataset includes 400 instances and 24
attributes (age, blood pressure, specific gravity, albumin, sugar,
red blood cells, pus cell, pus cell clumps, bacteria, blood
glucose random, blood urea, serum creatinine, sodium,
potassium, haemoglobin, packed cell volume, white blood cell
count, red blood cell count, hypertension, diabetes mellitus,
coronary artery disease, appetite, pedal edema, anemia).

3) Mean Absolute Error (MAE):
It computes the average of absolute values of difference
between the predicted observation and the actual observation.
𝑀𝐴𝐸 =

1
𝑛

|𝑓 − 𝑦 | =

4) Root Mean Square Error (RMSE):

1
𝑛

|𝑒 |

It computes the square of the difference between the actual
values and the predicted values, and then averaging the squares,
and taking the square root gives us the RMSE.

𝑅𝑀𝑆𝐸 =

∑

(𝑓 − 𝑦 )
𝑛

IV. CLASSIFICATION RESULTS
In this study 6 major classifiers namely k-nearest neighbor,
J48, Kstar, Naive Bayes, Random forest and SMO are used for
different dataset. 10-fold cross validation are used to compute
confusion matrix of each model and then evaluate the
performance by using CCI, KS, MAE and RMSE. Various
performance measures related these classifiers have been
shown in Fig 1-4.

III. EVALUATION CRITERION
1) Accuracy (CCI):
The most popular and basic method used to measure
performance is accuracy. Accuracy is defined as percentage of
correctly classified instances, and written as:
Accuracy=Number of correct prediction / number of total
prediction
It is represented by the formula:
Accuracy(%) (tp tn) /(tp tn fp fn)]x100
where, tp indicates true positive, tn indicates true negative, tp
tn fp fn indicates total positive and negative.
2) Kappa Statistics:
It measures the relationship between classified instances
and true classes.
K P(A)P(E) /(1P(E))
Here P(A) denotes agreement percentage, P(E) represents
agreement chances. If the value of K is equal to 1 then
agreement is considered in a tolerable range of classifier and
the truth value. If value of K is equal to 0 then it indicates that
there exists a chance of agreement.

Fig. 1. CCI of different algorithms
Correctly classified instances (accuracy) are given in Fig. 1.
For breast cancer dataset the accuracy changes
between %69.5804 - %75.5245. J48 classifier has %75.5245
accuracy for breast cancer dataset. For parkinsons dataset, the
accuracy changes between %69.2308 - %96.4103 and for
chronic
kidney
disease
dataset
it
changes
between %91.75-%100. kNN has %96.4103 accuracy and
Random Forest has %100 accuracy for parkinsons and chronic
kidney disease datasets, respectively.

dataset the minimum RMSE value (0.0807) is obtained with
J48 classifier.

Fig. 1. Kappa Statistics of different algorithms
As seen in Fig. 2. for breast cancer dataset, Kappa statistics
changes between 0.1736-0.2864 and Kstar classifier has the
greatest value (K=0.2864) in comparison with other classifiers.
K changes between 0.3925-0.9053 for parkinsons dataset. The
greatest value K=0.9053 is obtained with kNN classifier. For
chronic kidney disease dataset, K changes between 0.8261-1
and Random Forest classifier has the greatest value (K=1).

V. CONCLUSIONS
In this study breast cancer, parkinsons and chronic kidney
disease data sets taken from University of California, Irvine are
used to classify whether the person is ill or not. For this purpose
WEKA machine learning tool is used for classification. The
performance of methods are evaluated by using CCI, KS, MAE
and RMSE. When CCI values of these algorithms are evaluated
for three dataset, the performance of methods changes
between %69.2308-%100. The greatest value of K for three
dataset is obtained with Random Forest method for chronic
kidney dataset. It is important that the MAE and RMSE should
have lower values for more accurate classification results. For
MAE value, the smallest value is obtained with SMO classifier
for Chronic Kidney disease dataset. For RMSE value, the
smallest value is obtained with J48 for Chronic Kidney disease
dataset. Classification performance has changed depending on
the number of samples, atributtes and methods.
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Fig. 3. MAE of different algorithms
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Fig. 4. RMSE of different algorithms
As seen in Fig. 4 Root Mean Square Error values are given.
J48 classifier has the lowest RMSE value (0.4324) for breast
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(0.1885) for parkinsons dataset. For chronic kidney disease
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Robust Adaptive Fuzzy Control of Unknown Markovian Jump Systems
Bedri Bahtiyar, Meriç Çetin, Selami Beyhan

Abstract— Markovian jump systems are highly nonlinear and
unstable systems such that it is difficult to estimate and control.
In this paper, a variable structure theory based robust adaptive
fuzzy controller is designed to control the Markovian jump
systems. The designed controller applies a novel constrained
input to limit the produced control signal when the system
dynamics are instantaneously changed. In addition, for faster
adaptation of the adaptive fuzzy systems, adaptive learning
rates are used. In numerical applications, the designed adaptive
fuzzy controller is applied to control of a Markovian jump
system such that the adaptation of parameters and other results
are shown for a possible future real-time applications.
Keywords: Adaptive fuzzy control, variable structure theory,
Markovian jump systems, stabilization and tracking.

I. I NTRODUCTION
Recently, Markovian jump systems (MJSs) have had
many applications, such as target tracking problems, fault
tolerant systems, filtering with uncertainties, stabilization,
model reduction and optimal control problems [1], [11],
[17], [19], [16], [7]. MJSs are hybrid systems in which
the operating modes correspond to some dynamic system
and transitions from one mode to the other are governed
by a Markov process. These systems should be designed
in an appropriate mathematical model to represent a class
of dynamic systems subject to random abrupt variations in
their structures. In other words, MJSs can be considered as
stochastic systems that remain unchanged linearly between
random jumps and randomly modified system matrices in
discrete time instances managed by a Markov process [12],
[20]. A robust and efficient control approach (such as slidingmode control) should be preferred to control these systems
against model uncertainties, parameter variations and random
abrupt variations in modeling [13], [10].
Fuzzy control, which has many advantages such as robustness, approximation theory and rule-based algorithm,
is a widely preferred control method in the literature [6],
[5], [8]. The fuzzy system provides an efficient approach to
controlling nonlinear systems in the presence of incomplete
information of the system dynamics. The nonlinearities in
the process are approximated by a control rule based on the
feedback linearization by an adaptive fuzzy system. Thus,
the nonlinear control problem is transformed into a linear
control problem. The amount of fuzzy rules required in a
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high-order system complicates the system analysis. To solve
and improve the controller performance, some researchers
proposed adaptive fuzzy control design methods based on
the sliding mode control scheme [9], [21], [18], [14].
In this paper, the control of nonlinear Markovian jump
systems (NMJS) is reinvestigated by designing adaptive
fuzzy sliding mode control. The behind the selection of a
such controller, there are two main theories. First, in order
to obtain a nonlinear adaptive controller, the conventional
adaptive fuzzy control has advantages due to its rule-based
structure for fast adaptation. Second, to design a robust
controller, sliding mode control is the well-known controller
with its easy design conditions. Therefore, their combination,
which is called adaptive fuzzy sliding mode controller, is
both adaptive and robust controller to control nonlinear
systems. Accurate stabilization and tracking results of a
selected NMJS are given in the numerical applications.
The rest of the paper is organized as follows. The mathematical dynamics of the Markovian Jump nonlinear systems
are given in Section II. Section III presents the conventional
adaptive fuzzy sliding mode control. The application results
of the designed controller are given in Section IV. Section V
concludes the paper.
II. M ARKOVIAN J UMP N ONLINEAR S YSTEMS
Consider a probability space (Ω,F ,ρ), where Ω denotes the
sample space, F the algebra events and ρ probability measure. The MJS can be described as follows on a probability
space such as (Ω,F ,ρ) [3]:
Plant Rule i:
IF µ1 (t) is F1i , and ...,
µg (t) is Fgi ,
THEN
ẋ(t) =Ai (rt )x(t) + Bi (rt )u(t),
y(t) =Ci (rt )x(t),

(1)

x(t) =γ(t), rt = r0 , t ∈ [−d 0], i = 1, . . . , S,
Here, x(t) ∈ ℜn denotes the state, y(t) ∈ ℜ the measured
output, u(t) ∈ ℜ the control input, f (t) ∈ ℜ unknown
actuator fault and it is assumed that kf˙(t)k 6 f for 0 6
f 6 ∞. r0 is initial condition and d > 0 the time delay
constant. γ(t) ∈ ℜn represents a continuous initial function
which is vector-valued and it is assumed that γ(t) ∈ ℜn is
continuously differentiable on [−d 0]. Ai (rt ), Bi (rt ) and
Ci (rt ) are mode-dependent matrices that are known and have
appropriate dimensions.
rt is the jump parameter in (1) and denotes a continuoustime discrete state Markov stochastic process. It takes values
from a finite set S = 1, 2, ..., N and transition rate matrix of

which is Π = πrk , r, k ∈ S. The transition probability of rt
can be described as follows:

Pr {rt+∆t = k | rt = r} =

(

πrk ∆t + o(∆t),
1 + πrr ∆t + o(∆t),

Here, ∆t > 0 and lim o(∆t)/∆t → 0. πrk
∆t↓0

r=
6 k
r = k.
(2)
> 0 is the

then the equivalent control input can be defined as
 n−1

X
1
(n)
ueq =
−
ki e(i) − f (x, t) − d(t) + xd . (8)
g(x, t)
i=1
In approaching phase

usw =

1
η∆ sat(s)
g(x, t)

(9)

transition rates from mode
PN r at time t and from k at time
t + ∆t with πrr = − k=1,k6=r πrk .

where η∆ > η > 0 and
(
|s/ǫ| > 1,
sat(s) =
|s/ǫ| > 1,

Let us consider nth order nonlinear SISO system (1) in
the form of more general case as

In general, f , g and d functions are unknown in practice and
it is difficult to achieve an appropriate control input (6) for a
nonlinear plant without chattering caused by usw . In order to
overcome such problems in MJS defined in (1), a saturation
function is employed as (10).

III. A DAPTIVE F UZZY S LIDING M ODE C ONTROL

x(n) = f (x, t) + g(x, t)u + d(t),
y = x,

(3)

where f (x, t) and g(x, t) are unknown nonlinear functions,
d(t) is the unknown external disturbances bounded with
|d(t)| 6 D, x = [x ẋ ... x(n−1) ] = [x1 x2 ... xn ]T is
the measurable state vector of the system and u, y ∈ ℜ
are control input and the output of the system [4]. In order
to control the nonlinear system in (3) g(x, t) must be nonzero. Therefore we assumed that g(x, t) > 0 without loss of
generality. The control objective is to provide the state x to
(n−1) T
track a desired reference state xd = [xd ẋd ... xd
] in
the presence of uncertainties and external disturbances. Thus
the sliding surface can be defined as follows.
s(e) = k1 e + k2 ė + ... + kn−1 e(n−2) + e(n−1) ,
= −ke

(4)

where k = [k1 k2 ... kn−1 , 1]T is the coefficients of the
Hurwitzian polynomial λn−1 + kn−1 λn−2 + ... + k1 and
e = x−xd = [e ė ... en−1 ]T ∈ ℜn is the tracking error. It is
obvious that the error state vector e, remains on the sliding
surface s(e) = 0 for all t > 0, when the initial value of error
e(0) = 0. The control objective of the SMC is to guarantee
that the trajectory of e will move from the approaching phase
s(x, t) 6= 0 to the sliding phase s(x, t) = 0. Thus such a
sufficient condition can be achieved by selecting a control
input as
s(x, t) · ṡ(x, t) 6 −η|s|, η > 0
(5)
where η is switching parameter. Finally, the control input u
can be constructed as
u = ueq − usw

(6)

where usw is switching type control term which will force
the system dynamics to move sliding surface in approaching
phase where s 6= 0 and ueq is equivalent control term which
will force the system dynamics to stay sliding surface in
sliding phase where s = 0 and ṡ = 0. In sliding phase if ṡ
is chosen as
(n)
ṡ = −(k1 ė + k2 ë + ... + kn−1 e(n−1) + x(n) ) + xd , (7)

usw = η∆ sign(s),
usw = η∆ (s/(|s| + ǫ)).

(10)

A. Fuzzy Logic Systems
A basic fuzzy system can be represented as
R(j) :IF x1 (t) is Aj1 ... and ... xn is Ajn ,
T HEN y(t) is B j

(11)

where R(j) is the j th rule and the output of the system is
P m j Qn
j=1 y ( i=1 )µAji (xi )
.
(12)
y(x) = Pm Qn
j=1
i=1 µAj (xi )
i

Here, µAj (xi ) denotes membership function of (xi ) which is
i
the linguistic variable and y j ∈ ℜ is a crisp value at which
µB j achieves its maximum value. 11 can be written in a
compact form as
y(x) = θT ξ(x).
(13)
where θ = [y 1 ... y m ]T and ξ(x) = [ξ 1 (x) ... ξ m (x)] is a
regressive vector, each element of which can be defined as
[4]
Qn
i=1 µAj (xi )
j
.
(14)
ξ (x) = Pm Qn i
j=1
i=1 µAj (xi )
i

Consequently the control law (6) with the adaptive fuzzy
system can be rewritten as


n−1
X
1
(n)
(i)
ˆ
u(t) =
−f (x, t) −
ki e + xd − η∆ sat(s)
ĝ(x, t)
i=1
(15)
where
fˆ(x|θf ) = θfT ξ(x)
(16)
ĝ(x|θg ) = θgT ξ(x)
are the approximation functions of f (x, t) and g(x, t) respectively in (8), (9) in the form of (13) [15].
Theorem 1: Consider the nonlinear control problem of
(3). If (15) is employed as a control law, fˆ and ĝ are
obtained by using (16) and the parameters vector θ̇f and
θ̇g are adjusted by the following adaptive law (17), (18).

Then, the closed-loop system signals will be bounded and
the tracking error will converge to zero asymptotically:
θ̇f = γf sξ(x),

(17)

θ̇g = γg sξ(x)u.

(18)

where s is the sliding surface, ξ(x) is the fuzzy basis function
and γf,g = η/(ξ(x)T ξ(x) + ǫ) (η, ǫ > 0) are the adaptive
learning rates. The proof of the theorem is given in [15].
IV. N UMERICAL S IMULATIONS
In this paper, T-S Fuzzy model derived from a robotic arm
dynamics [2] is used as an example nonlinear system.

ẋ(t) =

2
X
i=1

hi (x1 (t))Ai,k x(t) +

2
X

hi (x1 (t))Bi,k u(t),

i=1

k = 1, 2, 3,

A. Stabilization of Unknown NJMS
In this section, the designed AFSMC controller is used
to stabilize the states of the given above under random state
changes. The NJMS system is integrated by 4th order RungeKutta integration routine with sampling period 0.01 seconds.
The stabilization results are given in Figure 1 and Figure 2,
respectively. At first the change of Markovian states is shown
in Figure 3(a). The stabilization of x1 and x2 are presented
in Figure 1 and Figure 2, respectively. The produced control
signal is given in Figure 1(d). The evaluation of parameters
of the adaptive fuzzy systems are illustrated in Figure 2(a)
and Figure 2(b), respectively. It is seen that the states of the
NJMS are driven to the zero in a short time that are initially
started at xo (t) = [2, −2]. However, at the beginning, there is
needed large control signals. However, after the convergence,
there are only small number of parameters are activated in
the fuzzy rule base. Therefore, it is seen in the change of the
adaptive fuzzy system parameters. Overall there is seen that
the stabilization of the unknown NJMS is easily achieved by
the designed controller.

(19)
B. Tracking Results of Unknown NJMS
where





0
1
0
1
A11 =
, A21 =
,
−gL −D
−βgL −D




0
1
0
1
A12 =
, A22 =
,
−gL −0.2D
−βgL −0.2D




0
1
0
1
,
A13 =
, A23 =
gL −0.1D
−βgL −0.1D
 
 
 
0
0
0
B11 = B21
, B12 = B22
, B11 = B21
,
1
0.2
0.1
(
sin(x1 (t)) − βx1 (t)x1 (t)(1 − β), x1 (t) 6= 0
h1 (x1 (t)) =
1,
x1 (t) = 0,
(
x1 (t) − sin(x1 (t))x1 (t)(1 − β), x1 (t) 6= 0
h2 (x1 (t)) =
0,
x1 (t) = 0,
β = 10−2 /π
(20)
The system parameters: g = 9.81 is the gravity, L = 0.5 is
the length of arm and D = 0.2 is the coefficient of viscous
friction which is assumed that time invariant.
The parameters of the designed controller are initialized
as follows. The sliding mode control parameters are k = 10
and ǫ = 0.1. The initial adaptive fuzzy system parameters
are selected linearly between θ̂f (0) ∈ [−1, 1] and θ̂g (0) ∈
[0, 1], respectively. The maximum value of the input signal
is selected as umax = 30 Volts.
The actuator saturation is defined as −umax < u(t) <
umax . Therefore, a constrained control signal is proposed
for the smooth actuator saturation as,
umodified (t) = umax tanh(π

u(t)
),
umax

that can be securely applied to the NJMS.

(21)

For the tracking control results, a square pulse is tracked
by the corresponding NJMS. In that case, both the Markov
states of the system and reference signal values are abruptly
and randomly changes which brings also extra difficulty.
The tracking results are shown in Figure 3 and Figure 4,
respectively. To remind that the Markovian states is also
given in Figure 3(a). The tracking signals of x1 and x2
are presented in Figure 1 and Figure 2, respectively. The
produced control input is plotted in Figure 1(d). The corresponding parameters of the adaptive fuzzy systems are
demonstrated in Figure 2(a) and Figure 2(b), respectively. It
is seen that the states of the NJMS are driven to the reference
signal in a short time that are initialized at xo (t) = [2, −2].
However, when the Markov state is changes or reference
signal is changed, there are needed large control signals.
At some time instants, when the Markov state is changed,
then it takes some time to adapt the parameters for accurate
tracking. When the reference signal is changed, different
rules are activated such that active parameters are largely
changed. One part of the adaptive fuzzy parameters are not
changed at all, they only provide a base control signal.
However, the changing parameters provide accurate tracking
to the reference signal. To overall assesment, the variable
reference signal tracking of the unknown NJMS is achieved
by the designed controller.
V. C ONCLUSION
In this paper, adaptive fuzzy sliding mode controller is
designed for the control of unknown nonlinear Markovian
jump systems. Normally, it is known that it is difficult to
control the Markovian jump nonlinear systems. Here, we
assumed that its dynamics are also not known such that the
very sharp changes of the nonlinear system dynamics brought
extra difficulty to determine the controller parameters. It is
relaxed by designing a large switching term of the sliding
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Simultaneous Time-Delay and State Estimation of Nonlinear Systems
Bedri Bahtiyar, Meriç Çetin, Selami Beyhan

Abstract— This paper introduces a robust discretization
based gradient observer (DBGO) for time-delay estimation
of nonlinear systems. The proposed observer dynamics are
evaluated based on the output estimation error minimization
such that the discretized system model is utilized for the
observer dynamics. The second-order gradient update provides
faster convergence rate of the state and parameter. Beside the
estimation of unknown time-delay and unmeasurable states
of the nonlinear system are simultaneously estimated. In numerical applications, the proposed observer is applied to the
estimation of continuously-stirred tank reactor (CSTR) system.
Artificially applied time-delay and unmeasurable states are
estimated accurately for future real-time applications.
Keywords: Discretization based gradient observer, unknown
time-delay estimation, state estimation.

I. I NTRODUCTION
All actions in the nature have time delay. However some
delays can be ignored while some can not. For example,
arriving the electricity from one side of the battery to the
side takes time when a switch make the circuit closed. We
can ignore this delay in a small printed board circuit but
we must take care this delay while working on an energy
transmission lines for a long distance. Likely, although all
processes in industry or in an academic research have time
delay, some of them can be ignored while some can not.
Particularly while a process includes an transmission, such as
transferring energy or information, from one side to another
for a long distance or very low transmission speed, the time
delay should take into account due to the fact that it may
cause nonlinearities and uncertainties which affect control
performance of a system adversely. The gain, calculated by
the controller, may be smaller than it is needed owing to
induced phase change in a closed loop system with delay.
Hence standard feedback controllers have some difficulties
while they used to control the time delayed systems.
The states or the output of the system, which is represented
in state space form, can be measured by the sensors some of
which may located far from the control system. Therefore the
controller may obtain the measurements with a delay which
may also vary in time. On the other hand, some of the states
may not be measurable. In this case, values of the states, that
can not be measured, can be obtain by employing the state
observers.
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The estimation of nonlinear system states and parameters
is one of the widespread applications of today’s industry.
The use of the measurement sensor may not be appropriate
due to the current physical conditions or cost. In this case,
it may be preferable to design a cheaper and more reliable
observer. Observers are generally used in applications such
as control field, fault detection and isolation, disturbance
estimation, unknown input estimation and other applications.
Model-based observers estimate states and parameters using
estimation error in a system where the mathematical model
is known. Since it is difficult to determine the ideal observer
for all systems, design parameters of the observer should
be selected to provide stability and convergence of the
estimation error. In the literature, the state observers (LO)
for linear systems were first introduced in the [10] and then
extended (ELO) in [14] for nonlinear systems. The extended
Kalman filter (EKF) [5] and other nonlinear Kalman-type
filters [12] have been widely used for state and parameters
estimation of the nonlinear systems. In addition, the fuzzy
model-based Takagi-Sugeno observer [13], the sliding-mode
observer (SMO) [6] and the high-gain observer (HGO) [7]
have been widely used. There are also many studies recently
proposed and designed with discretization based gradient
observer (DBGO) [8], [2], [3], [9], [4].
In this paper, the state and parameter estimation of a
continuously stirred tank reactor (CSTR) has been resolved
by a discretization based gradient observer (DBGO). The
estimation procedure is achieved as a dynamic optimization
of the estimation cost function. The state estimation regards
to two unmeasured states and the parameter estimation
corresponds to a unknown time-delay of the input signal. The
simultaneous state and parameter estimations can be used
for a possible monitoring process and model based control.
The numerical simulations show that accurate results are
obtained for future applications of joint state and parameter
estimations.
The rest of the paper is organized as follows. The mathematical dynamics of the nonlinear time delay systems are
given in Section II. Section III presents the discretization
based gradient observer for state and parameter estimation.
The application results of the designed observer are given in
Section IV. Section V concludes the paper.
II. N ONLINEAR T IME D ELAY S YSTEMS
Time-delay systems are still resistant to many classical
controllers. Dynamic systems with time-delay can be controlled by changing input variables. If time-delays are known
in such systems, the input variables are numerically solved
using known computational techniques to reduce the total

cost of the system. In the best case, if time-delay value
is constant and known, it causes complexity at the same
level in control design. In the worst case, eg., time-varying
delays), it has a catastrophic potential in terms of stability
and oscillation [11], [15]. Consider the following nonlinear
time-delay system of the form as in [1]

algorithm at the (n + 1)th sampling index as
x̂[n + 1] = f̂(x̂[n], u[n − β])
1
= x̂[n] + (k1 + 2k2 + 2k3 + k4 ),
6
ŷ[n + 1] = g(x̂[n], u[n − β])
where
k1 = Ts f̂(x̂[n], u[n − β])

ẋ(t) = f (x(t), x(t − τx ), θ, u, u(t − τu ))
y(t) = g(x(t), x(t − τx ), θ, u, u(t − τu ))

k2 = Ts f̂(x̂[n] + 0.5k1 , u[n − β])
(1)

k3 = Ts f̂(x̂[n] + 0.5k2 , u[n − β])

x(t) = ϕ(t)

k4 = Ts f̂(x̂[n] + k3 , u[n − β]).

where x(t) denotes the state variables, u(t) and θ are the
input and the parameters of the nonlinear system, respectively. τx and τu are defined as the unknown state-delay and
input-delay. The bound constraints of these terms:
0 ≤ τxmin ≤ τx ≤ τxmax
0 ≤ τumin ≤ τu ≤ τumax .

(2)

ϕ(t) is given functions. x0 and u0 indicates the initial state
and input values for t ≤ τx and t ≤ τu . The unknown
constant time-delay is presented by (τx , τu ) ∈ [0, T ], T ∈ ℜ.
Substituting x(t − τx ), θ and u(t − τu ) into Eq.(1) gives
y(.|τx , τu ), the estimated system output value corresponding
to (τx , τu ) as following form
y(t|τx , τu ) = g(x(t)|τx , τu ),

t ≤ T.

(3)

The collected experimental data can be used to identify
the time-delays τx and τu . However, in this paper, we
apply an adaptive observer approach for recursive time delay
estimation.
III. D ISCRETIZATION BASED G RADIENT O BSERVER
A nth order nonlinear time-delay multi-input multi output
system is presented as
ẋ(t) = f(x(t), u(t − β))
y(t) = g(x(t))
u ∈ U,

(5)

x ∈ X,

where f̂ is named as the discrete-time model of the timedelay process. There are several studies associated with the
discretization-based methods in the literature [8], [2], [3], [9],
[4]. In this paper, the discrete-time model of the nonlinear
system is used to derive the unmeasureble system states
and time-delay values as unknown system parameters. In
the following subsections, we present the formulations for
model-based state and parameter estimation process.
The equation (5) is firstly available for state estimation in
discretization based model of a dynamic process. The states
of the system are predicted through the estimation errors
given in the following equation

 

ê1
x1 [n + 1] − x̂1 [n + 1]
 ê2   x2 [n + 1] − x̂2 [n + 1] 

 

ê =  .  = 
. (6)

..
 ..  

.
êN
xN [n + 1] − x̂N [n + 1] N ×1
The performance index to be minimized is
F (x[n], u[n]) = eT [n + 1]e[n + 1],
= e21 [n + 1] + . . . + e2Q [n + 1].

Levenberg-Marquardt (LM) update rule is used to minimize
the F for the unmeasureble states of the system (4) as follows
.
(8)
x̂[n + 1] ⇐= x̂[n] − (JTx Jx + µx I)−1 JTx ê
where µx > 0 is a constant. µx provides switching between
the Steepest Descent and the Gauss Newton directions. I is
an identity matrix and Jx is the Jacobian matrix for the state
estimation given by

(4)

t ∈ [0, T ]

where x(t) = [x1 (t), x2 (t), . . . , xN (t)]T ∈ ℜN is the state
vector, u(t−β) = [u1 (t−β1 ), u2 (t−β2 ), . . . , uR (t−βR )]T ∈
ℜR is the input vector, βR is unknown input-delay term
that need to be estimated. βR lies within the [βmin , βmax ],
where βmin > 0. It is assumed that f(.) and g(.) are
known and system dynamics are continuously differentiable
corresponding states, parameters. In this paper, Runge-Kutta
(RK) discretization method has been used to obtain the
discrete values of the system states and parameters. The
nonlinear time-delay system (4) is sampled in Ts intervals at
the discrete-time index n. Then, the continuous-time system
model (4) can be written in vector form by fourth-order RK

(7)

[Jx ]ij =

∂ ŷi [n + 1]
∂ei
=−
,
∂ x̂j
∂ x̂j [n]

(i, j = 1, . . . , N )

(9)

Jx is consisted of the partial derivatives with respect to the
unmeasurable states of the nonlinear system. ∂∂ŷix̂[n+1]
term
j [n]
can be obtained by Eq. (5) with vector form as
"N
#
X ∂ T g[n + 1] ∂x̂i [n + 1]
∂ŷ[n + 1]
=
. (10)
∂x̂[n]
∂x̂i [n + 1] ∂x̂j [n]
x=x̂[n]
i=1
where
∂x̂i [n + 1] ∂x̂i [n]
=
+
∂x̂j [n]
∂x̂j [n]
1 ∂K1
∂K2
∂K3
∂K4
(
+2
+2
+
).
6 ∂x̂j [n]
∂x̂j [n]
∂x̂j [n] ∂x̂j [n]
(11)

Using chain rule, the partial derivative components in (11)
are obtained by discretization-based model of the nonlinear
system as follows.


∂K1 [n]
∂fi
= Ts
,
∂x̂j [n]
∂x̂j x[n]=x̂[n]
u[n]=u[n−β]
"N
#
X ∂fi
∂K2 [n]
1 ∂K1 [n]
= Ts
(I +
) x[n]=x̂[n]+0.5K1 [n] ,
∂x̂j [n]
∂x̂j
2 ∂x̂j [n]
u[n]=u[n−β]
k=1
"N
#
X
∂K3 [n]
∂fi
1 ∂K2 [n]
= Ts
(I +
) x[n]=x̂[n]+0.5K2 [n] ,
∂x̂j [n]
∂x̂j
2 ∂x̂j [n]
u[n]=u[n−β]
k=1
"N
#
X ∂fi
∂K4 [n]
∂K3 [n]
= Ts
(I +
) x[n]=x̂[n]+K3 [n] ,
∂x̂j [n]
∂x̂j
∂x̂j [n]
u[n]=u[n−β]
k=1
(12)
The discretization based observer used for estimation of
the unmeasurable system states may also be preferred for
estimation of input time-delay as unknown system parameters. Therefore, the iterative equations for the parameter
estimation of DBGO are derived based on the gradients
for the error square minimization. In order to estimate the
unknown input time-delay as unknown parameter (β), it is
assumed that the input and output signals at nth index are
known. x̂[n + 1] is predicted by discretization based model
of the continuous-time system then, the vector of prediction
error (ê) related to the unknown parameters is updated as
in (6). The prediction error vector is used this time in Jβ
vector for the input time-delay estimation. Jβ is consisted
of the partial derivatives with respect to the unknown input
time-delay of the nonlinear system given by
∂ei
∂ ŷi [n + 1]
[Jβ ] =
=−
,
∂β[n]
∂β[n]

system as follows.


∂K1
∂fi
= Ts
,
∂β[n]
∂β[n] x[n]=x̂[n]
u[n]=u[n−β]
"N
#
X ∂fi
1 ∂fi ∂K1
∂K2
= Ts
(
+
) x[n]=x̂[n]+0.5K1 [n] ,
∂β[n]
∂β[n] 2 ∂x̂j ∂β[n]
u[n]=u[n−β]
k=1
"N
#
X
∂K3
∂fi
1 ∂fi ∂K2
= Ts
(
+
) x[n]=x̂[n]+0.5K2 [n] ,
∂β[n]
∂β[n] 2 ∂x̂j ∂β[n]
u[n]=u[n−β]
k=1
"N
#
X
∂K4
∂fi
∂fi ∂K3
= Ts
(
+
) x[n]=x̂[n]+K3 [n] ,
∂β[n]
∂β[n] ∂x̂j ∂β[n]
u[n]=u[n−β]
k=1
(17)
Finally, DGBO, to be designed for estimation unmeasurable
states and unknown input time-delay can be applied directly.
It is known that multi dimensional state and parameter
estimation simultaneously is almost impossible with a single output measurement. Therefore, enough information is
required for simultaneous state and parameter estimation.
As given in DBGO equations, the estimated parameter is a
one dimensional variable, but the estimated states are vector
variable.
IV. N UMERICAL S IMULATIONS
In this paper, continuously stirred tank reactor (CSTR)
system [16] is used as an example nonlinear system. CSTR
is a highly nonlinear benchmark system for estimation and
control problems. The dynamics of the CSTR system
ẋ1 (t) = 1 − x1 (t) − Da1 x1 (t) + Da2 x22 (t),

(i = 1, . . . , N )

(13)

ẋ3 (t) = −x3 (t) + Da3 d2 x22

The update rule for the time-delay estimation process is given
as follows.
β[n + 1] ⇐=β[n] − (JTβ Jβ + µβ I)−1 JTβ ê.

(14)

Note that I is an proper identity matrix and µβ > 0 is a
i [n+1]
constant. ∂ ŷ∂β[n]
term can be obtained by Eq. (5) with
vector form as
"N
#
X ∂ T g[n + 1] ∂x̂i [n + 1]
∂ŷ[n + 1]
=
∂β[n]
∂x̂i [n + 1] ∂βj [n]
i=1

ẋ2 (t) = −x2 (t) + Da1 x1 (t) − Da2 x22 (t) − Da3 d2 x22 + u(t),

x=x̂[n]

. (15)

Now, the problem is to calculate the partial derivatives
∂ x̂1 [n+1]
∂ x̂N [n+1]
in Jβ definition:
∂β[n] , . . . ,
∂β[n]
1 ∂K1
∂K2
∂K3
∂K4
∂x̂i [n + 1]
= (
+2
+2
+
).
∂β[n]
6 ∂β[n]
∂β[n]
∂β[n] ∂β[n]
(16)
Using chain rule, the partial derivative components in (16)
is obtained by discretization-based model of the nonlinear

y(t) = x3 (t)
(18)
where u(t) is the input signal. x1 , x2 , x3 are conversion of
reactant A, conversion of middle reactant B and conversion
of product C, respectively. x3 (t) is the output signal of the
process. Da1 = k1 dF1 Vr , Da2 = k2 dF2 Vr , Da3 = k3FVr . F is
the volumetric feed rate, Vr is the constant reactor volume.
d1 is a constant activity and d2 possesses time behaviour on
the bifunctional catalyst. k1 , k2 and k3 represent reaction rate
constants. The nominal parameters of the CSTR are Da1 =
3, Da2 = 0.5, Da3 = 1, d2 = 1 and the sampling period is
0.1s. A sinusoidal signal 0.5sin(0.1t) corresponding to the
peak value of the input signal was applied to the CSTR in the
experimental tests and it is thought that the input time-delay
is 50 sample which is equal to 5 seconds in continuous-time.
Figure 1 illustrates the estimation result of input time-delay
value in the CSTR system. Unmeasurable state estimation
results are presented in Figure 2. The unmeasured x1 and x2
are accurately estimated by the observer. The performance
results of the online state and time-delay estimations of
CSTR are given in Table I as RMSE. The RMSE values
are satisfactorly small for a possible application.
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Fig. 1. Time-delay estimation performance. Estimated 50 samples delay
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Abstract— Egyptian government is undergoing an extremely
difficult transition where energy subsidies will be lifted
gradually. Therefore, demand side management DS M has been
of great attraction to most stakeholders for medium and large
size enterprises. This paper presents a fully-fledged program
that is developed for load shifting and has been implemented
with actual load data collected from a case study of granite
industry. For this analysis, granite industrial complex i s
considered, consisting of eight factories, which was discussed in
previous literature. The major equipment in granite industries
are cutting machine, polishing machine and compressor. To
reduce the maximum demand, the operating time of all
machines is rescheduled by optimization techniques such as
genetic and particle swarm algorithms. The maximum demand
costs are calculated before and after rescheduling. In
comparison to previous work, the results show that if the
machines are optimally operated, the cost is dramatically
reduced and also the effect of load reduction per hour on the
feeder load and its peak demand.
Keywords— Demand side management; optimization; energy
management;

I.

INT RODUCT ION

Starting from 2013 the Egyptian government started
increasing the electrical energy tariff for energy intensive and
medium-sized industries. In addition, the government
reduced its financial support share to some heavy industries
such as steel, cement and copper, and also doubled the
natural gas prices in September 2014. This affected the
industrial stakeholder’s mindset about the importance of
energy management saving. Egypt Electricity Holding
Company states that the annual maximum electric power
generated has increased from the year (2014/2015) to the
year (2015/2016) from 35,220 MW to 38,857 MW,
corresponding to an increase in the maximum peak demand
from 28,015 MW to 29,200 MW [1].
Electric energy cost, per kWh, fluctuates during the day,
according to the time of use tariff TOU. Electricity tariffs for
industries of high voltage (66/22 KV) are: 65.4 Pt. /kWh and
98.2 Pt. /kWh for off peak and peak hours respectively.
Medium voltage industries (22/11 KV) electricity tariffs are:

Medhat Elsingab
School of Electrical and
Control Engineering
Arab Academy for Science,
Technology and Maritime Transport
Alexandria, Egypt
Email: medhatsingaby@yahoo.com

70.8 Pt. /kWh and 106.2 Pt. /kWh for off peak and peak
hours respectively [2].
Based on surveys and questionnaires from projects funded by
the European commission (TEMPUS-ERASMUS) 70% of
the working individuals in the industrial sectors lack the
knowledge and awareness about energy management saving
in Egypt.
All these incentives have now encouraged consumer to
achieve maximum levels of energy efficiency and to
implement demand side management techniques. Demandside Management (also known as Demand Response) refers
to actions taken by the consumer to adjust load profiles for
obtaining optimum energy costs [3][4][5].
As a result of the global world concern with demand side
management, especially the industrial sector, researchers
have adopted the idea of load rescheduling in different
industries using various optimization techniques without
affecting the production capacity.
Industries like rice [6], cement [7], steel [8] and granite [9]
have been considered using different types of optimization
algorithms like particle swarm PSO, differential evolution
DE and artificial bee colony ABC. A case study of
rescheduling of machines in granite industry was
implemented using two types of optimization techniques,
which are: differential evolution DE and particle swarm
optimization PSO [9].
This paper implements the same case study and
modifications are added to optimization which led to better
optimization results using PSO and genetic algorithms.
In section II, the case study is introduced with its theoretical
problem formulation. In section III, optimization algorithms
are introduced. Finally, results and discussions are held in
section IV.
II.

CASE ST UDY & PROBLEM FORMULAT ION

A case study was implemented on eight factories of
granite industry [9]. Data of energy consumption was

collected from the factories including: number of equipment,
rating of equipment, production capacity and schedule of
operation. Main operations at granite factories are: cutting of
granite blocks into slabs then polishing the granite pieces.
Excessive heat is generated during the cutting process , so
cooling is necessary by spraying water on the cutting blades.
Table [1] shows the power consumption of each machine, as
follows:

-

is the peak load in KW.
is the daily operating hours.

Constraints:
Production target for cutting and polishing.
Available number of cutting and polishing machines.
Shutdown period.
III.

Table 1: Power consumption of machines
Machine

Power Consumption (KW)

Cutting M achine

29.4

Polishing M achine

3.675

Compressor

7.35

Each of the eight factories has its own capacity, in terms
of number of cutting and polishing machines also the
production target to be produced by each factory, as
illustrated in table [2]. Factories from G1 to G4 are typical.
Taking into consideration, workers are available all the 24
hours daily (throughout three shifts). Shutdown hours are
from 6pm to 10pm.
Table 2: Capacity of each factory
Capacity

G1

G5

G6

G7

G8

Number of granite blocks

6

10

10

8

6

Total piece production per day

96

160

160

128

96

Number of cutting machines

4

5

5

4

3

Number of polishing machines

4

8

7

8

6

Operation time of CM per day

30

50

50

40

30

Operation time of PM per day

48

80

80

64

48

1.

OPT IMIZAT ION T ECHNIQUES

Particle Swarm Algorithm

Kennedy and Eberhart were the first to propose PSO
algorithm in 1995. The basic idea is inspired by the
social behavior of birds as it mimics flock of birds.
Optimization problems in PSO are initially held by
evaluating a population of candidate solutions which are
called the ‘swarm’. The set of population that forms the
swarm consists of particles. These particles represent the
iterate solutions till finding the final value which
corresponds to the optimum value of the objective
function. In the process of finding the optimum solution,
these particles explore the entire search space based on
the velocities and best positions in the search space
which are updated as better positions are found by the
particles. Through iterations, the velocity of each
particle is updated based on their individual experiences
(local search) and experiences of the other particles
(global search). Finally, the positions of the particles are
updated using their new velocities and this process is
repeated until the pre-defined termination criterion is
satisfied (Kayhan et al., 2010) [11, 12, 13, 14, 15, 16,
17, 18]. Mathematical expressions of the PSO algorithm
are given as follows:
Let n p be the number of particles in the swarm, m be the
number of decision variables of the problem.

V=
Normalization of load profiles which is achieved by load
management, results in great benefits in terms of reductions
in maximum demand (as load management can greatly cut
off in maximum peak demand), reductions in power loss and
better equipment utilization.
Load management is achieved by load shifting or load
rescheduling. Some of the loads are being shifted to off peak
periods. Rescheduling of loads must be done without
affecting the total production target to be achieved . For the
case of granite industries, the objective is to reduce the peak
demand of each factory which will be of great benefit to the
consumer by saving running costs of electric energy
consumed, capital costs of electric cables, electric panels,
circuit breakers, power factor correction panels, …etc.
thereby increasing the system reliability and also interest
returns on the electric utility, by reducing the maximum
feeder peak load and the stress on the feeder itself [5][10].
Objective function= minimize
Where:

(1) , d=

(2)

V and d are matrices which contain the current velocities
and positions of the particles for each decision variable,
respectively.

p=

(3)

p is a matrix which contains the current best positions of
the particles for each decision variable.

g=

(4)

g is a vector which contains the overall best positions of
the particles for each decision variable.
The velocities of each particle are updated using:

(5)
Where:
is the iteration index.
is the inertial constant.
and
are the acceleration coefficients.
is a uniform random number in the range of (0,1).
The values of
,
and
control the impact of
previous historical values of particle velocities on their
current ones (Kayhan et al., 2010).
Hu and Eberhart (2001) suggested to use
,
and
as
follows for solving most optimization problems.
-

(6)

Furthermore, velocities of each particle are bounded with
a maximu m velocity vector.
(7)
Such that:
(8)

(9)
(10)
Where:
is a fraction.
and
are the vectors containing the upper and
lower bounds of the decision variables (Shi and
Eberhart, 1998).
After updating the velocities based on the sequence given
above, the new positions of each particle are calculated
using:

GAs encode the decision variables of the optimization
problem into the form of a string called ‘chromosome’,
consisting of a set of elements, called ‘genes’ that hold a set
of values for the optimization variables. GAs work with a
random population of solutions (chromosomes).The fitness
of each chromosome must be evaluated by the objective
function for the purpose of evolving and natural selection.
After this evaluation and determining the fittest
chromosomes, these chromosomes undergoes two processes,
called crossover and mutation, to produce better offspring
chromosomes.
Fitness evaluation is done for the offspring solutions to
continue evolving the population to have a better solutions
than the previous ones. The process is continued for a large
number of generations to obtain a best-fit (optimum)
solution.
GAs main parameters: number of generations, population
size, crossover rate and mutation rate [18, 19, 20].
IV. RESULT S & DISCUSSION
The work presented in this paper have one main
objective, to reduce the maximum peak demand as possible
in the eight factories, which accordingly decrease the stress
on the feeder. Optimization is implemented to reschedule the
operation of the machines: cutting machines CM, polishing
machines PM and the compressor. Using two optimization
techniques as discussed earlier: PSO and GA.
The following tables and figures represent the electrical
load profiles in KW for different daily operation schedules.
Hence, we notice a great difference in maximum peak loads
in the existing conditions and PSO for PM, compared to that
of the proposed PSO and GA for all machines.
Table 1 shows the load profile of factory G1 in four cases:
-

First case: Existing conditions which is the present load
profile for the factory.

-

Second case: G1 load profile when polishing machines
have been rescheduled using PSO in previous literature.

-

Third and Fourth cases: Load profile when polishing
machines, cutting machines and the compress or have
been rescheduled using PSO and GA.

T able 1: Load Profile of Factory G1

Factory G1

(11)
After determining the new positions, the objective function
values are calculated for each swarm and the values of p and
g are updated. These solution steps are repeated until the predefined termination criterion is satisfied and thereby the
optimization problem is solved by the PSO algorithm.
2.

Genetic Algorithm

GA is an adaptive stochastic algorithm based on
natural selection and genetics (Goldberg, 1989). Unlike
traditional optimization techniques, GAs work with coding of
parameters, rather than the parameters themselves.

Time

Existing
(KW)

12-01 AM
01-02 AM
02-03 AM
03-04 AM
04-05 AM
05-06 AM
06-07 AM
07-08 AM
08-09 AM
09-10 AM
10-11 AM
11-12 PM

3.000
3.000
3.000
3.000
3.000
3.000
3.000
17.700
54.450
83.850
113.250
142.650

PS O
for PM
(KW)
14.025
10.350
17.700
6.675
17.700
17.700
14.025
10.350
50.775
80.175
98.550
127.950

Proposed
PS O
(KW)
43.425
72.825
43.425
39.750
69.150
72.825
69.150
39.750
39.750
69.150
72.825
76.500

Proposed
GA
(KW)
36.075
14.025
65.475
39.750
76.500
47.100
69.150
76.500
39.750
17.700
72.825
76.500

12-01 PM
01-02 PM
02-03 PM
03-04 PM
04-05 PM
05-06 PM
06-07 PM
07-08 PM
08-09 PM
09-10 PM
10-11 PM
11-12 AM
Total KW

120.600
105.900
105.900
105.900
76.500
76.500
3.000
3.000
3.000
3.000
76.500
47.100
1159.8

120.600
102.225
102.225
102.225
65.475
69.150
3.000
3.000
3.000
3.000
76.500
43.425
1159.8

50.775
47.100
50.775
69.150
39.750
69.150
3.000
3.000
3.000
3.000
39.750
72.825
1159.8

65.475
72.825
39.750
39.750
76.500
72.825
3.000
3.000
3.000
3.000
72.825
76.500
1159.8

Peak Demand

142.65

127.95

76.5

76.5

Table 1 also shows the total KW consumed per day as in
fig.1. Notice that the total daily KW consumed is constant,
which depends on the production target to be achieved. This
emphasis the idea of DSM, which states that DSM
techniques don’t necessarily reduce total energy consumed,
but they control and adjust time of loading.

A rescheduled operation for machines in factory G1 by
optimizing using GA is shown in fig.3 where the peak load
has decreased from 142.65 to 76.5 KW and resulted in a
uniformly distributed loads. GA parameters has been
adjusted such that population size is 100 and the mutation
rate is 0.075.
Also, it has been noticed that increasing the population size
and number of generations increase the likelihood of
obtaining a global optimum solution and also increases the
processing time.
Crossover values generally ranges from 0.6 to 1.0. A small
mutation rate less than 0.1 is usually used.
PSO has been also used in rescheduling the machines
operation of factory G1 as shown in fig.4.
The peak demand achieved by using this method is the same
as that of GA which is 76.5 KW, but with different load
profile.
PSO parameters has been adjusted such that population size
is 50 and number of generations is 1000.
It has been found that PSO speed of convergence is better
than that of GA.

Fig.2. Detailed Existing Load Profile of Factory G1.

Fig.1. Load Profiles of Factory G1.

The most important item shown in table 1 is the peak
demand in each of the four cases. It is noticeable that, the
peak demand for G1 in the existing conditions is 142.65 KW
and can be reduced to 127.95 KW when rescheduling the
polishing machines by PSO. But a further decrease in peak
demand can be achieved by rescheduling polish machines,
cutting machines and the compressor either by PSO or GA.
Existing conditions of factory G1 load profile is shown in
figure 2. This figure shows the effect of load clustering and
unoptimized uneven load distribution on the peak load,
which in turn affect the cost of electric consumption as stated
later in the part of cost calculations.

Fig.3. Load Profile of Factory G1 by proposed GA.

Figure 5 shows the existing conditions of all factories.
Figures 6 and 7 show the rescheduled load profiles for all
factories using PSO and GA respectively.
The aforementioned figures were further used in determining
the feeder load profiles for the different operation schedules
as shown in figure 8 and table 2.

Table 2 and figure 8 show load profile of the feeder for
the existing conditions, PSO for PM, PSO and GA for all
machines in all factories. It is noticeable the dramatic
difference in the feeder peak load from existing conditions,
PSO for PM and GA and PSO for all machines in all
factories.

Fig.7. Load profiles for all factories by proposed GA.

Fig.4. Load Profile of Factory G1 by proposed PSO.

Fig.8. Feeder load profiles.
T able 2: Feeder Load Profile
Fig.5. Load profiles for all factories in existing conditions.

Fig.6. Load profiles for all factories by proposed PSO.

Feeder Load
Time

Existing
(KW)

PS O
for PM
(KW)

Proposed
PS O
(KW)

Proposed
GA
(KW)

12-01 AM
01-02 AM
02-03 AM
03-04 AM
04-05 AM
05-06 AM
06-07 AM
07-08 AM
08-09 AM
09-10 AM
10-11 AM
11-12 PM
12-01 PM

277.575
189.375
82.800
24.000
24.000
24.000
38.700
171.000
435.600
747.975
939.075
1130.175
1071.375

373.125
303.300
189.375
42.375
104.850
119.550
130.575
182.025
468.675
659.775
804.100
1027.275
986.850

560.550
512.775
589.950
465.000
571.575
527.475
553.200
553.200
523.800
527.475
538.500
626.700
630.375

560.550
527.475
501.750
453.975
487.050
575.250
520.125
498.075
589.950
527.475
501.750
538.500
549.525

Total KW

843.525
898.650
953.775
836.175
865.575
24.000
24.000
24.000
24.000
814.125
578.925
11042.40

876.600
865.575
880.275
766.350
751.650
24.000
24.000
24.000
24.000
794.750
619.350
11042.40

556.875
505.425
582.600
479.700
586.275
24.000
24.000
24.000
24.000
545.850
509.100
11042.40

575.250
615.675
549.525
531.150
575.250
24.000
24.000
24.000
24.000
619.350
648.750
11042.40

Peak Demand

1130.175

1027.275

630.375

648.750

01-02 PM
02-03 PM
03-04 PM
04-05 PM
05-06 PM
06-07 PM
07-08 PM
08-09 PM
09-10 PM
10-11 PM
11-12 AM

Feeder Peak load in existing conditions is 1130.175 KW
and in PSO for PM is 1027.275 KW. While peak load for GA
and PSO for all machines is 648.750 and 630.375 KW
respectively.
Also it should be noted that for the four similar factories
from G1 to G4, optimization between their peak demands is
considered when rescheduling, so that peak demands don’t
occur at the same time. Therefore, there is one hour shift in
the machines schedule of operation between factories G1 and
G2 and between G2 and G3 and between G3 and G4.
Thereby decreasing the feeder load itself in a significant way.
In case of rescheduling all machines using GA, peak load
decreases by 42.5% from the existing conditions and by 36.8
% from the optimization of polishing machines only by PSO.
While in case of rescheduling all machines using PSO, peak
load decreases by 44.0 % from the existing conditions and by
38.6 % from the optimization of polishing machines only by
PSO.

Existing
Conditions

Proposed
PS O

Electricity Supply

621,500

346,500

Transformer

260,000

350,000

Ring M ain Unit

SF6 Type
250,000

Air Type
96,000

Main Capital Costs (EGP)

1,131,500

792,500

Capital Costs (EGP)

It is evident from table 3 that the savings in main capital
costs for supplying electricity will be at least 339,000 EGP.
Therefore, it is very important to determine the exact
required maximum demand (which is the contract demand)
in the planning stage before making the agreement contract
with the electricity company.
If the industrial complex is already established in the existing
conditions with a contract demand of 1130 KW for the feeder
load, rescheduling of machines can still be useful. Although
the electric equipment are already installed and the capital
cost is already paid, but rescheduling for optimizing the peak
demand will result is increasing lifetime of equipment,
sustain the system reliability, savings in maintenance costs
and replacement costs and can also enable utilization of
oversized equipment to supply electricity for future
extensions.
Running costs of electricity consumed will also be affected
greatly. Running cost paid monthly is computed as a function
of two terms as follows:

As shown in equation (6), to compute the monthly cost of
electricity bill it depends on three terms:

It is noticeable from the feeder load profiles shown in figure
8 and table 2, that the load fluctuates between 38.7 and
1130.175 KW in existing conditions and between 42.375 and
1027.275 KW in case of implementing PSO for polishing
machines only. While, it fluctuates between 465.0 and
630.375 KW by rescheduling for all machines by PSO and
between 453.975 and 648.75 KW by rescheduling for all
machines by GA.

-

Electric consumption in peak hours (in Egypt peak hours
are specified from 6PM to 10 PM). Where tariff of peak
hours is multiplied by the kWh of the peak period during
the whole month.

-

Electric consumption in off peak hours. Where off peak
tariff is multiplied by the kWh of the off peak period
during the whole month.

The rescheduled machines operation in the eight factories of
the granite industry complex using optimization techniques
PSO and GA resulted in great benefits by saving capital and
running costs of electricity supplied and consumed.

-

Maximum peak demand (KW) measured by the meter is
multiplied by 50 EGP.

As discussed the peak demand of the feeder which supplies
electricity to all factories has dramatically decreased from
1130 KW to 630 KW using PSO.
Main capital cost is divided to two sections:
-

-

Cost for supplying electricity which is 550 EGP per KVA
of the contract demand (which is the maximum demand)
as per Egyptian electricity company regulations .
In addition to cost of electric equipment that is afforded
by the consumer. These equipment include transformer,
ring main unit RMU, electric panels …etc.
T able 3: Main capital cost of electric supply

In our case all factories specified the shutdown period from 6
to 10 PM (which is the peak period), lighting is the only load
in this period for maintenance of machines if necessary.
T able 4: Running cost of electricity consumed

Running Cost (EGP)

Existing Conditions Proposed PS O

Peak period

3,058.56

3,058.56

Off peak period

232,501

232,501

M aximum Demand

56,508

31,518

292,067

267,077

Total Running Costs
(EGP)

It is evident from table 4 that the savings in running costs
results from optimization of the maximum demand which is
about 25,000 EGP monthly. While the monthly running costs
depending on the electric consumption is constant, as total
electricity consumed is constant, as well as consumption for
peak and off peak periods. This electric consumption
depends mainly on the production target to be achieved
which is constant (constraint for the optimization problem).
V.

CONCLUSION

[5]
[6]
[7]
[8]

The rescheduled optimized load profile enhanced the energy
management in industrial application and reduced the peak
demand. Energy cost as well as utility installation cost is
reduced by reducing the size of electric equipment such as
feeders, transformers, etc. Different optimization techniques
have been evolved and can be used to solve the demand side
management problem. The paper introduced two techniques
PSO and GA. The challenge is the problem formulation and
the algorithm adaptation to handle constraints and mixed
integer problems.
It has been concluded that PSO resulted in a slightly better
result for the maximum demand of the feeder load, as it
decreased the maximum demand of the feeder load from
1130 KW to 630 KW while GA resulted in 648 KW.
This decrease of the maximum demand of the feeder load
affected the whole system and resulted in cost savings.
It decreased the main capital cost which depends mainly on
the maximu m demand by at least 339,000 EGP.
While savings in running cost monthly for the electricity bill
is about 25,000 EGP.
In addition to the fast computation speed of PSO compared
to that of GA.

[9]
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Abstract— Vehicle to Vehicle communication, also known as
Vehicular Ad Hoc Networks-VANET, is a technology which
allows vehicles to communicate with each others. Although this
technology is similar to wireless communication, it differs in
terms of high mobility of vehicles and low antenna heights.
Previous studies emphasized that more experiments should be
performed for different traffic scenarios in the various road
types to contribute the Vehicle to Vehicle communication channel modeling. In this study, simulation based calculations were
made via GEMV2 to show the effects of vehicle numbers, road
types, and buildings on the path loss for the Vehicle to Vehicle
communication channel. The simulation studies were conducted
in four scenarios: straight road without buildings, straight
road with buildings, intersection road without buildings, and
intersection road with buildings. Then, the received power was
calculated according to different distances between transmitter
and receiver vehicles for these scenarios. The results showed
that the number of vehicles causes more decreasing on the
received power in the straight road than buildings. On the
other hand, in the intersection road, the buildings are more
effective on the signal attenuation than the number of vehicles.
Keywords—Attenuation, GEMV2 , LOS, NLOS, Path Loss
Modeling, SUMO, VANET, Vehicle to Vehicle Communication,
V2V

I. I NTRODUCTION
Intelligent Transportation System (ITS) consists of many
advanced technologies which are applied to vehicles, traffic
and road environments. Dedicated Short Range Communication (DSRC) as a type of these technologies provides the
vehicles the ability to communicate with other traffic components of traffic such as another vehicles, roadside units,
and pedestrians etc. DSRC On-Board-Unit (OBU) makes it
possible for the vehicle to communicate with other vehiclescalled as “Vehicle to Vehicle communication (V2V)”. V2V is
a channel with fast changing parameters due to the vehicles
moves in different traffic environments. V2V communication
has different channel properties from wireless communication in terms of low antenna heights and high mobility.
Therefore, common wireless channel propagation models
may not suitable for V2V communication channel modeling.
In this study, our aim is to show how the V2V channel
parameters ( path loss, received power, etc.) change while
the vehicles travel through different environments. For this
purpose, For this purpose, we used Geometry-based Efficient
propagation Model for V2V communication (GEMV2 ) which
is a MATLAB implementation for V2V communication

channel. GEMV2 gives an opportunity to simulate geometrybased V2V communication channel. Basically, two main files
are needed for V2V communication simulation on GEMV2 .
On of them is geographic information file obtainable from
OpenStreetMap as ”OSM” extension file and the another
one is traffic mobility file which can be obtained by SUMO
(Simulation Urban MObility) program. After the required
files are generated by using related programs and tools, the
received power of each V2V communication link can be
obtained by using GEMV2 . In this paper, the received power
according to changing distance between transmitter and
receiver vehicles in different traffic scenarios are illustrated
by simulation results.
Previous studies related to V2V channel modeling are
based on either simulation studies [1], [2], [3], [4], and [5]
or experimental studies which generally presents a model
produced by measurements data [6], [7], [8], [9], [10], [11],
[12], and [13].
A shadow fading model based on measurements performed
in urban and highway are presented in [6] and showed
that the LOS obstruction by vehicles causes about 10 dB
additional loss in the received power. Similar results are also
obtained by [7] and [8]. [14] presents real measurements
with four cars in highway and is emphasized that simulators
should use the geometry-based models which distinguish between LOS and NLOS communications and apply different
path loss models for them. Comparison rural, highway and
urban environments by means of obstructing vehicles are
given in [5].
In [9], path loss exponent was derived by real measurements for different areas and the necessity of more
experimental measurements were advised to provide a better
statistical database. A simulation study was performed to
get a propagation model for urban environment in [1] which
show that the relevance of hidden terminals and hidden collisions effect on packet reception. A model which gives the
propagation attenuation caused by the corners of buildings
between communication pairs were provided by [10].In [11],
the signal attenuation caused by obstacles such as buildings
were modeled and calibrated by real measurements . A
highway propagation model which aims to gain insight to
adequate path loss modeling was proposed in [15]. Additionally, Packet Delivery Ratio (PDR) results for different path

loss models were presented. In [4], it is concluded that the
buildings and vehicles not only decrease the received signal
level but also decrease PDR communication range. A model
for NLOS situations especially obstructed by buildings and
intersections are presented in [12]. A test intersection model
called as VirtualSource11p was studied out to quantify the
influence of distance between buildings and urban/suburban
differences in a single path loss model. In [13], channel
measurements of the intersections were performed for safety
applications.
Recently, LOS probability of the communication links
is an interesting topic about V2V communication channel
modeling. According to [2], the presented model by authors
can be used for rural, urban and industrial environments if the
map data is unavailable. In [3], the obtained equations from
the study can be used to perform simulation for urban and
highway environments without need geometry-based models.
In this study, a simulation-based study is made via GEMV2
to show the effects of road types, vehicle numbers and buildings on the path loss for the V2V communication channel in
different scenarios. After that, the received power was calculated according to different distances between transmitter and
receiver vehicles for these scenarios. This paper is organized
as follows: GEMV2 and its main features are explained in
Section II. The simulation scenarios and obtained results are
presented in Section III. Finally, conclusions are given in
Section IV.
II. GEMV 2
Geometry-based Efficient propagation Model for V2V
communication(GEMV2 ) is an MATLAB implementation
which is free and openly distributed. The main features are
GEMV2 : uses outlines of vehicles, buildings, and foliage
to deterministically calculate large-scale signal variations
(path-loss and shadowing), calculates the small-scale signal
variations using the number and size of objects around the
communicating vehicles[16]. To simulate V2V communication channel by using GEMV2 , it is necessary to import both
vehicular mobility file from SUMO (Simulation of Urban
MObility) [17] and outlines of buildings and foliage from
OpenStreetMap [18].
As pointed out in the previous studies that LOS and NLOS
links show different channel characteristics, GEMV2 classify
V2V communication links into three groups:
• LOS–links that have an unobstructed optical path
between the transmitting and receiving antennas;
• NLOSv–links whose LOS is obstructed by other vehicles;
• NLOSb–links whose LOS is obstructed by buildings
or foliage.
For these classified three groups GEMV2 calculates large
scale signal variations (path loss and shadowing) deterministically whereas calculates small scale signal variations
stochastically. GEMV2 considers propagation mechanisms
as Line-of-Sight(LOS), transmission through building and
vehicles(as obstacles), diffraction and reflection. The other
smaller objects in the environment such as traffic signs

and traffic lights are not considered because neither readily
available geographic databases nor computationally feasible
to model.
A. Large and Small Scale Signal Variations
GEMV2 uses the term large-scale signal variations for
effects roughly pertaining to path loss and large-scale fading
and the term small-scale signal variations for all effects that
cause variations of the signal over distances of up to a few
tens of wavelengths. For example, small-scale signal variations can include a combination of the following: multipath
due to single and higher order diffractions and reflections,
scattering, Doppler spread, variation in the type of the
obstructing object (e.g., different shapes of the obstructing
vehicle in case of NLOSv), etc. Accordingly, we classify
the models used for these two groups of effects as those
modeling large- or small-scale signal variations.
B. Propagation Models
In order to calculate large and small scale signal variations,
GEMV2 apply different propagation models for each link
types. For LOS links, two-ray ground reflection model are
used whereas for NLOSv links in [8] model are used. For
NLOSb links, GEMV2 calculates reflection and diffraction
and log distance path loss model. Small scale variations modeled by designed stochastic model which takes into account
the number and density of object around the communication
pair. For more details about used propagation models, readers
refer to [16] and [8].
C. Path Loss Modeling
After large and small scale signal variations are calculated,
GEMV2 collects them to obtain total path loss. As mentioned
above, calculation of large and small scale signal variations
depends on the corresponding communication link. For LOS
links, two-ray ground reflection model are used which is
given by [19]:
 

E0 d 0
dLOS
|ET OT | =
cos ωc t −
dLOS
c
 

dground
E0 d 0
+ Rground
cos ωc t −
(1)
dground
c
where the total received E-field, E TOT , is then a result of
the direct line-of-sight component, E LOS , and the ground
reflected component, E g . E 0 is the free space E-field, d0 is a
referance distance, dLOS is distance that direct wave travels,
dground is distance that reflected wave travels, ωc is angular
frequency, and c is the speed of light. In contrast to other
simulators, GEMV2 takes into account exact antenna heights
because of importance obtained by the measurement results
while calculating reflection coefficient Rground and distance
dground .
In case of NLOSb links which LOS obstructed by buildings, received power is calculated by log-distance path loss
model P L(d) (in dB) for distance d which is given[20]:
P L(d) = P L(d0 ) + 10γ log(

d
)
d0

(2)

where path loss exponent γ = 2.9, which extracted from
measurement dataset, is used. P L(d0 ) is reference path loss
at a reference distance d0 .
V2V communication channel is highly mobility because
of many vehicles moving same and opposite directions.
These vehicles takes role as an obstruct the communication
link between transmitter and receiver. This situation, which
is called as NLOSv, is not considered by any simulation
program except GEMV2 . In [8], Boban et al. put forward
that obstacles vehicles induce significant attenuation and
packet loss. For NLOSv links, model in [8] are used, which
accounts for additional attenuation due to vehicles by taking
into consideration their exact locations and dimensions and
applying multiple knife edge diffraction [21].
III. S IMULATIONS
A. Simulation Scenarios
V2V communication channel parameters change while
vehicles move through different environments with various
traffic situations. In this study, our main goal is to show
how path loss changes in according to the different traffic
scenarios. For this purpose, the simulation studies were
made over eight different traffic scenarios in terms of the
number of vehicles, the road types and existence of buildings
near the roads. Two different road types were used in the
scenarios: straight road that vehicles move on the same road;
intersection road that vehicles travel in different roads which
have an crossroad. Normally, the simulation was made over
the real map, the buildings are located around the roads.
However, the buildings around the roads were removed from
the some of simulations to investigate the effect of buildings
on V2V communication channel. All of these scenarios are
shown in Table I. Additionally, the straight and intersection
roads in Kelkit, Gumushane, Turkey which were used in the
simulation scenarios are given in Fig. 1 and 2, respectively.

Fig. 2: The intersection road used in simulations (yellow line
- 550 m)
TABLE I: Simulation scenarios
Scenarios
1
2
3
4
5
6
7
8

Road Type
Straight road
Straight road
Straight road
Straight road
Intersection road
Intersection road
Intersection road
Intersection road

Vehicle Number
2
2
50
50
2
2
50
50

Building
Yes
No
Yes
No
Yes
No
Yes
No

most impact on the V2V channel parameters as in mentioned
[16], trees also have effects. However, the map files has
no tree database for exported areas. Additionally, the other
objects such as lamp posts and traffic signs are not considered
in GEMV2 . Therefore, the simulation scenarios only take
into account the number of vehicles and buildings. Some of
important V2V communication channel parameters used in
all simulation scenarios are given Table II.
TABLE II: Simulation parameters
Operating Frequency (GHz)
Transmit Power (dBm)
Antenna Height (m)
Antenna Gain (dBi)
Path Loss Exponent for NLOSb links
Max. Communication Range for LOS links (m)
Max. Communication Range for NLOSv links (m)
Max. Communication Range for NLOSb links (m)

5.89
12
0.1
1
2.9
1000
400
300

B. Tools

Fig. 1: The straight road used in simulations (yellow line 435 m)
V2V communication channel parameters vary with objects
around the vehicles. Although buildings and vehicles has the

OpenStreetMap [18] provides geometric database which
”.osm” extension files of above environments can be exported
(www.openstreetmap.org). GEMV2 uses this file as an input
file. Fig. 3 shows the homepage of OpenStreetMap website.
The other required input file is traffic mobility file which
can be generated by using SUMO [17] program. Fig. 4
shows the screenshot of SUMO program simulating the
straight road. Firstly, the map files (.osm extension files)
of the straight and the intersection road were exported from
OpenStreetMap. Although outlines of buildings are available
through OpenStreetMap, there were not buildings in the map
files for chosen area. JOSM (OpenStreetMap editor) were
used to add buildings to this exported maps [22].

clearly seen that the received power decreases prominently
in the case of the communication link is obstructed by
buildings. However, increase the number of vehicles does not
change much the received power for the intersection road.
As a result, it can be said that the buildings has more effect
than the number of vehicles between communication pairs
on the received power degradation.
IV. C ONCLUSION
Fig. 3: OpenStreetMap

Fig. 4: Simulation of Urban MObility-SUMO

C. Simulation Results
Fig. 5 shows the simulation results from SUMO and
GEMV2 related to the straight road while the results related
to the intersection road are shown in Fig. 6. In all graphics,
the x axis shows the distance in meters between communication pairs while y axis shows the received power value in
dBm. Additionally, the standard deviation (σ) and the mean
(µ) values are given below the related graphics.
Fig. 5 (c) and Fig. 5 (d) show the received power changing
with/without buildings around the straight road according
to the scenario 1 and 2 (2 vehicles) given in Table I,
respectively. Additionally, the results for the scenario 3 and
4 (50 vehicles) given in Table I are figured out in Fig.
5 (g) and Fig. 5 (h), respectively. The obtained results
indicate that existence of buildings has no dominant effect
on received power in straight road. However, one can say
that there is small variations. It is an expected situation
because the calculated received power consists of sum of the
large scale and the small scale variations in the simulation.
In GEMV2 , while the large scale variations are calculated
with deterministic approach, the small scale variations have
stochastically calculations. On the other hand, when the
number of vehicles increases, the received power decreases
comparatively.
From a similar point of view,Fig. 6 (c) and Fig. 6 (d)
show the received power changing with/without buildings
around the intersection road according to the scenario 5 and
6 (2 vehicles) given in Table I, respectively. Additionally, the
results for the scenario 7 and 8 (50 vehicles) given in Table
I are figured out in Fig. 6 (g) and Fig.6 (h), respectively. It is

Main purpose of this study is to investigate the effect
of the buildings, the number of vehicles and the road
types on the V2V communication channel. For this purpose,
OpenStreetMap, SUMO and GEMV2 simulation tools were
used to simulate V2V communication channel with different
scenarios. The effect of the buildings and the number of
vehicles on the received power level were compared in
the straight and the intersection road. It is concluded that
increase the number of vehicles causes more attenuation
than the surrounding buildings in the straight road. On the
other hand, in the intersection road the buildings between
communication pairs have more decreasing effect on the
received power than the the number of vehicles on V2V
communication channel.
This study shows the effects of the buildings, the number
of vehicles and the road types on V2V communication
channel. Preliminary results obtained from this work can be
a good motivation for this research area. However, it still
needs both much more theoretical and experimental studies
to support the simulation results.
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(a) 2 Vehicles with buildings.

(b) 2 Vehicles without buildings.
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(c) Numerical result of Fig. 5 (a): µ = −74.94, σ = 12.34

(d) Numerical result of Fig. 5 (b): µ = −76.10, σ = 10.64

(e) 50 Vehicles with buildings.

(f) 50 Vehicles without buildings.
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(g) Numerical result of Fig. 5 (e): µ = −74.29, σ = 10.31
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(h) Numerical result of Fig. 5 (f): µ = −74.25, σ = 10.30

Fig. 5: Comparision of received power (dBm) for the straight road on GEMV2 V2V communication simulations. a,b,e, and
f shows the SUMO simulation scenarios. c,d,g, and h gives the numerical results of related scenarios, respectively.
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(a) 2 Vehicles with buildings.

(b) 2 Vehicles without buildings.
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(c) Numerical result of Fig. 5 (a): µ = −87.06, σ = 17.61

(d) Numerical result of Fig. 5 (b): µ = −70.1, σ = 8.96

(e) 50 Vehicles with buildings.

(f) 50 Vehicles without buildings.
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(g) Numerical result of Fig. 5 (e) µ = −88.08, σ = 16.28
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(h) Numerical result of Fig. 5 (f) µ = −80.18, σ = 13.65

Fig. 6: Comparision of received power (dBm) for the intersection road on GEMV2 V2V communication simulations. a,b,e,
and f shows the SUMO simulation scenarios. c,d,g, and h gives the numerical results of related scenarios, respectively.
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[6] T. Abbas, K. Sjöberg, J. Karedal, and F. Tufvesson, “A measurement
based shadow fading model for vehicle-to-vehicle network simulations,” International Journal of Antennas and Propagation, vol. 2015,
2015.
[7] R. Meireles, M. Boban, P. Steenkiste, O. Tonguz, and J. Barros,
“Experimental study on the impact of vehicular obstructions in vanets,”
in Vehicular Networking Conference (VNC), 2010 IEEE, pp. 338–345,
IEEE, 2010.
[8] M. Boban, T. T. Vinhoza, M. Ferreira, J. Barros, and O. K. Tonguz,
“Impact of vehicles as obstacles in vehicular ad hoc networks,” IEEE
journal on selected areas in communications, vol. 29, no. 1, pp. 15–28,
2011.
[9] P. Paschalidis, K. Mahler, A. Kortke, M. Peter, and W. Keusgen,
“Pathloss and multipath power decay of the wideband car-to-car
channel at 5.7 ghz,” in Vehicular Technology Conference (VTC Spring),
2011 IEEE 73rd, pp. 1–5, IEEE, 2011.
[10] E. Giordano, R. Frank, G. Pau, and M. Gerla, “Corner: a realistic
urban propagation model for vanet,” in Wireless On-demand Network
Systems and Services (WONS), 2010 Seventh International Conference
on, pp. 57–60, IEEE, 2010.
[11] C. Sommer, D. Eckhoff, R. German, and F. Dressler, “A computationally inexpensive empirical model of ieee 802.11 p radio shadowing in
urban environments,” in Wireless On-Demand Network Systems and
Services (WONS), 2011 Eighth International Conference on, pp. 84–
90, IEEE, 2011.
[12] T. Mangel, O. Klemp, and H. Hartenstein, “A validated 5.9 ghz nonline-of-sight path-loss and fading model for inter-vehicle communication,” in ITS Telecommunications (ITST), 2011 11th International
Conference on, pp. 75–80, IEEE, 2011.
[13] J. Karedal, F. Tufvesson, T. Abbas, O. Klemp, A. Paier, L. Bernadó,
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Abstract— In this paper, a novel soft switching bidirectional full
bridge pulse width modulation (PWM) DC-DC converter is
proposed. In this converter, the main switches turn on with zero
current switching (ZCS). Besides, the auxiliary switch turns on
and off with zero current switching (ZCS). There is no extra
voltage or current stress on the main elements. The proposed
converter eliminates the voltage stress across main switches by the
snubber cell. Moreover, it has features such as simple structure
and low cost. Finally, the theoretical analysis of new converter is
made and 500 W simulation results are presented.
Keywords— Soft Switching, zero current transition, zero current
transition, bidirectional converter, DC-DC converter.

I. INTRODUCTION
Bidirectional pulse width modulation (PWM) DC-DC full
bridge converters provide ease of control, galvanic isolation
and high voltage conversion. These converters are used in
industrial applications as hybrid energy storage systems [1, 2];
renewable energy systems [3, 4]; battery charge/discharge [5]
and electrical vehicles [6-9]. In the bidirectional full bridge
converters, the filter components and isolation transformer are
decreased the power density. The switching frequency should
be increased to obtain a high power density in these converters
since the increasing of switching frequency reduces the size of
filter components. However, the high switching frequency
causes to the switching power losses and electromagnetic
interference (EMI) noises. Therefore, the soft switching (SS)
techniques are improved to eliminate the switching power
losses [10-12]. Although SS converters obtain effective results
in terms of switching power losses, they have some problems
that need to be solved within themselves.
The most used SS technique in industrial applications is zero
voltage transition (ZVT) technique because it provides ease of
application and effective results. However, there are some
issues in ZVT applications. The additional conduction losses
and EMI noises with high frequency happen since the snubber
cell elements are on the main current path [13-15]. The hard
switching (HS) of the auxiliary switch causes the switching
losses on the auxiliary elements and it reduces the total
converter efficiency [16-18]. Another case reducing the
efficient of converter is transferring the snubber cell energy to
the input side because the energy is processed twice in this
application [19-20].
In [21], the main switches turn on with ZVT and turn off with
zero voltage switching (ZVS). In this converter, the circulation

losses are high because the current of snubber cell flows over
the main switches during on duration. To overcome the
problems of this converter a novel converter is improved [22].
However, the snubber cell has more auxiliary elements and its
structure is complex since a special design is required for the
flyback transformer of snubber cell. This case causes to high
cost and difficulty of application.
The other SS technique is zero current transition (ZCT)
technique. The extra current stress occurs in ZCT applications
[23-24]. The switching losses at turning on, complex snubber
cell structure and the elements on the main current path
decrease the total efficiency and cause to difficulty of
application [25].
Additionally, to achieve SS for the main switches without
snubber cell is possible in bidirectional full bridge converters.
In this technique, SS depends on the energy of leakage
inductance at turning on. Although this technique provides
sufficient results at light loads, the switching losses increase at
high power applications. Also, this technique leads to the extra
current stress on the main switches. Finally, the energy is
processed twice to achieve SS and this case causes to decrease
the total efficiency [26].
This paper introduces a novel soft switching snubber cell for
bidirectional full bridge DC-DC PWM converters. The
proposed converter is illustrated in Fig. 1. The main switches
turn on with zero current switching (ZCS) in the proposed
converter. The voltage stresses on the main switches are
eliminated completely by aid of proposed snubber cell.
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Fig. 1 Proposed novel soft switched bidirectional PWM DC-DC converter.

II. CIRCUIT DESCRIPTION AND OPERATING STAGES

LLk is sum of the leakage inductances of transformer. In the
snubber cell, Sa1 and Sa2 are auxiliary switches and La is
auxiliary inductance.
There are five stages in the steady state operation of the
proposed converter for a half period. The equivalent circuit
schemes of these operational stages are shown in Fig. 2. The
key waveforms concerning the operational stages are shown in
Fig. 3.

In the proposed novel converter shown in Fig. 1, VL is low
side voltage source, VH is high side voltage source, LF is input
filter inductance, S1~S4 are low side main switches and D1~D4
are internal diodes of these switches, S5~S8 are high side main
switches and D5~D8 are internal diodes of these switches, Tm is
high frequency transformer, n is turns ratio of transformer and
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Fig. 2 Equiavalent circuit schemes of the operation stages in proposed converter.
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Stage 1 [t0<t<t1: Fig. 2(a) ]
At the beginning of this stage, the main switches S1 and S4
are at on state while all other switches are at off state. The main
diodes D6 and D7 conduct the main current. At t = t0, a control
signal is applied to the auxiliary switch Sa1 and this stage starts.
Sa1 turns on with ZCS due to series inductance La. The current
of La inductance increase under VH/n-VL voltage. At t = t1,when
the current of La inductance reaches iLF, the current of main
switches falls zero and this stage finishes.
Stage 2 [t1<t<t2: Fig. 2(b) ]
At t = t1, the control signal of switches S2-S3 are applied and
this stage is started. Main switches S2-S3 are turned on with
ZCS owing to La auxiliary inductance. During this stage, the
current of auxiliary inductance decreases while the current of
main switches increase. The currents of main switches reach
input current ILF when the current of auxiliary switch falls zero.
At t = t2, the control signal of auxiliary switch is removed and
it is turnef off with ZCS and then this stage is finished.
Stage 3 [t2<t<t3: Fig. 2(c) ]
This stage is on stage of conventional full bridge converter
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Key waveforms concerning for the operation stages.

Stage 4 [t3<t<t4: Fig. 2(d) ]
At t = t3, the control signals of main switches S6-S7 are
applied and this stage is started. The current of leakage
inductance LLk is increased during this stage. When the current
of leakage inductance reaches the input current, the control
signals of main switches S1-S4 and S6-S7 are removed,
simultaneously. Therefore, the voltage stresses of main
switches are eliminated completely in this stage.
Stage 5 [t4<t<t5: Fig. 2(e) ]
This stage is off stage of conventional full bridge converter.
III.

SIMULATION RESULTS AND FEATURES OF
PROPOSED CONVERTER

A. Features of Proposed Converter
The proposed novel bidirectional full bridge converter
overcomes disadvantages of previous SS full bridge converters
as well as it has their intended advantages. The proposed
converter has the following features:
1- The main switches turn on with ZCS.
2- The auxiliary switch turns on and off with ZCS.
3- The voltage stresses on the main switches are
eliminated completely.
4- There is no extra current stress on the main elements.
5- All semiconductors operate with SS in the proposed
converter.
6- The sum of transient intervals is small part of the
switching period.
7- There is no element of the snubber cell on the main
current path.
8- Application of the proposed converter is simple and its
cost is low since it has simple structure.

B. Features of Proposed Converter
It is realized a simulation prototype of proposed novel
converter at 500 W and 25 kHz in PSIM 9.1.1 program using
parameters are given in Table I.
TABLE I
SIMULATION PARAMETERS
P

500 W

La

5 µH

F

25 kHz

VL

48 V

LF

500 µH

VH

360 V

LLk

2 µH

n

5

The simulation results of novel converter are presented in
Fig. 4-Fig. 6. Fig. 4 shows the control signal, current and
voltage of main switches S2-S3 and the control signals of the
main switches S6-S7. It can be seen clearly from the figure
that the main switches are turned on with ZCS. So, the turn
on switching losses is reduced by the proposed snubber cell.
Besides, there is no current stress on the main switches.
Therefore, the extra conduction losses do not occur. One of
the main objectives of this study it is eliminate the voltage
stress of main switches. Fig. 4 shows that there is no extra
voltage stresses on the main switches expect primary voltage
VH/n.
Fig. 5 shows the control signal, current and voltage of
auxiliary switch Sa1. The auxiliary switch is turned on and off
with ZCS. So, the turns on and off switching losses is
reduced. The voltage stress on the auxiliary switch is very
low. Besides, the current of auxiliary switch does not exceed
the input current iLF. Finally, the low side voltage VL, the high
side voltage VH, the leakage inductance current iLK and the
filter inductance current iLF are illustrated in Fig. 6.

Fig. 2 The control signals of the main switches S6-S7, the control signal, current and voltage of main switches S2-S3 and, respectively.

Fig. 4 The control signal, current and voltage of auxiliary switch, respectively.

Fig. 5 The high side voltage, the low side voltage, the current of filter indcutance and leakage inductance, respectively.

IV. CONCLUSIONS
In this paper, a novel bidirectional full bridge ZVT-PWM
DC-DC converter is introduced. The proposed snubber cell
provides to turn on with ZCS for main switches as well as all [1]
other semiconductor elements are also soft switched. There is
no extra current stress on the main elements. Also, the voltage
stresses on main switches are eliminated completely. [2]
Furthermore, the novel converter is operated 500 W nominal
power and theoretical analysis is verified with the simulation
results.
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Abstract— In this paper, a new snubber cell for soft switched high
set-up DC-DC converters is introduced. The main switch is turned
on by zero voltage transition (ZVT) and turned off by zero voltage
switching (ZVS) by the new snubber cell. The main diode is turned
on by ZVS and turned off by zero current switching (ZCS).
Besides, all auxiliary semiconductor devices are soft switched (SS).
Any semiconductor device does not expose the additional current
or voltage stress. The new snubber transfers some of the
circulation energy to the output side when it ensures SS for main
semiconductor devices. Thus, the current stress of auxiliary switch
is significantly reduced. Besides, the total efficiency of converter is
high since the direct power transfer (DPT) feature of new
converter. The theoretical and mathematical analysis of the new
converter verified with experimental setup at 500 W and 100 kHz.
Keywords— Zero voltage transition, Soft Switching, active
snubber cell, Boost converter, DC-DC converter.

I. INTRODUCTION
The high set-up converters are prevalently used in such as
battery charger, hybrid energy storage system, power factor
correction (PFC), photovoltaic (PV) systems. The reason of this
preference is higher power density, fast dynamic respond and
simple control features of high set-up converters [1-4]. These
features can be assured more easily at high switching
frequencies. So, high set-up converters should be operated at
high frequency as possible. Classical high set-up converters
operate with hard switching (HS). Because of HS, some
problems happen in high set-up converters at high frequencies
[5-7]. These problems are the switching power losses,
electromagnetic interference (EMI), high reverse recovery
losses etc. In order to overcome these problems at high
switching frequencies, the soft switching (SS) techniques are
introduced in the literature [8-12].
Zero voltage switching (ZVS) and zero current switching
(ZCS) techniques called classical techniques are achieved by
passive and active snubber cells while Zero voltage transition
(ZVT) and zero current transition (ZCT) techniques called
modern techniques are achieved with active snubber cells. In
classical high set-up ZVT converter introduced in [13], the
main switch is turned on by ZVT and the main diode is turned
off by ZCS. The disadvantage of this converter is that the
auxiliary switch is turned off with HS. To overcome the

problems of classical ZVT converter, many topologies are
introduced in the literature [14-32].
In [14], the semiconductor devices are turned on and off with
SS but the main switch is exposed to high current stress. In [15],
the main switch operates with SS without the extra current
stress. However, the voltage stress of the main diode is twice
the output voltage. In [16, 17], SS achieved by snubber cell is
depended on load current and so, SS is not achieved at light
loads. The snubber cell introduced in [18] provides SS
operation for the main switches and reduces voltage stress of
the main switches. However, the auxiliary elements are
operated by HS leading to lower efficiency.
In the approaches in [19], [20], the snubber cell operates with
soft switching for the main switches, but it results in additional
current and voltage stresses on the main switches. Therefore,
the conduction losses of the switches increase, and switches
with high current/voltage capabilities must be used for
converters. Furthermore, only an additional voltage stress
occurs on the main switches in the approach in [21]. These
problems can be eliminated using the approaches proposed in
[22]-[28]. In [29]-[31], the main switches and other devices
turn on and off with soft switching techniques and without
additional current or voltage stresses. However, the resonance
inductors of the snubber cell are on the path of the main current.
Therefore, the cost and weight of the converter is increased
because the inductor size must be increased by considering the
main current. Moreover, ringing oscillations occur between the
resonance inductors and the parasitic capacitors of the main
switches. In addition, this problem causes EMI noises. In the
approach of [32] that addresses these problems, the main
switches and diodes turn on and off with soft switching
techniques. In addition, the snubber cell of the proposed
converter has a simple structure and does not cause additional
current or voltage stresses on the main devices. However,
additional switching power losses occur because the auxiliary
switch and diode turn on and off with hard switching.
In this study, a new SS snubber cell for high set-up PWM DCDC converter is presented. In the new converter, the turning-on
is achieved by ZVT for the main switch and by ZVS for the
main diode. The turning-off is achieved by ZVS for the main
switch and by ZCS for the main diode. For the auxiliary switch,
the turning-on by ZCS and the turning-off by ZVS are achieved.

Besides, the auxiliary diodes are switched by SS and there is no
addition voltage stress across the any semiconductor devices.
The proposed converter has an auxiliary transformer and this
transformer ensures both SS for main semiconductor devices
and increase the performance of converter. The leakage
inductance issues do not occur in the new converter because of
its design. The proposed converter transfers some of the
circulation energy to the output side by auxiliary transformer
during the ZVT operation. This case is called direct power
transfer (DPT) in the literature. So, both the current stress of
auxiliary switch is reduced and the total efficiency is increased.
This study is organized as fallows. In order to obtain the
operational cases of the proposed converter, a SS high set-up
converter using the new snubber circuit is discussed. Besides,
the mathematical anaylsis of converter is introduced in Section
2. Section 3 presents the design procedure and Section 4
provides the features of new converter. To demonstrate the
effectiveness of the new converter, an experimental setup is
prepared and related results of a 500-W high set-up converter
offered in Section 5.

snubber capacitance, while the other auxiliary diodes are
presented by D2, D3 and D4. Finally, TR is the high frequency
transformer and Lm is its magnetization inductance and L S is
the snubber inductance.
Eight operational cases occur in one switching period in one
switching period. The key waveshapes of converter are
illustrated in Figure 2. In order to simplify the theoretical
analysis of proposed converter, the filter components are
assumed large enough to hold the input current and output
voltage constant.
The main switch is turned on by ZVT and turned off by ZVS.
Thus, the turning on switching losses in the main switch is
perfectly eliminated. The turning off switching losses in the
main switch significantly reduced by ZVS technique. The
reverse recovery losses in the main diode is highly reduced by
ZCS and ZVS techniques. Besides, the auxiliary switch is
turned on by ZCS and turned off by ZVS. So, turning on and
turning off switching losses in the auxiliary switch is reduced.
All other semiconductor devices are operated by SS. Finally,
the all semiconductor devices in the converter is operated under
SS conditions.

II. CIRCUIT DESCRIPTIONS
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Fig. 1 Proposed novel soft switched bidirectional PWM DC-DC converter.
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The proposed new high set-up ZVT-PWM DC-DC converter
with DPT is illustrated in Figure 1. In the main circuit of
proposed converter, Vi is input voltage source, VO is output
voltage, LF is filter inductance, CF is output filter capacitance
and R is resistive load. DF represents the main diode, S1 is the
main switch and D1 is its internal diode, CP is sum of the
parasitic capacitance of the main diode, the main switch and
other paracitic capacitance. Therefore, it does not need an
additional capacitance for CP. In the snubber cell of proposed
converter, the auxiliary switch is denoted by S 2, CS is the
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Fig. 2 Equiavalent circuit schemes of the operation stages in proposed converter.

III. SIMULATION RESULTS
A. Features of Proposed Converter
It is realized a simulation prototype of proposed novel
converter at 500 W and 100 kHz in PSIM 9.1.1 program using
parameters are given in Table I.
TABLE I
SIMULATION PARAMETERS
P

500 W

Lm

6 µH

F

100 kHz

Vi

200 V

LF

500 µH

VO

400 V

LS

6 µH

Turns Ratio

1

The simulation results of novel converter are presented in
Fig. 3-Fig. 6. Fig. 3 shows the current and voltage of main
switch S1. It can be seen clearly from the figure that the main
switches are turned on by ZVT. So, the turning on switching
losses is completely eliminated by the proposed snubber cell.
Besides, the turning off switching losses of main switch is
reduced by ZVS. Also, there is no current or voltage stress
on the main switch. Therefore, the extra conduction losses

do not occur.
Fig. 5 shows the current and voltage of main diode DF. The
reverse rocery losses are one of the main issues in the high
set-up converters. The proposed converter is reduced the
reverse recovery of main diode. So, the total efficiency of
converter is protected. It can be seen in Fig. 5 that the main
diode is turned on by ZVS and turned on by ZCS.
The auxiliary switch is hepls for tutning on and off by SS
for the main semiconductor devices. Nonetheless, the
auxiliary semiconductor devices, especially auxiliary switch,
should be operated by SS. The auxilkiary switch in the
proposed converter is turned on by ZCS and turned off by
ZVS as indicated in Fig. 5. So, the turning on and off
switching losses is reduced for auxiliary switch. The voltage
stress does not ocur on the auxiliary switch. Besides, the
current stress of auxiliary switch is verl low since the DPT
feature.
The current of snubber inductance and the voltage of snubber
capacitance are presented in Fig. 6. The current of snubber
inductance is so low. Because of DPT feature. Also, the voltage
of snubber capacitance cannot exceed the output voltage.

Fig. 2 The current and voltage of main switch S1.

Fig. 4 The current and voltage of main diode DF.

Fig. 5 The current and voltage of auxiliary switch S2.

Fig. 6 The current of snubber inductance LS and the voltage of snubber capacitance CS.

IV. CONCLUSIONS
In this study, a new high set-up DC-DC converter with active
snubber cell is presented. The snubber cell of the proposed
converter provides fully SS for main and auxiliary
semiconductor devices. The current/voltage stress does not
occur across the main semiconductor devices. The most
important feature of proposed converter is its DPT. Some part
of circulation energy a transferred to output side while SS is
unsured for the main semiconductor devices. The current stress
of auxiliary switch is significantly reduced. Moreover, the
efficiency of converter is increased by DPT feature.
Additionally, the proposed converter has simple construct, low
cost and ease of application features.
As a result, the proposed new converter has many desired
features of SS converters as ZVT and ZVS. Besides, it
overcomes many drawbacks of the SS converters presented
earlier. The theoretical analysis of the converter is confirmed
with 100 kHz and 500 W simulation setup.
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Abstract— This paper introduces a novel soft switched zero
voltage transition (ZVT) two-switch forward converter with
active-clump circuit. The active-clump circuit composes of two
auxiliary switches, a resonant inductor and a resonant capacitor.
So, the snubber cell has a simple structure. In the proposed
converter, the main switches are turned on under ZVT and
turned off under zero voltage switching (ZVS). Besides, the main
diodes are turned on under ZVS and turned off under zero
current switching (ZCS). The proposed converter has no current
and voltage spikes in the switches in comparison with the
conventional forward converter. So, it is suitable for high
switching frequency operations. The theoretical analysis of
converter is clarified and the operation principle is given in
detail. The simulation results of converter are obtained for 200
W and 100 kHz. It is observed that the semiconductor devices
operate with soft switching (SS) perfectly.
Keywords— Forward converter, soft switching techniques, hard
switching, zero voltage transition, zero current transition.

I. INTRODUCTION
Advanced telecommunication and computer systems
demand high efficiency and high power density, distributed
power supplies. Forward converter topologies are good
solution for these applications. In recent years, two-switch
forward converters are generally used in low-to-medium
power applications because of its simple structure, high output
current, small transformer size, and smaller output capacitor
needed [1-3]. The transformers of the two-switch forward
converters are operated with direct power transfer (DPT)
mode. When the main switches are turned on, a part of energy
is transferred to the output through the transformer. When the
main switches are turned off, the core of the transformer is
reset by the leakage inductance of transformer [4].
The conventional two-switch converter is shown in Fig. 1.
This converter should be operated at high frequencies in order
to achieve higher efficiency, power density and the smaller
converter size. However, the high frequency switching
operation in the converters causes the higher switching power
losses, high electromagnetic interference (EMI) noises and
low total efficiency [5-7]. In order to decrease the switching
losses and EMI noises, active snubber and clamp cells are
proposed for forward converters [8-21].
In [8] study, the semiconductor devices operate under soft
switching (SS) but an additional winding is required to reset
the transformer core such as a conventional forward converter.
In [9] study, the main switches turned on under ZVS. Besides,
the SS operation conditions are depended on the load current,
so SS operation is poor under light load conditions. In [10]

study, the proposed active-clump circuit has a complex
structure since the active-clump circuit is on secondary side of
transformer. In [11], the main switches are turned on and off
under SS. Also, there is no current and voltage spikes in the
main switches. In [12-13] studies, duty ratio is more than 0.5
and the main switches are turned on under ZVS. However, an
additional inductor is needed to reset the core of transformer.
This case leads to increase the complexity and cost.
In the forward converter proposed in [14-16], the converter
switches are operated under SS. However, both the converter
structures are complex and the converters have many
semiconductor power switches. In [17] study, an interleaved
approach is introduced for two-switch forward converters. The
main switches are operated under SS. However, the converter
structure is fairly complex. In the converters proposed in [1819], the proposed active-clamp cell achieves the soft
switching operation. However, there is high voltage stress on
the semiconductors at high-input voltage applications. So, the
high voltage or current stresses cause the conduction losses
and higher cost. In [20-21] studies, two-switch forward
converters are proposed. These converters operate under soft
switching for semiconductor devices. However the input
voltage is utilized for the transformer reset, the duty cycle is
limited to 50 %. So, the converter performances are reduced.

Fig. 1 Conventional two-switch forward converter

This paper introduces a novel soft switching snubber cell
for two-switch forward DC-DC PWM converters. In the
proposed converter, the main switches are turned on under
ZVT and turned off under ZVS. The main diodes are turned
on under ZVS and turned off under ZCS. The voltage stresses
on the main switches are eliminated completely by aid of
proposed snubber cell. In the active clamped snubber cell, the
auxiliary switches are turned on under ZCS and turned off
under ZVS. Besides, the output diodes operate under soft
switching.

II. OPERATION PRINCIPLE OF THE PROPOSED CONVERTER
The basic circuit scheme of the proposed two-switch
forward DC-DC PWM converter is illustrated in Fig. 2. In this
converter, Vin is the input voltage, Vout is the output voltage, T
is the power transformer, Llk is the leakage inductance
reflected on the primary side of transformer, Lm is the
magnetizing inductance, CF is the output capacitor, LF is the
main inductor, R is the output load, S1 and S2 are the main
switches, CS1 and CS2 are the output capacitances of the main
switches, D1 and D2 are the main diodes, Do1 and Do2 are the
secondary diodes. In the active-clamp cell, Sa1 and Sa2 are the
auxiliary switches, Cr is the resonant capacitor.

Fig. 2 The proposed two-switch forward DC-DC PWM converter with
active-clamp

When describing the operation of proposed converter, the
following will be taken into consideration:

The switches and diodes are ideal;

The output capacitances of the main switches CS1 and
CS2 are equal;

Llk is much less than Lm;
The steady state operation of the converter has seven
operational intervals. The equivalent circuits of these
operational modes are presented in Fig. 3.
Interval 1 [t0 < t < t1: Fig. 3(a)]
At the beginning of this interval, all switches in the
converter are at off-state and the output current flows through
Do2 and LF inductor. At the t = t0, iS1 = iS2 = 0, iD1 = iD2 =0,
vCr = Vin and vCs1 = vCs2 = Vin are valid and a control signal is
applied to Sa1 auxiliary switch. Then, a resonance occurs
between Cr and the leakage inductance of transformer Llk. The
current of Llk increases in reverse direction while the voltage
of Cr capacitor is decreased. So, the auxiliary switch Sa1 is
turned on under ZCS because of series Llk inductance. Also,
Cs1 and Cs2 capacitors are charged with the input current since
the sum of vCr, vCs1 and vCs2 voltages are required to equal to
input voltage.
At the t = t1, the voltage of Cr capacitor falls to zero and the
current of Llk reaches the maximum value in reverse direction.
The voltage of transformer is equal to zero since the voltage
of Cr capacitor is equal to zero and the sum of vCs1 and vCs2
voltages are to equal to input voltage. At the end of this
interval, the control signal of Sa1 is removed. So, Sa1 is turned
off under ZVS and Do1 diode is turned on under ZVS since the
voltage of transformer will increase in positive direction
slowly.
Interval 2 [t1 < t < t2: Fig. 3(b)]

At the t = t1, iS1 = iS2 = 0, iD1 = iD2 =0, vCr = 0 and vCs1 =
vCs2 = Vin/2 are valid. During this interval, Cs1 and Cs2
capacitors are discharged by negative ILlk current. At the end
of this interval, the voltages of Cs1 and Cs2 capacitors falls to
zero and the body diodes of S1 and S2 mains switches are
turned on under ZVS. So, this interval is finished.
Interval 3 [t2 < t < t3: Fig. 3(c)]
At the t = t2, iS1 = iS2 = -ILlk, iD1 = iD2 =0, vCr = 0 and vCs1 =
vCs2 = 0 are valid. During this interval, the energy of Llk
inductor is transferred to input voltage source through body
diodes of main switches. In this case, a gate signal is applied
to the main switches while the voltage on the main switches is
held in zero value. Thus, the main switches S1 and S2 are
turned on under ZVT perfectly. This interval that the body of
the main switches is at on-stated is called as ZVT interval. At
the end of this interval, the current of Llk falls to zero and this
interval is finished.
Interval 4 [t3< t < t4: Fig. 3(d)]
At the t = t3, iS1 = iS2 = 0, iD1 = iD2 =0, vCr = 0 and vCs1 =
vCs2 = 0 are valid. At this interval, the main switches are at onstate and this interval is on-interval of the conventional twoswitch forward converter. At this interval, the input current
flows though the transformer. So, the part of energy is
transferred. At the t = t4, the control signal of the main
switches S1 and S2 are removed and this interval ends.
Interval 5 [t4< t < t5: Fig. 3(e)]
At the t = t4, iS1 = iS2 = ILlk, iD1 = iD2 =0, vCr = 0 and vCs1 =
vCs2 = 0 are valid. This interval starts when the control signal
of the main switches are removed. So, Cs1 and Cs2 capacitors
are charged by the input current. The main switches S1 and S2
are turned on under ZVS due to parallel Cs1 andCs2 capacitors.
Also, a control signal is applied to the auxiliary switch Sa2 at
the beginning of this interval. When vCs1 and vCs2 voltages are
equal to half of input voltage, the voltage of transformer falls
to zero. Then, this interval is finished.
Interval 6 [t5< t < t6: Fig. 3(f)]
At the t = t5, iS1 = iS2 = 0, iD1 = iD2 =0, vCr = 0 and vCs1 =
vCs2 = Vin/2 are valid. When the voltage of transformer falls to
zero, a resonance begins between Llk and Cr. While the
voltage of Cr capacitor increases, the current of Llk decreases.
So, the auxiliary switch Sa2 is turned on under ZVS. During
this intervals, the voltage of Cs1 and Cs2 capacitors increase
together the voltage of Cr capacitor. Also, Do2 diode is turned
on under ZVS and Do1 diode is turned off under ZVS since the
voltage of transformer increases in negative direction
At the end of this interval, the voltages of Cr, Cs1 and Cs2
capacitors are equal to the input voltage and so, D1 and D2
main diodes are turned on under ZVS. So, this interval is
finished.
Interval 7 [t6< t < t7: Fig. 3(g)]
At the t = t6, iS1 = iS2 = 0, iD1 = iD2 =ILlk, and vCr = vCs1 =
vCs2 = Vin are valid. During this interval, the current of Llk
flows through the main diodes. Also, the control signal of Sa2

is removed at this interval. So, Sa2 is turned off under ZCZVS.
At the end of this interval, the current of Llk falls to zero and
the leakage inductance of transformer is reset.
Interval 8[t7< t < t8: Fig. 3(h)]
At the t = t7, iS1 = iS2 = 0, iD1 = iD2 =0, and vCr = vCs1 = vCs2
= Vin are valid. During this interval, all switches in the

converter are at off-state and the output current flows through
Do2 and LF inductor. At t = t10, a switching period is
completed and the same intervals repeats periodically in the
next period.

Fig. 3 Equivalent circuit schemes of the operation intervals in proposed converter.

III. SIMULATION RESULTS
It is realized a simulation prototype of the proposed activeclamped two switch forward converter at 200 W and 100 kHz
in PSIM 9.1.1 program by using parameters are given in Table
1.
The simulation circuit scheme of the proposed converter is
given in Fig. 4. The simulation results of the proposed
converter are shown in between Figs. 5-7. The voltage scales
are scaled 1/20 ratio in Figs. 5-6 in order to see the current and
the voltage waveforms easily.

TABLE I
SIMULATION PARAMETERS

Output Power
(Po)
Switching Frequency
(fs)
Input Voltage
(Vin)
Turn ratio
(n)
Leakage Inductance
(Llk)

200 W
100 kHz
400 V
1:10
2 µH

Main Inductor
(LF)
Output
Capacitor (CF)
Output Voltage
(Vo)
Resonant
Capacitor (Cr)
Cs1 and Cs2
Capacitors

500 µH
47 µF
40 V
6 nF
2.2 nF

S1

Cs1
2.2n

D2
6n

Sa1

Sa2

400
Vin

Tr

1

Cr

500u

1

Do1

2u

Do2

Llk

10

LF
47u
CF

R
8

2

D1
S2

Cs2
2.2n

Fig. 4 Simulation circuit scheme.

Fig. 5 shows the control signals of main switches and
auxiliary switches; the voltage and current waveform of main
switch S1; the current and voltage waveform of the auxiliary
switch Sa1, respectively. As shown in figure, a control signal is
applied to the main switch and the main switch is turned on

under ZVT when its voltage is held in zero. Also, the main
switch is turned off under ZVS. Besides, the auxiliary switch
is turned on under ZCS-ZVS and turned off under ZVS.
Moreover, it can be seen from figure that there is no additional
voltage or current stress on the switches.
Fig. 6 shows the voltage and current waveforms of main
diode D1; the current and voltage waveform of the secondary
diodes Do1, Do2, respectively. As shown in figure, the main
diodes is turned on under ZVS and turned off under ZCS-ZVS.
Also, Do1 and Do2 diodes are turned on and off under ZVS in
secondary side of transformer without any additional voltage
or current stress.
Fig. 7 shows the current waveform of Llk inductance; the
voltage waveforms of transformer and Cr capacitor,
respectively. As shown in figure, the leakage inductance Llk
can be reset completely. Also, the voltage of Cr capacitor does
not exceed the input voltage.

Fig. 5 Respectively; the control signals of main switches and auxiliary switches; the voltage and current waveform of main switch S1; the current and voltage
waveform of the auxiliary switch Sa1

Fig. 6 Respectively; the voltage and current waveforms of main diode D1; the current and voltage waveform of the secondary diodes Do1, Do2.

Fig. 7 Respectively; the current waveform of Llk inductance; the voltage waveforms of transformer and Cr capacitor.

IV. CONCLUSIONS
In this paper, a novel active-clamped two-switch forward
DC-DC PWM converter is introduced. The proposed activeclamped snubber cell provides to turn on under ZVT and turn
off under ZVS for the main switches as well as all other
semiconductor elements are also soft switched. There is no
additional current or voltage stress on all of the semiconductor
elements. Furthermore, the novel converter is operated 200 W
nominal powers and theoretical analysis are verified with the
simulation results.
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Abstract— This paper introduces a novel active snubber cell for
soft switching PWM DC-DC converters. In the proposed
converter, the main switch is turned on under zero voltage
transition (ZVT) and turned off under zero voltage switching
(ZVS). The auxiliary switch is turned on under zero current
switching (ZCS) and turned off under zero current transition
(ZCT). The main diode is turned on under ZVS and turned off
under ZCS. All of the other semiconductors in the converter are
turned on and off with soft switching (SS). There is no extra
voltage stress on the semiconductor devices. Besides, the
proposed converter has simple structure and ease of control due
to common ground. The detailed theoretical analysis of the
proposed converter is presented, and also verified with both
simulation and experimental study at 100 kHz switching
frequency and 600 W output power.
Keywords— Snubber cell, soft switching, zero voltage transition,
zero current transition, hard switching.

I. INTRODUCTION
DC-DC boost converters are usually used in applications as
solar energy, fuel cell, electrical vehicles, power factor
correction, etc. due to their perfect dynamic performance, high
power density and fast transition response. To obtain high
power density, the switching frequency must be increased as
possible. But the high switching frequency leads to high
switching losses and electromagnetic interference (EMI)
noises. Then, the performance and efficiency of the converter
decrease. These problems can be solved by using the soft
switching (SS) techniques with active or passive snubber cell.
SS techniques with passive snubber are Zero Voltage
Switching (ZVS), Zero Current Switching (ZCS). Otherwise,
SS techniques with active snubber are Zero Voltage Transition
(ZVT) and Zero Current Transition (ZCT) techniques [1-5].
In [6-8], all semiconductor devices are turned on and off
under SS but there is extra voltage stress on the auxiliary
switch. In [9-10], there is extra voltage stress on the auxiliary
diode. In [11], the oscillation between parasitic capacitance of
the main switch and snubber inductance causes to EMI when
the main switch is turned off. In [12], the extra conduction
power losses occur since auxiliary element is on the main
current line. In [13], the turning on under ZVT for the main
switch is poor at light loads. In [14], there are two auxiliary
switches in the snubber cell and they do not have common
ground, where the control of converter is difficult.

The main switch is turned off under ZCT in the
conventional ZCT converter [15]. However, the turning on of
the main switch and the turning off both the main diode the
auxiliary switch are under HS. Also, the reverse recovery
losses of the main diode are high. In [16], the auxiliary
elements are turned off under HS. So, the snubber elements
cause to the extra switching power losses. In [17], the extra
voltage stress of the main diode is as much the output voltage.
This issue causes to increase the cost. In [18], the extra
conduction power losses occur since auxiliary element is on
the main current line. In [19], there is the coupled inductance
structure in the snubber cell. Therefore, the leakage
inductance of the coupled inductance causes the voltage
spikes and the power losses. In [20], the extra voltage stress
occurs across the main diode and in [21], the auxiliary
semiconductor elements are exposed the extra voltage stress.
In this paper, a novel soft switching active snubber cell for
PWM DC-DC boost converter is proposed to solve
disadvantages in previously proposed SS converter. The
proposed converter is presented in Fig. 1. In the proposed
converter, the main switch is turned on under ZVT and turned
off under zero voltage switching (ZVS). The main diode is
turned on under ZVS and turned off under ZCS. The auxiliary
switch is turned on under ZCS and turned off under ZCT.
Additionally, there is no additional voltage stress on the
semiconductor devices.

the semiconductor switch and DSm is its body diode, and also
RL is the resistive load. In the snubber cell, the auxiliary
switch is denoted by Sa and DSa is its body diode, the snubber
capacitance is indicated by CS, while the auxiliary diode is
indicated by Da. Finally, Lr and Cr represent the resonance
inductance and capacitance, respectively.
The steady state operation of the converter contains eight
operational modes in one switching cycle. The equivalent
circuits of these operational modes are presented in Fig. 2.
Mode 1 [t0 < t < t1: Fig. 2(a)]
Before t = t0, the main switch is in the off state, the voltage
of capacitance CS is equal to the output voltage and the input
current flows through the main diode Dm. At t = t0, the control
signal is applied to the gate of the auxiliary switch Sa and this
mode is started, where the current of the auxiliary switch
increases while the current of the main diode decreases
linearly. At t = t1, the current of the auxiliary switch reaches
the input current and the current of the main diode arrives at
zero. The auxiliary switch is turned on under ZCS since Lr
inductance is connected in series.
Mode 2 [t1 < t < t2: Fig. 2(b)]
At t = t1, a resonance starts through CS – Lr – Cr. The
current of Lr is increased while the voltage of CS is decreased

in sinusoidal. When the voltage of CS reaches to zero, this
mode is finished.
Mode 3 [t2 < t < t3: Fig. 2(c)]
At t = t2, the body diode of the main switch DSm is turned
on under ZVS and this mode starts. When the body diode DSm
is in the on state, the control signal is applied to the gate of
main switch S1, and so the main switch is turned on under
ZVT. Therefore, the turning on switching losses of the main
switch is completely eliminated. When the voltage of Cr
capacitance reaches its maximum level, the body diode of the
main switch is turned off and this mode is finished.
Mode 4 [t3 < t < t4: Fig. 2(d)]
At t = t3, a resonance starts between Lr and Cr. The current
of Lr is increased when the voltage of Cr is decreased in
sinusoidal. The body diode of the auxiliary switch is in the on
state during this mode. The control signal of the auxiliary
switch is removed and this switch is turned off under ZCT
when its body diode is in the on state. Therefore, the turning
off switching losses of the auxiliary switch is completely
eliminated. The voltage of Cr reaches zero and this mode is
finished.

Fig. 2 Equivalent circuit schemes of the operation modes in proposed converter. (a) Mode 1, (b) Mode 2, (c) Mode 3, (d) Mode 4, (e) Mode 5, (f) Mode 6, (g)
Mode 7, (h) Mode 8.

Mode 5 [t4 < t < t5: Fig. 2(e)]
During this mode, the main inductance Lm stores the energy
under the input voltage source.
Mode 6 [t5 < t < t6: Fig. 2(f)]
At t = t5, the control signal of the main switch is removed,
which starts this mode. The switch is turned off under ZVS
due to parallel capacitance CS, which is charged by the sum of
the currents ILm and ILrpeak. At t = t6, the voltage of CS reaches
the output voltage, which finishes this mode.
Mode 7 [t6 < t < t7: Fig. 2(g)]
At t = t6, the main diode is turned on under ZVS, which
starts this mode. During this mode, the current of Lr
inductance is reduced linearly and its energy is transferred to
the output. At t = t7, the ILr reaches zero and this mode is
finished.
Mode 8 [t7 < t < t8: Fig. 2(h)]
This mode is the off mode of conventional boost converter.
ILm is transferred to the output side through the main diode
during this mode. At the end of this mode, it is returned to the
initial conditions by applying control signal to the auxiliary
switch.
III. SIMULATION RESULTS
It is realized a simulation prototype of the proposed activeclamped two switch forward converter at 600 W and 100 kHz
in PSIM 9.1.1 program by using parameters are given in Table
1. The simulation circuit scheme of the proposed converter is
given in Fig. 3. The simulation results of the proposed
converter are shown in between Figs. 4-7.
TABLE I
SIMULATION PARAMETERS

Output Power
(Po)
Switching Frequency
(fs)
Input Voltage
(Vin)
Resonant Inductance
(Lr)

600 W
100 kHz
200 V
2 µH

Main Inductor
(LF)
Output
Capacitor (CF)
Output Voltage
(Vo)
Resonant
Capacitor (Cr)

150 µH
470 µF
400 V
33 nF

Lm

Dm

150u

2u
Lr
Sm

Vi

200V

4.7n
Cs

33n
Cr
Sa

470u
Cm

266.67

RL

Da

Fig. 3 Simulation circuit scheme

Fig. 4 shows the control signals of main switches and
auxiliary switches; the voltage and current waveform of main
switch Sm. As shown in figure, the control signal is applied to
the main switch after the voltage of main switch is reached
zero. So, the main switch is turned on under ZVT without the
current and voltage overlapping. Moreover, the main switch is
turned off under ZVS. Therefore, the turning on switching
power losses is eliminated and the turning off switching
power losses is reduced for the main switch by novel snubber
cell. Besides, there is no extra voltage stress on the main
switch.
Fig. 5 shows the control signals of main switches and
auxiliary switches; the voltage and current waveforms of main
diode Dm. The main diode is turned on under ZVS and turned
off under ZCS. So, its switching power losses and reverse
recovery losses are significantly reduced. Moreover, there is
no extra voltage or current stress on the main diode.
Fig. 6 shows the control signals of main switches and
auxiliary switches; the voltage and current waveforms of
auxiliary switch Sa. As shown in figure, the auxiliary switch is
turned on under ZCS and turned off under ZCT. Therefore,
the turning on switching power losses is reduced and the
turning off switching power losses is eliminated for the
auxiliary switch. Additionally there is no extra voltage stress
on the auxiliary switch.

Fig. 4 Respectively; the control signals of main switches and auxiliary switches; the voltage and current waveform of main switch S1.

Fig. 5 Respectively; the control signals of main switches and auxiliary switches; the voltage and current waveform of main diode Dm

Fig. 6 Respectively; the control signals of main switches and auxiliary switches; the voltage and current waveform of main switch Sa.

IV. CONCLUSIONS
In this paper, a novel active snubber cell PWM DC–DC
boost converter is introduced. The proposed snubber cell
provides ZVT turning on and ZVS turning off for the main
switch. Besides the main diode is turned on under ZVS and
turned off under ZCS while all of auxiliary semiconductor
devices are soft switched. The proposed converter has simple
structure, low cost and ease of application features.
Furthermore, the novel converter is operated 600 W nominal
powers and theoretical analysis are verified with the
simulation results.
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Abstract— Researchers are interested different multicarrier
modulation techniques that are known as OFDM with CP via
worst spectral behavior while FBMC has best spectral
properties. WOLA windowing is done at TX and RX, FOFDM
filtered OFDMA sinc with Hann, filtering at TX and RX, UFMC
filtered OFDM, subband-wise filtering, Dolph-Chebyshev
window, cyclic prefix and zero padding are supported, filtering
at TX and RX. Signal-to-Interference Ratio that two users share
the same band, both users utilize different subcarrier spacing’s,
15 kHz and 120 kHz, to account for different channel conditions
or because a low latency transmission is desired (120 kHz). The
SIR then depends on the guard band between those two users.
This paper offers BER ratio, theorical and simulation of signal
power, power spectral density for all modulation techniques.

the available time frequency resources and the low delay
spread guarantees that simple one-tap equalizers are sufficient
to achieve close to optimal performance.

Keywords— Filter bank multi carrier, SIR, OFDM, BER.

equalization, adaptive modulation and coding methods. In

I. INTRODUCTION
Recently, next generation communication system known as
5G is interested by researchers highly [1-4]. Filter Bank Multi
Carrier (FBMC) could succeed Orthogonal Frequency
Division Multiplexing (OFDM) in 5G applications. FBMC is
a high probability candidate for OFDM because of its superior
spectral properties [5-7]. Next generation mobile systems will
have heterogen structure exceptionally because of improved
Mobile BroadBand (eMBB) over enhanced Machine Type
Communications (eMTC) to Ultra-Reliable Low latency
Communications (URLLC). Time-frequency resources need a
flexible allocation of available supporting such diverse cases
efficiently. An exciting discussion both with scientific
community as well as with standardizations has been available
for which modulation format should be used for mobile
communication systems in the next generation [8-12]. Finally,
3G with OFDM is modified to 5G mobile communications
while this makes some backwards compability to 4G wireless
systems that are not sufficient for all possible users [13,14].
For future mobile systems, two key investigations are detected
that affect the design of an appropriate modulation and
multiple-access design. One of these designs is a flexible time
frequency allocation that supports different users and channel
characteristics. The second one is low delay spread that
utilizes MIMO beamforming and high carrier frequencies in
dense heterogeneous networks [15,16].
FBMC is an effective choice for future mobile systems
because FBMC can be designed to have good localization in
both, time and frequency, allowing an efficient allocation of

transmission system,

In this paper; FBMC structure is metioned and FBMC
formulation is described in section II. OFDM structure is
given in section III and in section IV numerical results are
given. As a result conclusion and references are mentioned.
II. FBMC STRUCTURE
Multicarrier modulation has lots of advantages such as
xl , k

data symbols at subcarrier position l

and time position k are modulated with based pulse
s (t )

g l ,k (t )

and

transmitted signal is formulated as Equation 1.
K 1 L 1

s (t )   g l , k (t ) xl , k

(1)

k 0 l 0

Basis pulse

g l,k

is also formulated as Equation 2 that
is time and frequency shifted sample of prototype filter p(t) .
Prototype filter is based on Hermite polynomials showed in
Equation 3.

g l , k (t )  p (t  kT )e j 2lF (t  kT )e
t

1  2 ( )
p (t )  e T0
T0
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j (l  k )
2

ai H i ( 2 

t
)
T0

(2)

(3)

In Equation 3, the basis pulse is shown for T  T0 time spaces
and frequency spacing in F=2/T0. While we obtain maximum
spectral efficiency for TF  1 that is not relevant for placed
pulses in time and frequency domain [2]. Because of FBMC
only transmits real symbols, so only real orthogonality is
satisfied. Transmit signal is rewritten as Equation 4.

s  Gx

(4)
Received data symbols are obtained as Equation 5. h indicates
channel matrix, n represent complex Gaussian noise vector.
Also D is formulated as Equation 6.

y  diag hDx  n

(5)

D  GHG

(6)

Fig. 1.

acquiring the delay connected problems at the channel. Before
the data transmitting to the channel, firstly the symbols of
OFDM have to be in the time domain available length. After
that all the operations are enforced in the inverse direction and
obtained OFDM signal as the output of receiver block. Among
all the multicarrier modulations, CP insertion in the OFDM
modulation is the most extensive technique due to its facility
and its stability across to multipath fading using the cyclic
preﬁx. Even so a decrement of spectral efﬁciency is revealed
in this technique owing to the CP. Also the OFDM spectrum
is not dense because of the large side lobe levels resulting
from the rectangular pulse [18]. Multiuser systems use OFDM
that indicated perfect schemes for multiple accesses such as
transmission systems with single carrier. When carrier
systems are compared to each other, as a variable modulation
technique for multiple access systems OFDM is in that case
naturally make simple multiple access both time domain and
frequency domain.

Structure of QAM-FBMC.

In OFDM D indicates identity matrix while in FBMC D has
non diagonal imaginary terms. Data symbols at the pilot
positions divide received symbols in OFDM and the D
becomes identity matrix. The channel values are provided
using interpolation method at the data positions. But FBMC
has nan diagonal imaginary interference terms so FBMC is
considered to hold real part of symbol to cancel imaginary
interference. However, FBMC succeeds to cancel imaginary
interference after equalization of the phase shift caused by the
channel. Because this phase shift cannot know before channel
estimation, complex domain is used instead of the real domain.
Because of the interference is only available in imaginary
valued symbols, interference can completely eliminate using
the real part of symbol. But Signal-to-Interference Ratio (SIR)
is 0 dB in the complex domain and this is clearly much low in
an exact channel estimation. As a result to use channel
estimation in FBMC with pilot-symbol, we have to cancel the
imaginary interference.
III. OFDM STRUCTURE
High data rate streams of the random input signal are
turned into low data rate streams illustrated in Figure 2. The
low data rate streams are modulated subcarriers as parallel in
the OFDM. This parallel stream is dedicated input to the
IFFT block structure. Before the data accessed the channel by
the IFFT block structure, the data is transformed from
frequency to time. Then adding the cyclic prefix as the guard
interval, the data is encoded and transmission is operated at
receiver [17]. Binary source generator produced the digital
input data such as BPSK, QPSK and QAM modulation
methods which are used to modulate the binary data with
several different constellations. The IFFT block transforms the
data frequency domain to time domain. To insert guard
interval known as CP success the problems like ICI/ISI with

Fig. 2.

Structure of OFDM.

Also OFDM has some drawback properties such as
sensitive to errors of carrier frequency, because OFDM
structure divides a given spectral assignment into many
narrow subcarriers with small spacing for subcarriers naturally.
Furthermore, to success the orthogonality in subcarriers, it
needs linear ampliﬁers. Because of OFDM systems have a
high peak to average power ratio the systems require a large
ampliﬁer power back oﬀ and a many of bits in the analog to
digital (A/D) and digital to analog (D/A) designs. So, high
requirements are present for both transmitter and receiver
sides in OFDM [19].
CP-OFDM has most important role in multicarrier scheme
and is realized such as, Wireless LAN and LTE. CP-OFDM
utilizes rectangular receive and transmit pulses that increase
the complexity of computation greatly. But rectangular pulse
cannot place in frequency domain and this causes high OutOf-Band (OOB) emission. This is mentioned as one of the
biggest disadvantages of CP-OFDM. Also, CP-OFDM
facilities equalization in frequency-selective channels but the
spectral efficiency is reduced. No CP is needed in an AWGN
channel [20].

3GPP is utilized to reduce OOB emission such as
windowing and filtering. Windowing OFDM is extended as
OFDM with Weighted OverLap and Add (WOLA). Universal
Filtered Multi-Carrier (UFMC) that employs subband wise
filtering based on a Dolph-Chebyshev window. In filtering
OFDM, OFDM scheme considered within 3GPP is filteredOFDM (f-OFDM) [21].

Bit Error Ratio

Signal power of FBMC, OFDM, WOLA, f-OFDM,
UFMC in theorical are shown in Figure 5.

Signal Power

On the other hand FBMC-QAM has not a unique definition
because of Nam at al [22] make sacrifice in frequency
localization or orthogonality [23, 24]. We admit a timefrequency spacing TF=2 for FBMC-QAM, and such high
time-frequency spacing causes increment on robustness in
doubly-selective channel. There are two possible prototype
filter for FBMC_QAM design, one of them is based on
Hermite polynomials as purposed in [25]. Hermite pulse
obtains the same shape in time and frequency which let us to
utilize symmetries. Also Hermite pulse has a good time and
frequency joint because of Gaussian pulse. The other
prototype filter method is PHYDAS prototype filter [26].
When we compared Hermite prototype filter, PHYDAS
prototype filter shows better frequency localization but worse
time localization.
In addition to this FBMC-OQAM is concerned to FBMCQAM but symbol density is similar to OFDM without CP. In
designing prototype filter of FBMC-OQAM considering
p(t)=p(-t) for orthogonality in time spacing T=T0 and
frequency spacing F=2/T0. Also FBMC-OQAM reduce
orthogonality in T=T0/2 and F=1/T0 time-frequency spacing
by a factor of two and phase shift leads to shift induced
interference to purely imaginary domain. The loss of complex
orthogonality is main disadvantage of FBMC-OQAM.

Fig.4. QAM Modulation order for 16.

Fig.6. Signal power obtained in simulation

Power Spectral Density of FBMC, OFDM, WOLA, fOFDM, UFMC are shown in Figure 7. OFDM and WOLA
have nearly same power density but they differ from each
other fairly in FBMC
Power Spectral Density [dB]

IV. APPLICATIONS
Windowing and filtering are used to reduce high OOB
emission of CP-OFDM. But this causes increasing in spectral
efficiency by product of TF and shows lower robustness in
frequency selective channels. Also, OFDM with windowing
and filtering cannot reach FBMC with its low OOB emission.

Power Delay Profile

Fig.7. Power spectral density obtained in simulation

Fig.8. Power delay profile obtained in simulation

Signal-to-Interference Ratio [dB]

Power delay profile for desired and chosen delay taps are
given in Figure 8.

Fig.9. Signal to interference ratio in time F=15 kHz

Signal-to-Interference Ratio [dB]

Signal to interference ratio in time and in frequency for 15
kHz frequncy are illustrated in Figure 9 and Figure 10
respectively. In time OFDM has lower SIR compared to other
multicarier methods.
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Abstract—In this paper, harmonics which are important for
“Power Quality” and increase with each passing day are
investigated with a detailed study. The harmonic power flow
analysis of the power system in the Thrace region consisting of 11
-bus 380 kV voltages have been achieved in the computer
environment by using Newton Raphson power flow method in
MATLAB. With the harmonic power flow analysis made, active
and reactive powers flowing from energy transmission lines, the
losses occurring in the lines, the voltage and angle of buses have
been examined in the Thrace region. In addition to, in the
nonlinear bus bars, the voltage and angle of busses, active and
reactive powers flowing from busses and total harmonic
distortion of voltages are examined in the 5th, 7th, 11th and 13th
harmonic degrees.
Keywords— Power systems analysis, Harmonics, Power Flow,
Power quality.

I. INTRODUCTION
The electrical energy in the life of human has a very
important place. The demand for electrical energy has become
an important part of life has been steadily increasing.
Increasing of the demand has revealed a more reliable and
better quality energy concept. This concept has been called as
“power quality”. One of the parameters that determine the
power quality is harmonics which is occurred by the nonlinear characteristic elements.
Nonlinear loads in electrical power system cause a serious
harmonic pollution in the transmission and distribution
systems. Furthermore, they adversely affect the quality of the
energy which is supplied to consumer.
In the electrical energy systems, the current and voltage
waveform must have a sinusoidal which has fundamental
frequency. Therefore, sinusoidal source and linear load must
be applied to system. On the other hand, nonlinear loads
which are connected to the power system (nonlinear loads are
for examples; converters, arc furnaces, elements of power
electronics, etc.) causes that current and voltage waveform
becomes non-sinusoidal. That means harmonic distortion.
Even if the power of the nonlinear loads is low value,
waveform of voltage is destroyed.
Since using of semi-conductor elements and large powerful
nonlinear elements increased, both number of harmonic
components and magnitude of the harmonic components is
also increment.

Energy transmission systems are under normal condition on
the steady state. Purpose of the power flow is that steady state
characteristics of energy system determine for given bus
overload condition. End of the power flow analysis obtain
magnitude and phase angle values of bus voltages, active and
reactive power values of system.
In the literature, the harmonic power flow solution is
realized for IEEE Standart 9 bus system [1]. Proposed method
on [2] is tested on the typical 33-node distribution system, and
the system harmonic distribution is calculated [2]. In [3], a
harmonic unbalanced distribution feeder model is developed
in OpenDSS and interfaced with Genetic Algorithm (GA)
based optimization algorithm in MATLAB to solve optimal
harmonic power flow (OHPF) problems. The developed
OHPF model is first used to study impact of EV penetration
on current/voltage total harmonic distortions (THDs) in
distribution grids. In this paper, the Thrace region consisting
of 11 bus bar 380 kV voltages have been achieved in the
computer environment by using Newton Raphson power flow
method in MATLAB.
II. HARMONICS
If the sinusoidal source is applied to nonlinear loads or if
the non-sinusoidal source is applied to linear or nonlinear
loads, distortion occurs on the current and voltage waveforms.
This distortion is named as non-sinusoidal wave. The nonsinusoidal wave is equal to summation of fundamental
sinusoidal wave and another sinusoidal wave which have
different frequency and magnitude. The sinusoidal wave
outside fundamental wave is called “harmonic component”.
A harmonic component in an AC power system is defined
as a sinusoidal component of a periodic waveform that has a
frequency equal to an integer multiple of the fundamental
frequency of the system. Harmonics in voltage or current
waveforms can then be conceived as perfectly sinusoidal
components of frequencies multiple of the fundamental
frequency.
If the sinusoidal source is applied to nonlinear loads or if
the non-sinusoidal source is applied to linear or nonlinear
loads, distortion occurs on the current and voltage waveforms.
This distortion is named as non-sinusoidal wave. The nonsinusoidal wave is equal to summation of fundamental
sinusoidal wave and another sinusoidal wave which have
different frequency and magnitude. The sinusoidal wave

outside fundamental wave is called “harmonic component”
(Figure 1).

III. HARMONIC POWER FLOW
Power flow in power system analysis is an important and
essential tool for planning and operational stages. In addition
to, harmonic power flow analyses is required for applications
like that distribution automation and optimization of power
system. It is very important that load flow problem can be
solved efficiently in this applications. Since the early 1950s
and 1960s, various methods have been developed to solve the
problem of power flow with increased computer utilizations.
One of them is especially ‘Newton-Raphson method’.
Energy transmission systems are under normal condition on
the steady state. Purpose of the power flow is that steady state
characteristics of energy system determine for given bus
overload condition. End of the power flow analysis obtain
magnitude and phase angle values of bus voltages, active and
reactive power values of system [6].

A. Harmonic Power Flow Analysis
Harmonic power flow analysis is an analysis which
fundamental component and harmonic components of current
and voltages on buses and lines are calculated. Voltages and
These waveforms can be expressed as:
i1=Im1 × sin(wt)
(1) currents of the grid are stated on Fourier series form in
i3=Im3 × sin(3wt-δ3)
(2) harmonic power flow. In addition to, the load current which is
i5=Im5 × sin(5wt-δ5)
(3) known graphically is stated by using Fast Fourier Transform.
All buses in system must be classified in order to
i7=Im7 ×sin(7wt- δ7)
(4)
provide
convenience the examination of unknowns and
where Imh is the peak RMS value of the harmonic current h.
equations
in harmonic power flow analysis. Linear busses are
Figure 1 shows the same harmonic waveforms
busses
which
element that current and voltage characteristics
superimposed on the fundamental frequency current yielding
Itotal. If we take only the first three harmonic components, the are linear in harmonic power flow technique is connected.
figure shows how a distorted current waveform at the Generation (PV) busses and load busses (PQ) are linear busses
terminals of a six-pulse converter would look. There would be in harmonic power flow. Slack bus is also a linear bus in
additional harmonics that would impose a further distortion. harmonic power flow, since slack bus is a generation bus.
The resultant distorted waveform can thus be expressed as [4]: Nonlinear busses are busses which element that current and
Itotal= Im1 × sin(wt) + Im3 × sin(3wt-δ3) + Im5 × sin(5wt-δ5) + voltage characteristics are not linear is connected.
Number of total bus is n, the last linear bus number is
Im7 ×sin(7wt- δ7)
(5)
(m-1). The mth bus is the first nonlinear bus. Number of linear
bus in system is (m-1) and number of nonlinear bus in system
is (n-m+1). For a power system which is fed by a generator,
A. Total Harmonic Distortion
Total harmonic distortion (THD) is an important index Nh corresponds to number of harmonics which is examined
widely used to describe power quality issues in transmission including the fundamental component. The known and
and distribution systems. It considers the contribution of every unknown variables of the system are below.
Unknown variables:
individual harmonic component on the signal. THD is defined
Active and reactive power of the slack bus at
for voltage and current signals, respectively, as follows:
fundamental
frequency

2
Voltage magnitude and phase angle of bus other than
Vh
the slack bus at fundamental frequency
h2
(6)
THDv 
Magnitudes and phase angles of the harmonic
V1
voltages on all busses
α and β parameters of all nonlinear busses

Known variables:
I h2
Magnitude and angle of the slack bus voltage
(7)
THDI  h  2
Active and reactive power fault equations of all
I1
busses except the slack bus
This means that the ratio between RMS values of signals
Active and reactive current fault equations of all
including harmonics and signals considering only the nonlinear busses (for fundamental component)
fundamental frequency define the total harmonic distortion [5].
Fig. 1 Harmonic components [1].





Active and reactive current fault equations of all
busses (for all harmonic components except the fundamental
component) [7].

Active filters are improved elements for removing of
harmonics. They are used in industrial facilities and based on
the ground of power electronic. In addition to, active filters
are more expensive than passive filters.
IV. HARMONIC FILTERS
There are very important two problems for filtering of
Harmonics in power systems may be disabled with using harmonics in using passive filter. One of them is hardiness of
special filters circuits. These special circuits are called as installation. Another problem is that some additions are
‘harmonic filters’. Harmonic filters provide gains as well as introduced to the existing distribution system or they cause the
fixing of harmonic currents, fixing of sinusoidal distortion of previous investment to be invalid in case of increase in
voltages, improving of power quality, efficiency of energy and loading. Although active filters are more expensive than
voltage drop of transformers and cables. The aim of the passive filters, they can be addressed for more than one
harmonic filters is that current and voltage values on desired harmonic frequency at the same time. In addition to, they can
frequency reduce or remove negative effects in power systems. remove the problems which affect quality of energy. Even if it
Harmonic filters design usually for optimum harmonic is changes in existing distribution, effective harmonic
component. In fact, reason of using the filter is both technic compensation will continue. This condition is the most
and economic. Overcoming the technic and economic important advantage of the active filters.
Working principle of the active filters is draw of the
negativities is purposed with designed filters. Tasks of the
nonlinear load current except fundamental frequency. Active
harmonic filters [8];
To fix the voltage waveform of the load which is fed filters analyze harmonics which draw by load and harmonic
components are injected to load [9].
by device, which is a harmonic producing.
To prevent the undesired harmonic components of
injected of the alternative circuit system.
V. ANALYSIS AND SIMULATION RESULTS
To eliminate radio frequency interferences.
A. Harmonic power flow analysis of 380 kV transmission
A.
Types of Filters
system
Filters are passive filters and active filters. Passive filters
are that components of filter are composed of passive
elements as resistance, conductance and inductance. On the
other hand, active filters have current or voltage supply of
filters. They are also divided as series and parallel filters
according to connection to the circuit.
A.1. Passive filters
Passive filters are circuits that are composed of inductance,
conductance and resistance. They exist between the source
and receiver and remove the components except the
fundamental frequency. The aim of the passive filters is that
determination of inductance and conductance values which
will be equal resonance value in the frequency of harmonic
component which is desired to be removed.
Advantages of the passive filters are that;
To be simple
To have low cost
To have high performance
To be able to provide reactive power requirement in
fundamental frequency
Disadvantages of the passive filters are that;
To have source impedance
To be affected by changing frequency in system
To risk as series and parallel resonance with source
To be constant of filter frequency
To have large volume
Therefore, before passive filters are connected to the
system, it should research detailed and collect data. For these
conditions, Advantages and disadvantages of passive filters
should take into consideration [7].
A.2. Active filters

All bus bars have to be identified in order that harmonic
power flow analysis is performed. Slack bus which is a
generation bus, generation bus bars (PV) and load bus bars
(PQ) are linear bus bars in the harmonic power flow analysis.
In addition to, there are nonlinear bus bars which have
elements having nonlinear characteristics.
In this section, harmonic power flow analysis of the 380 kV
transmission systems in Thrace region of Turkey is performed
by using Newton Raphson method. Since this method is an
iteration solution, MATLAB was used for this solution.
Number of bus bars is 11 for harmonic power flow analysis of
the 380 kV transmission systems in Thrace region of Turkey.
Number of generation bus bars is 5. On the other hand,
number of load bus bars is 3. K.Çelik bus bar is either
generation bus bar or load bus bar. In addition to, there is a
slack bus bar. 6th bar Hamitabat has been taken as the slack
bus bar. Hamitabat has 1.0 p.u voltage value and 4.5 degree
phase angle. There are 9 linear bus bars and 2 nonlinear bus
bars. These nonlinear bus bars are Unimar and Ada2-DGKÇ.
In Figure 2, the 380 kV bus bar transmission systems in
Thrace region of Turkey is demonstrated.
For this power system, harmonics examined are 5th, 7th, 11th
and 13th including the fundamental component. For iteration
process, the initial voltage values of all bus bars were taken as
1 p.u for fundamental components and 1/5 p.u for the 5th, 1/7
p.u for the 7th, 1/11 p.u for the 11th, 1/13 p.u for the 13th
fundamental components.
In the Table I, names and numbers of bus bars of the 380
kV transmission systems in the thrace region of Turkey are
shown.

In order that harmonic power flow analysis is performed,
data which are taken were used in MATLAB. Results of the
analysis were recorded to Table II and III.
TABLE I.
BUS NUMBERS AND BUS NAMES OF THRACE REGION BUS SYSTEM

Bus Number

Bus Name

1

Beykoz (PV)

2

Ümraniye(PV)

3

Paşaköy(PV)

4

Ada2-DGKÇ

5

Unimar

6

Hamitabat(Slack)

7
8
9
10
11

K.Çelik (PV)
Ambarlı (PV)
Davutpaşa(PQ)
İkitelli (PQ)
Zekeriyaköy(PQ)

TABLE II
OBTAINED DATA RELATING THE BUS BARS
Name

V
(p.u)

V
(kV)

Angle
(degree)

Gen
MW

Gen
MVAr

Load
MW

Load
MVAr

Beykoz

1.06

402.8

-4.959

300

-50.02

11.2

7.5

Ümraniye

1.045

397.1

-12.647

40

32.623

21.7

23.7

Paşaköy

1.01

383.8

-10.337

153

20.255

94.2

19

Ada2DGKÇ

1.03

391.4

-8.933

400

55.252

47.8

4

Unimar

1.01

383.8

-14.880

232.55

-21.95

7.6

1.6

Habitabat

1.0

380

0

0

0

50

30.99

K.Çelik

1.09

414.2

-13.430

110

28.6

9

5.8

Ambarlı

1.03

391.4

-15.050

440

-61.23

29.5

16.6

Davutpaşa

1.05

399

-15.720

0

0

6.1

1.6

İkitelli

1.04

395.2

-15.740

0

0

13.5

5.8

Zekeriyaköy 1.02

387.6

-16.380

0

0

14.9

5

Fig 2. The 380 kV transmission systems in Thrace region of Turkey [10].

TABLE III:
DATA RELATING THE TRANSMISSION LINES
From
Number
1

From Name
Beykoz

To
Number
3

To
Name
Paşaköy

From
MW
41.66

From
Mvar
5.825

From
MVA
42.07

MW
Loss
0.913

Mvar
Loss
-0.887

2

Ümraniye

10

İkitelli

18.18

10.51

20.99

0.255

0.502

3

Paşaköy

11

Zekeriyaköy

27.57

16.71

32.24

0

1.05

4

11

Zekeriyaköy

156.2

-20.24

157.5

4.259

7.153

5

Ada2DGKÇ
Unimar

6

Hamitabat

-70.45

1.425

70.46

2.293

5.033

5

Unimar

10

İkitelli

-23.75

-0.17

23.75

0.372

-2.629

5

Unimar

11

Zekeriyaköy

76.37

-1.717

76.39

2.805

6.198

6

Hamitabat

7

K.Çelik

61.34

-1.016

61.35

0.472

0.138

8

Ambarlı

10

İkitelli

55.82

-5.253

56.07

1.663

1.044

9

Davutpaşa

10

İkitelli

45.37

-13.45

47.32

0

5.305

Ada2-DGKÇ and Unimar which are the 4th and 5th bus
bars are assumed as the bus bars causing harmonic current
flows to the entire system. This assumption is made due to
the switching area in Unimar and due to the huge
production facilities involving lots of induction machines
and power electronics equipments in Adapazarı. These two
bus bars are taken as harmonic sources affecting the power
system.
Here, equation of real and imaginary parts of hth
harmonic current, injected to the system by those two bus
bars (4th and 5th) having nonlinear loads, in terms of
fundamental component and hth harmonic voltage is
assumed to be as follows.

g4,(hr)  0.25(V4(1) )3 cos(3 2(1) )  0.15(V4( h) )2 cos(2 2(h) ) (8)

TABLE IV
BUS VOLTAGE AND POWER VALUES OF ALL HARMONIC COMPONENTS
Harmonic 1(fundamental frequency)
Phase
Active
Voltage
Name
Angle
Power
(pu)
(degree)
(p.u)

Reactive
Power
(p.u)

1

Beykoz

1.06

-4.959

2.888

-0.5753

2

Ümraniye

1.045

-12.647

0.183

0.0892

Number

3

Paşaköy

1.01

-10.337

0.588

0.0125

4

Ada2-DGKÇ

1.03

-8.933

3.522

0.5125

5

Unimar

1.01

-14.880

2.249

-0.2356

6

Habitabat

1.0

0

-0.5

-0.3099

7

K.Çelik

1.09

-13.43

1.01

0.228

8

Ambarlı

1.03

-15.05

4.105

-0.7783

(9)

9

Davutpaşa

1.05

-15.72

-0.061

-0.016

g5,(hr)  0.25(V5(1) )3 cos(3 2(1) )  0.15(V5( h) )2 cos(2 2(h) ) (10)

10

İkitelli

1.04

-15.74

-0.135

-0.058

11

Zekeriyaköy

1.02

-16.38

-0.149

-0.050

Active
Power
(p.u)

Reactive
Power
(p.u)

g4,(hi)  0.25(V4(1) )3 sin(3 2(1) )  0.15(V4( h) )2 sin(2 2(h) )

g5,(hr)  0.25(V5(1) )3 sin(3 2(1) )  0.15(V5( h) )2 sin(2 2(h) ) (11)
As nonlinear element parameters are not considered in
these expressions, mismatch vector (ΔI(1)) concerning the
fundamental component current is neglected in the
harmonic power flow analysis. In this situation Jacobian
matrix and mismatch vectors are reorganized as;

  (1) 
 P 
 (h) 
 Q 
(12)

  J .  
 V (1) 
Ir ( h ) 
 (h) 
 (h) 
V 
 Ii 
Base values of the analysis are 100MVA and 380 kV.
Harmonic power flow analysis has been performed by
using Newton Raphson Method with MATLAB program
and the solution has been reached in 15 iterations with
6.737x10-3 tolerance value. Bus voltage and power values
of all harmonic components are shown in Table IV.

Harmonic 5
Phase
Voltage
Angle
(pu)
(degree)

Number

Name

1

Beykoz

0.0099

-97.87

0

0

2

Ümraniye

0.0095

-96.67

0

0

3

Paşaköy

0.0102

-90.34

0

0

4

Ada2-DGKÇ

0.0254

-95.63

0.0037

0.0058

5

Unimar

0.0328

-92.43

0.0043

0.0039

6

Habitabat

0.0105

-90.81

0

0

7

K.Çelik

0.0298

-95.30

0

0

8

Ambarlı

0.0145

-96.62

0

0

9

Davutpaşa

0.0122

-97.45

0

0

10

İkitelli

0.0078

-97.69

0

0

11

Zekeriyaköy

0.0085

-95.68

0

0

Active
Power
(p.u)
0

Reactive
Power
(p.u)
0

Number

Name

1

Beykoz

2

Ümraniye

0.0064

-96.27

0

0

3

Paşaköy

0.0086

-89.14

0

0

4

Ada2-DGKÇ

0.0158

-95.33

0.0023

0.0036

5

Unimar

0.0234

-92.13

0.0031

0.0029

6

Habitabat

0.0096

-90.4

0

0

7

K.Çelik

0.0168

-95.12

0

0

8

Ambarlı

0.0121

-96.31

0

0

9

Davutpaşa

0.0095

-97.12

0

0

10

İkitelli

0.0056

-97.15

0

0

11

Zekeriyaköy

0.0063

-95.38

0

0

1

Beykoz

2

Ümraniye

0.0066

-95.87

0,03
0,025
0,02

5. harmonics

0,015

7. harmonics

0,01

11. harmonics

0,005
Active
Power
(p.u)
0

Reactive
Power
(p.u)
0

0

0

3

Paşaköy

0.0082

-88.88

0

0

4

Ada2-DGKÇ

0.0129

-94.96

0.0019

0.0029

5

Unimar

0.0198

-91.74

0.0026

0.0024

6

Habitabat

0.0090

-90.1

0

0

7

K.Çelik

0.0121

-94.81

0

0

8

Ambarlı

0.0099

-96.04

0

0

9

Davutpaşa

0.0090

-96.87

0

0

10

İkitelli

0.0058

-96.88

0

0

11

Zekeriyaköy

0.0060

-95.02

0

0

Active
Power
(p.u)

Reactive
Power
(p.u)

Harmonic 13
Phase
Voltage
Angle
(pu)
(degree)

0,035

Number

Name

1

Beykoz

0.0068

-97.17

0

0

2

Ümraniye

0.0062

-95.87

0

0

3

Paşaköy

0.0080

-88.88

0

0

4

Ada2-DGKÇ

0.0122

-94.96

0.0018

0.0028

5

Unimar

0.0201

-91.74

0.0026

0.0025

6

Habitabat

0.0094

-90.1

0

0

7

K.Çelik

0.0112

-94.81

0

0

8

Ambarlı

0.0110

-96.04

0

0

9

Davutpaşa

0.0087

-96.87

0

0

10

İkitelli

0.0055

-96.88

0

0

11

Zekeriyaköy

0.0056

-95.02

0

0

0

13. harmonics
1.bus
2.bus
3.bus
4.bus
5.bus
6.bus
7.bus
8.bus
9.bus
10.bus
11.bus

Name

Harmonic Voltages

Bus Number

Fig 3. Harmonic Voltages

On the other hand, there is not a huge difference in
current magnitudes. Fundamental current component is
12.8 times the 5th harmonic current on bus 4 and 12.4
times on bus 5. In the figure 4 below, nonlinear bus
currents are shown. Table V is shown distortion values of
bus bars.
TABLE V:
DISTORTION VALUES OF BUS BARS

Bus Number
1
2
3
4
5
6
7
8
9
10
11

THDv (%)
1.477
1.397
1.741
3.377
4.870
1.928
3.484
2.329
1.895
1.201
1.313

Nonlinear Bus Currents
Current(p.u)

Number

Harmonic 11
Phase
Voltage
Angle
(pu)
(degree)
0.0070
-97.17

Accordingly Figure 5, it is obvious that harmonic
voltages of each bus bars decrease continuously as the
harmonic degree increases. If fundamental and 5th
harmonic components of voltages and currents on
nonlinear bus bars are considered it is obvious that
magnitude of fundamental component voltage is 40 and 31
times the magnitude of 5th harmonic voltage on bus 4 and
5.

Voltages(p.u)

Harmonic 7
Phase
Voltage
Angle
(pu)
(degree)
0.0072
-97.47

4
3,5
3
2,5
2
1,5
1
0,5
0

Bus 4
Bus5

Harmonic Degree
Fig 4. Nonlinear bus currents

The total harmonic distortions of voltages on each bus
bar are calculated and as a result we see that there is much
more amount of harmonic distortion bus 5.
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VI. CONCLUSIONS
Voltage and current harmonic values and total harmonic
distortion levels on all bus bars of the 11 bus bar system
existing in Thrace region were calculated. With the
harmonic power flow analysis made, active and reactive
powers flowing from energy transmission lines, the losses
occurring in the lines, the voltage and angle of buses have
been found. During this process parameter values, which
belong to a year, of transmission system of Turkey have
been taken. This harmonic power flow analysis was
performed by using MATLAB® program.
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harmonic voltages of each bus bars decrease continuously
as the harmonic degree increases. Furthermore, active and
reactive power of nonlinear bus bars decrease continuously
as the harmonic degree increasing.
As there is no harmonic current injection to linear bus
bars, no harmonic power can be talked about on these bus
bars. No current harmonics exist but voltage harmonics do.
Distortion on these linear bus bars appears because of those
voltage harmonics. Current harmonics appear on nonlinear
bus bars.
No active or reactive power exists on linear bus bars in
the harmonic frequencies because they inject no harmonic
currents and so no power is concerned in those harmonic
frequencies. Only the two nonlinear bus bars (4th and 5th)
have active and reactive power values.
The total harmonic distortions of voltages on each bus
bar were calculated and as a result we see that there is
much more amount of harmonic distortion bus 5.
To conclude, this study has given good information
about harmonics, harmonic power flow analysis concepts.
Harmonic power flow analysis has shown that harmonics
are very important for power system and power quality.
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Abstract— A sensorless closed loop speed control of brushed
permanent magnet direct current (PMDC) motor scheme is
presented in this paper. There is excellent linearity between the
rotor speed and the back electro motive force (emf) in PMDC
motors. The back emf is proportional to the rotor speed. Rotor
speed can be sensed by using back emf instead of rotational
speed sensor in order to implement closed loop speed control. If
PMDC motor is supplied by analogue power supply, back emf
can not be measured due to the fact that there is always power
supply voltage on the motor terminals. But if pulse width
modulation (PWM) current control method is carried out to
control of the armature current, due to the nature of PWM, back
emf is measured when PMDC motor rotates. Anyway, PWM
current control method is the most popular current control
scheme in the motor controller applications because of its many
advantages. PWM scheme consists of “on” and “off” periods.
The power supply is connected to motor terminals during “on”
periods of PWM and power supply removed from motor
terminals during “off “periods of PWM. Motor terminals are
free in every “off” period. Back emf can readily be measured on
the “off” period of PWM. Because back emf is proportional to
the rotor speed, rotor speed can be measured from armature
terminals on this “off” time interval. Thus, the speed of PMDC
motor is measured without using any physical speed sensor.
After measured back emf, this signal is employed to PI speed
controller to obtain constant speed from the motor.

ways to measure speed of brushed dc motor: electro mechanic
tachometer, optical or magnetic encoder and speed sensorless.
Electro mechanic tachometer or encoders are placed on the
rotor shaft. Placing these devices on the motor shaft increases
both the motor cost and the possibility of failure and volume
of the motor [1-2]. Sensorless measuring speed has some
advantages such as reduced time and cost of maintenance, cost
of system and simplified connection and minimizing system
size. Sensorless measuring speed consists of two parts, using
dynamic model and using ripple component [1]. To put into
practice these models require more complex algorithm and
high computational cost and it is difficult to fulfil.
Another method measuring sensorless speed of DC motor is to
use back electro motive force (BEMF). Back EMF is exactly
proportional to the speed of DC motor. Back EMF can be used
to measure the motor speed [3]. In this study, due to its
simplicity and easy implementation the motor speed is
measured by using the back EMF.
Sensorless speed control of PMDC motors has been
implemented using microprocessor [1-3] or simulation [2-8].
This study presets low cost, effective, easy to apply and non
complex physical sensorless closed speed control of PMDC
motors.

Keywords— Back emf detection and measurement, modelling of
brushed DC motor, PI controller, PWM current controller,
sensorless closed speed control of brushed PMDC motor

II. BRUSHED PERMANET MAGNET DC MOTOR SPEED CONTROL

I. INTRODUCTION
Brushed DC motors are used widely in domestic and
industrial applications such as small rechargeable portable
hand tools, automotive industry, and automobiles, textile
machines, medical and robotic applications. While most of
these applications require variable speed control, some require
constant rotation. In brushed DC motors, speed control is
implemented closed loop or open loop. For precise speed
control, speed feedback is required in closed-loop speed
control applications such as textile industry, printing machines
while open loop speed control is not required speed feedback
such as cordless screw driver. Speed measurement is
necessary for closed speed control applications. There are two

Due to its structure and working principle suitable for speed
control, permanent magnet DC motors (PMDCM) are the
most suitable motors for variable speed control applications
[4]. Moreover, DC motor drives require least components for
conversion from AC to DC or DC to DC [5]. The speed of the
armature is directly proportional to the voltage applied to the
terminals of the armature. Thus, speed control of PMDC
motor is carried out by changing armature voltage, which is
accomplished in two ways: in case of using ac source, by
changing firing angle of thyristor and in case of using dc
source, by changing conduction time of switching power
elements. In PMDC motor drivers, speed control are achieved
by means of changing duty cycle due to this method has some
advantages such as efficiency and versatility [6]. This method
is known pulse width modulation (PWM).

III. BACK ELECTRO MOTIVE FORCE(BACK EMF)
According to Faraday’s electro magnetic induction law, “a
voltage is created in a winding which is moving in constant
magnetic field.” This phenomenon can be expressed:

Eb  N

d
dt

(1)

Where N is the number of winding and dΦ/dt is the velocity
of the winding in the constant magnetic field.

Ra

La

+ I
a
+ Eb
-

E

TL
LOAD

ω

Fig. 1 Electrical model of permanent magnet brushed dc motor

In a brushed DC motor, when a certain voltage is applied
the armature, a magnetic field is created around the armature.
Interaction armature’s magnetic field with the constant
magnetic field of the poles causes the armature to rotate.
Rotating armature in the constant magnetic field of poles
develops a voltage in the armature whose direction opposite to
applied armature voltage as it is seen in Fig. 1.
This opposite voltage is called back electro motive force (back
EMF). Back EMF is directly proportional to the armature
speed and back EMF can be expressed [2]:
(2)
Eb  kb .

Where kb is motor back electro motive force constant in
volt*sec/rad and ω is the angular velocity of the armature in
rad/sec. If Kirchhoff’s voltage law is applied to electrical
model of permanent magnet brushed dc motor in Fig. 1 [1],
equation 3 is obtained [2].

E  Eb  I a * Ra  La

dI a
dt

(3)

Where E is the supply voltage in Volt, Ia is the armature
current in Ampere, Ra is the armature resistance in Ω and La is
the inductance of armature winding in Henry. Substituting
equation (2) in eq. (3) and solving for ω, equation (4) is
obtained [2]:



E  ( I a * Ra  La *
kb

dI a
)
dt

(4)

For steady state of motor, eq. (4) is simplified and equation (5)
is reached [7]:



E  I a * Ra Eb

kb
kb

(5)

From equations (2 and 5), it is obviously seen that there is a
linear relationship between rotor angular velocity and back
emf. Due to fact that back EMF is proportional to angular
velocity [7], motor speed can be measured and sensing by
using back EMF.

IV. SENSING BACK ELECTRO MOTIVE FORCE IN PWM MODE
PWM speed control method is convenient to measure the
rotor speed without using any physical sensor. As it is well
known, the PWM structure is consist of ON and OFF periods.
On the PWM speed control method, the armature of brushed
DC motor is connected to the power supply during the “on”
period and armature is removed from the power supply during
the “off” period as shown in Fig. 2(a, b, c). Armature
produces back emf as long as it rotates even though it works
as motor. When it works as motor, power supply is higher
than back emf during the on period of PWM. This time, it is
impossible to measure the back emf. But, on the off period of
PWM, the armature is disconnected power supply and it is
still rotating and produced back emf. In this time, armature
terminals are free and back emf emerges. That back emf
emerging on this time interval, it can be sensed and measured.
So, each off period of PWM can be used by sensing and
measuring back emf (Fig. 2(a, b, c)).

supply is connected to armature terminals at this mode back
emf can not be measured physically and (c) shows that
switching transistor is not conduction mode (off cycle) and
armature is disconnected power supply at this cycle. Because
armature terminals are free at this off cycle and armature is
continuous rotating, this off cycle is used sensing and
measuring back emf. After sensing back emf and since back
emf is proportional to armature speed, back emf is used as
speed feedback information for speed sensorless closed speed
control applications of PMDC motors.
V. DESCRIPTION OF SENSING BACK EMF SETUP
Experimental setup consists of four parts: 1-PMDC motor,
2-PWM and back emf sensing signal generator, 3-Power stage
and 4-PI speed controller.
1) PMDC Motor: In this study 42W, 30V, 2750rpm
brushed PMDC motor is used. Table I shows the motor
parameters.
TABLE I
PMDC MOTOR PARAMETERS

Rated power
Rated voltage
Rated current
Rated speed
Number of poles
Armature resistance
Armature inductance
Back emf constant

42W
30V
2A
2750rpm
2
2Ω
2.76mH
9.4V/Krpm

2) PWM and Back EMF Sensing Signal Generator:
Because PWM signal and back emf detection signal are
generated in this section; this part is the heart of the
experimental setup. PWM signal is generated by using
SG3526 chip from Microsemi Corporation. Beside power
transistor used to drive the BLDC motor, another transistor
(back emf transistor) is used to pull the back emf out of the
armature to low pass filter. Fig. 3 demonstrates the PWM
generator and sensing back emf section.

Fig. 3 PWM generator and sensing back emf section

In Fig. 3, power transistor and back emf transistors are not
conduction mode at the same time. Power transistor is
conduction only PWM on cycle, during this time back emf
transistor is not conduction mode in order that conduction

times of two transistors are not overlap. The back emf
transistor pulls the back emf out of armature after very short
time when the power transistor is off (Fig. 4). This very short
time (dead time) is necessary for two transistors to work
safely and not to short-circuit. So back emf is sensed and
measured clearly. Rb and Cb are the low pass filter elements
and R1, R2 are the voltage divider. The output of voltage
divider is given to a high input impedance operational
amplifier (OPAMP) whose task is voltage follower in order to
avoid fluctuations on the motor speed signal.
dead time
power TR
PWM
signal
back emf TR
gate signal

on
off
on

on

on
off

off

off

sensing back emf
Fig. 4 Power and back emf sensing transistors gate signals

Fig. 4 illustrates power transistor and back emf transistor
control signals. As it is seen in Fig. 4 there is a very short time
difference (dead time) between conduction times of two
transistors.
3) Power Stage: To drive the PMDCM, IRF350 power
Mosfet (Metal Oxide Semiconductor Field Effect Transistor)
is used. FAN 7382 Mosfet/IGBT (Insulated Gate
Bipolar Transistor) driver chip is assigned to run the power
Mosfet. IRFZ44 Mosfet is chosen for pulling the back emf out
of armature.
4) PI Speed Controller: A PI (Proportion Integral) speed
controller is used in order to keep motor speed constant.
PI/PID (Proportion Integral Derivate) controller is widely
used in industrial applications due to its accuracy and
effectives solutions [3]. Furthermore, implemented PID
hardware is easy and tuning is not complex. PI speed
controller has been implemented by using TL081 opamps.
VI. EXPERIMENTAL RESULTS
In this study, PWM and back emf signal generators, back
emf sensing hardware and PI speed regulator have been
designed and implemented. Fig. 5 shows both PWM transistor
gate signal and back emf sensing transistor gate signal. PWM
period is 5.4ms. As seen in Fig. 5, both gate signals are never
overlap. These signals have been recorded from gate and
source terminals of both transistors.

Fig. 5 Measured PWM and back emf sensing transistors gate signals

Fig. 6 shows that the brushed PMDC motor is start up.
After voltage is applied to the armature, the armature starts
rotating and it reaches its final velocity (2777rpm) after 1.25
seconds.

Although, low pass filter is very simple, but its function is
important. After low pass filter, back emf signal becomes very
smooth and without ripple. This velocity signal (green line)
can use as feedback signal in order to keep rotor speed
constant.
Velocity signal is given to input PI speed regulator and
response of the closed speed control system is observed. Fig. 8
shows the speed response of speed sensorless closed speed
control system. In Fig. 8, when the motor rotates at 2884 rpm,
an 116mNm load is applied to the motor. Speed of the Motor
has decreased, then PI speed regulator has overcome to keep
the motor velocity constant with in 2.3s using obtained
sensorless motor speed signal. After motor has run under load
for a while, the load has been removed from the motor
suddenly then motor speed has increased but PI speed
regulator has kept the speed constant with in 3s.

Fig. 8 Speed response of sensorless closed speed control system

Fig. 6 Velocity of the motor during start up

It is seen that the velocity curve obtained using the back
EMF is excellent. In Fig. 7, sensed back emf (blue line), back
emf transistor gate signal and velocity signals are given. As
the seen in the Fig.7, the back emf signal is changed 24V and
16.8V. When PWM tr. is off, back emf tr. is on and takes the
back emf. This time back emf is measured 24 volts by scope.
Then PWM tr. is on, then back emf tr. is off and back emf
drops to 16.8V. So that the back emf varies between 24V and
16.8V as the motor velocity remains at this speed. If the motor
speed is changed, these values also changes. As seen back emf
signal varies between 24V and 16.8V, a low pass filter should
use in the system (Fig. 3).

VII.
CONCLUSIONS
As seen from Fig. 8, obtained sensorless speed signal and
PI speed regulator has worked perfectly. The purposed
sensorless speed detection system has worked successfully
with the traditional PI speed controller although it is cheap
and simple. Obtained sensorless motor speed value has
increased up to 70% PWM. If PWM is increased over 70%,
the voltage related to the speed is decreased due to the time
sensing back emf is too small. But the motor is already
rotating faster than its rated speed at this moment. In this
study, brushed DC motor has been run single quadrant; it is
also possible to run the DC motor four quadrants.
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Abstract— Multilevel inverter (MLI) circuits should be used
in many applications where renewable energy sources are used
because of the widespread use of renewable energy sources and
the necessity of transferring the electricity generated from these
sources to the network. It is important that the designed
multilevel inverters are controlled as much as the circuit
structure. The most common technique used to control
multilevel inverters is the Sinusoidal Pulse Width Modulation
(SPWM) technique. This technique has different applications in
the literature. In this study, a new SPWM technique is proposed
for MLI circuits. The difference between the proposed
technique and other SPWM techniques is that the SPWM
process can be performed with a single carrier signal regardless
of the increasing number of levels. The simplicity of the
proposed technique, the simplicity of implementation, and the
simple algorithm can be an alternative control technique for
controlling MLI circuits.
Keywords— Multilevel Inverter, Sinusoidal pulse width
modulation, Carrier signal
I .INTRODUCTION

In recent years, studies on multilevel inverters have
generally focused on reducing the number of switching
elements, minimizing total harmonic distortion (THD) value,
and designing a modular circuit. One of the main problems
with MLIs is that it involves a large number of switching
elements, and it is difficult to control these elements. A lot of
work has been done to simplify the system, reducing the
number of switching elements [1-4]. In one of these studies, a
new topology called voltage reversal was developed. This
topology consists of two different sections, and the first
module sets the number of output voltage levels, while the
other section sets the polarity of the alternating voltage [5].
This topology is used in many studies in literature in different
names [6].
In another study to reduce the number of switching
elements, using the bi-directional switching element on the
middle arm, tension is maintained and current is allowed to
flow to prevent distortion in the case of ohmic-inductive load
[7]. Different algorithms have been proposed to increase the
number of levels in one of the studies to reduce both the
number of switching and the output harmonic distortion value
[8]. In addition to reducing the number of switching elements,
there are intensive studies on MLI control methods. There are
various control and modulation methods used for multi-level

inverters. These techniques are classified according to the
switching frequency [9]. Different modulation techniques are
used to control multi-level inverters. The most preferred of
these techniques is; Pulse width modulation (PWM) technique
[10]. There are many different applications of PWM
technology; Sinusoidal PWM (SPWM), space vector PWM
(SVPWM), etc. The SPWM method is the most preferred
PWM method in terms of ease of calculation and
implementation.
In the SPWM technique, the sinusoidal reference signal,
whose amplitude and frequency are variable,The comparison
of the higher frequency, triangular wave carrier signal is
carried out to determine the occurrence points and the
switching times.
By increasing or decreasing the amplitude of the
sinusoidal wave, the variation of the pulse widths of the PWM
signal at the output allows the amplitude of the fundamental
component to change [11].
On SPWM technique; The peak value of the sinus (VR) is
called the peak value of the triangular carrier wave (VC) , the
ratio of these two is called the modulation index (Mi) [7].

(1)
The value of Mi varies in the range of 0..1, and with the
change of Mi, the main harmonic amplitude of the output
voltage is adjusted [12].
The SPWM technique has some disadvantages. According
to the increasing number of levels, the number of carrier
signals is also increasing. Catching the source of the sinus
signal at each level interval can be a problem [13, 14]. In the
increasing sinus signal, the SPWM signal increases, In the
case of a decreasing sinus, a decreasing SPWM signal is
required, but in such a case, the modulation intervals may not
be obtained as desired. Figure 1 shows an example of this
waveform.

Figure 1. 5-level inverter, switched by conventional
SPWM technique [13].

A mathematical model based SPWM scheme can be
created that precisely calculates the intersection of the
reference sine waveform with the carrier signal to remove
this problem [15]. But in this study too, the number of carrier
signals increases depending on the level number. Therefore,
high-capacity processors are required for control.
Different SPWM techniques are proposed in the
literature for different inverter topologies. One of these is a
new SPWM technique, developed for a "three-phase 5-level
inverter" with "neutral point interlock". the problem of charge
imbalance between the capacitors is solved by the proposed
method [16].

With the proposed SPWM technique, a sinusoidal
waveform with a level step height divided by each slice for
each level appears. As shown in Figure 4, according to the
number of levels of MLI, at each level interval, Increasing
sawtooth signal for increased level, decreasing sawtooth
signal for decreasing level, And is obtained as a sinusoidal
signal for the maximum point. This is shown in figure 4-5

II. SUGGESTED SPWM TECHNIQUE
In the conventional SPWM technique, SPWM signals are
obtained by comparing the generated carrier signal with the
reference sine signal, depending on the number of levels. In
this case, as the number of levels increases, the number of
carrier signals increases, thus making the design of the
control circuit difficult. Figure 2 shows the shape of the
SPWM signals generated for a 15-level MLI.

Figure 4. For 15-level MLI the transection of the
sinusoidal waveform

Figure 5.For 15-level MLI, the resulting reference
broken sinusoidal waveform

Figure 2. Classical SPWM signals generated for a 15level MLI
In this study, a different SPWM technique was applied.
Following is the SPWM circuit, given in figure 3; Firstly the
reference waveform, By dividing the sinusoidal waveform by
the level ranges, Transformed into broken sinusoidal
waveform.

This obtained reference signal is given in fig. 6-7,
obtained wave form when compared with the signal in the
carrier triangle wave form, in the (very) high frequency (kHZ
range). Of Figure; green color, 10 kHz PWM signal, blue
color is broken sinusoidal signal.

Figure 6. 15 level MLI, 10kHz triangular wave, and
reference signal comparison (Mi = 1)

Figure 3. Simulation circuit for the proposed SPWM
technique

Figure 7. 15 level MLI, 10kHz triangular wave, and
reference signal comparison (Mi = 0,8)

In the simulation studies, it is seen that the lowest THD
value occurs when Mi = 1; the SPWM switching signals,
which are generated as a result of comparison obtained from
Fig. 5 (for Mi = 1), are shown in Fig. 8-9.

Figure8. The switching signals obtained for SPWM (0-180)

Figure 9. The switching signals obtained for SPWM (0-90)
III. 15 LEVEL INVERTER CIRCUIT
In this article, the proposed new SPWM technique is
applied to the inverter circuit using inverter topology with
reduced number of switching elements. In this topology, it is
possible to add and remove the module in order to reach the
desired number of levels. Also, the output voltage levels are
different when the DC sources in the inverter input are
selected at equal voltage and the DC sources are different
(asymmetrical: 1-2-4 ...). If it is selected asymmetrically, the
output voltage level can rise to higher levels.
In this study, the Fibonacci numbers were used in the
selection of the 15-level inverter input voltage sources.
Leonardo Fibonacci is an Italian mathematician who lived in
the 12th-13th century. Fibonacci, who saw the perfection of
the arabic number system he had learned at an early age,
wrote the book entitled "Liber Abaci" in 1201. This book
influenced the entry of the Arabic numerals system to
western Europe. The "Rabbit Problemi" in this book has
made it become famous. In the problem; A mature rabbit is
giving a new pair every month and a newborn couple is
getting mature within a month, starting with a rabbit who is a
puppy and what are the number of pairs in a year.
Accordingly, a certain number of even-numbered months
equals the sum of the previous two months. In that case, the
number of rabbit pairs will be 1, 1, 2, 3, 5, 8, 13, 21, 34, 55,
89, 144 within one year according to the month. Fibonacci
himself has not done a study on this number series. However,
mathematicians who came after him used hese numbers as
their "fibonacci numbers" [17].
In this study, a new array is proposed for the asymmetric
supply inverters with the source voltages determined.When
fibonacci numbers are used in selection of feed sources in
asymmetric feed inverters; The source levels will be 1V-1V2V-3V. The first source at 1V level will be used as PWM and
this module will be active for each level.

Controlled by the proposed SPWM technique,An
exemplary 15-level MLI circuit with asymmetric (fibonacci
number sequence 1-1-2-3) supply is given, figure 10.
With the topology, 7 levels are obtained for the
symmetrical feed situation and 15 levels are obtained for the
asymmetrical feed.
The advantages of this topology According to traditional
topology;
• provide more levels with the same number of elements.
• contains fewer switching elements than traditional
inverter topologies for the same level.
• Because the diode and capacity are not used, the cost is
reduced and not complicated.
• Allows the use of different types of switching elements
(high frequency switching in the level module, low frequency
switching in the polarity module) as the level setting section
and output voltage polarity switching module are separated
from each other.
• The number of carrier signals for the SPWM to be used
for controlling the inverter is reduced by half compared to
conventional topologies. 3 signals for 7 levels will suffice.

Figure 10. 15 level multi level inverter circuit [18]
For the 15-level MLI, the output voltage waveform at the
MLI output, controlled by the switching signals, obtained by
the proposed SPWM technique is shown in Figure11.

Figure 11. 15-level SPWM applied MLI output voltage
waveform.

[3]

Shown Figure 12, Switched with the recommended
SPWM technique, 15 level inverter output signal, compared
to pure sine signal. It seems that the inverter output follows
the pure sinus wavefom very successfully.

[4]

[5]

[6]

[7]

Figure 12. 15-level SPWM applied MLI output voltage
(0-90) waveform
IV. CONCLUSION
In SPWM applied inverters, it is known that the output
voltage approaches sinusoidal wave shape, and the load
current is sinusoidal wave shape, and the current THD value
decreases to minimum values.
In this study, in the production of the SPWM switching
signals, PWM switching signals are generated, with the
reference sine signal divided by certain intervals, 1 carrier
signal, and 1 broken sinusoidal signal, depending on the
number of levels. With the proposed new technique, a SPWM
technique can be applied for multi level inverters with a
single carrier signal independent of the number of levels.
Also with the proposed technique, at the level start points,
which is one of the biggest problems in the application of the
SPWM technique, the carrier wave and the intersection of the
reference waveguide are eliminated.
In the level selection of the sources at the inverter input,
the Fibonacci array is used differently from the examples in
the literature, an additional 1 level PWM source is added to
the supply status of 1-2-4 arrays, and current and voltage
THD values are measured. Instead of using 1-2-4 sequences,
the first term of the fibonacci number sequence, 1-1-2-3,
would be more suitable for PWM applications, unlike current
applications.
In the SPWM applied inverter circuit using Fibonacci
numbers, the ITHD value was found to be the lowest among
other multilevel inverters outputting at the same level.
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Abstract
In multilevel inverters, it is desirable that the output
voltage is close to sinusoidal and the total harmonic
distortion is low. For this purpose, different methods
and applications are applied to control multi-level
inverters. In this study, matlab / simulink supported
dSPACE control system was used in the control of
multilevel inverters (MLI). So that the control circuit is
easily designed using the simulation circuit that is
created by matlab / simulink. All the changes to be
made on the matlab / simulink control circuit algorithm
by this method are applied at the same time on the
circuit at the same time. The control of the 9-level
inverter circuit designed in this study was made with
the dSPACE control system and the results evaluated.
Key words: Multilevel inverter, Simulation, dSPACE,

I. INTRODUCTION
In recent years there have been intensive researches on
the control of MLI s. In inverter topologies, while
trying to achieve the most efficient result with the least
number of switching elements, the control method used
in the switch is at least as effective as the topology.
There are many different applications of pulse width
modulation that are commonly used to control
inverters. Although one of these methods, SPWM, is
more flexible than conventional PWM signals, it is not
sufficient in terms of modulation and harmonic
components. It is seen as an advantage that SPWM can
be produced numerically, and that there is no need for
serious mathematical calculations in design. [1].
SPWM also affects the inverter output voltage of
carrier wave changes. In order to minimize the
harmonic distortion, carrier waves are generated
according to different amplitude and different
frequency values and Pulse Width Modulation (PWM)
signals, which control the power switches of the
inverter, are obtained by comparing with reference
sinusoidal signals [2].
In the literature, a prototype of a 5-level inverter has
been implemented and real-time signals for inverter
control have been produced using dSPACE's DS1103
controller card and software. From the resulting

current-voltage waveforms and harmonic profiles, this
strategy seems to be useful. This multi-level SPWM
strategy has been shown to be very useful for hybrid
inverter applications [2].
In the comparative study of SPWM and Space
Vector PWM Methods, in the study titled, Space Vector
PWM methods with Natural and Regular Sampled
SPWM are examined from modulation methods, For
different switching frequencies, these DGM methods
were evaluated according to their performance criteria
by presenting comparative results of simulations
covering both linear and over-modulation regions. It is
said that the method of asymmetric sampling, SPWM
gives better results as harmonic content than other
SPWM methods. The SVPWM method has been
described as a disadvantage of this method, which is a
complicated process, such as the calculation of the
application times of voltage vectors, which form the
reference vector [3].
In studies on control methods, when the carrierbased, sine, space vector, sigma delta PWM and openloop PWM control methods are examined, the topology
and control techniques have changed according to the
inverter power demands [4]

II.

9 LEVEL INVERTER
SIMULATION CIRCUIT DESIGN

In the literature, there are a lot of multi-level inverter
topologies, such as Diode clamped, flying capacitor and
H-bridge. Here, we will examine the cascaded Hbridge topology by reducing the number of switching
elements. In this study, A multilevel inverter topology
has been changed by reducing the number of switching
elements.
In this study, different from the literature examples,
asymmetric-fed multilevel inverter to the supply
voltage levels are analyzed in case of using the
Fibonacci sequence. For the Supply voltage levels the
first terms of the Fibonacci sequence 1-1-2 levels that
were selected. Inverter topology consists of two
modules. The first module is called the leveling
module, and the second module is called the polarity
module.
In the level module, 1V-1V-2V voltage sources are
used. Positive alternating voltage levels are obtained at

0V-1V-2V-3V-4V levels at the level module output. In
the polarity module, these voltage levels are switched
in such a way that the output at the mains frequency is
obtained so that + and - alternating voltages are
obtained.9-level inverter topology is given in figure 1.

∝1 = 𝑎𝑟𝑐𝑠𝑖𝑛 (

LEVEL MODULE

2.1−1
7−1

1

) = 𝑎𝑟𝑐𝑠𝑖𝑛 ( ) = 9,59°
6

2.2 − 1
3
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) = 𝑎𝑟𝑐𝑠𝑖𝑛 ( ) = 56,44°
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POLARITY MODULE
2
7
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For 7 level inverter, there will be 4 levels between 090 degrees, and since one of these levels will be "0", 3
angle values must be calculated. The angle values
calculated according to formula 2 are given below [7];

3

The output waveform obtained according to the
switching angles obtained for the 7-level inverter is
given in Figure 1.
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Fig. 2. Driving angles of the switching elements [7]
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Fig. 1. 9-level inverter topology [5]
the advantages of this topology According to
traditional topology;
• provide more levels with the same number of
elements.
• contains fewer switching elements than traditional
inverter topologies for the same level.
• Because the diode and capacity are not used, the
cost is reduced and not complicated.
• Allows the use of different types of switching
elements (high frequency switching in the level
module, low frequency switching in the polarity
module) as the level setting section and output voltage
polarity switching module are separated from each
other.
• The number of carrier signals for the SPWM to be
used for controlling the inverter is reduced by half
compared to conventional topologies. 3 signals for 7
levels will suffice.
In grid-connected inverters, the output voltage
waveform is required to resemble the sine waveform as
possible. For this purpose ; Several applications are
made for determination of the rolling members
switching transmission status. One of these is the
determination of the drive angle. Semiconductor
switching elements driving improved formula to
calculate the angles are given below [4-7].
𝑖 = 1,2,3, … (

𝑛−1

∝𝑖 = 𝑎𝑟𝑐𝑠𝑖𝑛 (

2

) , sin ∝𝑖 =

2𝑖−1
𝑛−1

)

2𝑖−1
𝑛−1

(1)
(2)

In this study, a different method was applied to obtain
the driving signals of the switching elements. Instead of
calculating the angle, the driving signals are obtained
by writing an algorithm that will generate the switching
signals so as to follow the sinusoidal function. For
example, for a 7-level circuit, a positive sine function
will be chosen, since the positive alternate will be 3
levels. This function; f(x)=3Sinwt
Then, an algorithm that will drive the necessary
switching elements at each integer value of this
function is written. In Figure 2, the principle diagram
of the algorithm is given.

Fig. 3. Principle diagram of the switching algorithm
In the simulation, the IGBT of the drive operation,
the direct drive method according to the proposed
algorithm were made. The simulation circuit in the

MATLAB program according to the algorithm is given
in Figure 4 and Figure 5.

current and voltage waveforms obtained at the output
of the simulation circuit are given in Figure 7.

Fig 7. MLI output voltage and curent
Fig. 4. Matlab simulation circuit of the Level module
switching algorithm

the wave shape in blue, the voltage, the wave shape in
green, the current, the waveform in red, the reference
sinusoidal waveform.
III.

Fig. 5. Matlab simulation circuit of the polarity
module switching algorithm
Figure 6 shows a 9-level inverter circuit with a
MATLAB / simulink design.

Fig 6. 9-level inverter circuit
MLI circuit with ohmic (R= 38Ω) load cases were
examined below. Because of the practical application
of the circuit planned in future studies, inductor and
resistor values are selected taking into consideration the
value of the current load banks in the laboratory. The

9 LEVEL INVERTER APPLICATION
CONTROLLED BY DSPACE

In order to compare the simulation results, the
application circuit must be designed. For this purpose,
the selection of the appropriate element is important for
the circuit being simulated. One of the most important
parameters in circuit design is the selection of
semiconductor elements to be used in the circuit. The
family of semiconductor elements has a wide range of
products, each with advantages and disadvantages
compared to the others. For example, MOSFET is the
fastest semiconductor element. The transmission input
is around 50-60 ns and the output from transmission is
around 150-200 ns. The disadvantage is that it has a
high value internal resistance which increases with
temperature. Therefore the transmission is the element
with the highest power loss. The IGBT carries both the
MOS control of the MOSFET and the main current
characteristic of the BJT. The only disadvantage is the
output threshold voltage. However, since the internal
resistance is very small, it becomes advantageous again
in high currents. Nowadays, it is the most commonly
used element in the power and frequency slightly above
the center [8].
Designed inverter; IGBT have been chosen instead
of MOSFET since the switching frequency does not go
up to high levels and the inverter model to be designed
can then be used in high power applications. While
IGBT is selected, IGBT Modules which are suitable for
topology have been chosen. The CM150DY-24A
1200V 150A IGBT module was selected from
MITSUBISHI's IGBT series .
For the CM150DY-24A model 1200V 150A IGBT
module from MITSUBISHI IGBT series, it is better to
use the IGBT specific drive circuits recommended by
the manufacturer. For this reason, CONCEPT has
selected 2SC0108T model driver circuit, which
removes the possibility of a short circuit, while
allowing 2 IGBTs to remain at the same time with the
possibility of giving dead time in the same way.
The drive can be operated in either half bridge mode
or two independent IGBT drive modes. When a value
resistor is connected between the MOD input and the
GND input, the half bridge mode is selected. In this

case, a dead time needs to be set so that the two IGBTs
are not active at the same time.The dead time interval
can be changed according to the resistance value to be
connected. According to the resistance value, a value
between 0.5 μs and 3.8 μs can be set. For this, a formula
is given in the driver's technical document.
𝑅[𝐾Ω] = 33. 𝑇𝑑 [𝑠] + 56,4
0,5s < Td < 3,8s

According to this formula; 73KΩ <R <182KΩ must be
selected.
In the following, the drive train is given an
example output signal in the case of half bridge
operation. InA is the driver signal input and InB is the
enable signal input. If InB is active, the drive output
activates active G1 according to the status of InA.

cycle is also modeled with Simulink blocks and
integrated into the overall system.
In the programming of the control board,
MathWorks's Matlab / Simulink / Real-Time Workshop
and dSPACE's Real-Time Interface (RTI) and
ControlDesk software are used.
DSPACE's Real-Time Interface (RTI) and
ControlDesk programs were used to perform
experiments and collect real-time data. Real-Time
Interface (RTI) is a realization software used to run
Simulink models on real-time hardware without any
programming required. ControlDesk software of
dSPACE will be used for computer analysis of
experimental results, analysis and recording.
The DSPACE based control development block
diagram for MLI is shown in Figure 9.
9 Level Inverter

Power supplies

Level module

Polarity Module

+

6
5

+

6
5

A

+
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In the application circuit, R value, 180 KΩ was
selected.
There are many derivatives of pulse width
modulation that are commonly used to control
inverters. One of these methods is the Sinusoidal Pulse
Width Modulation (SPWM) technique. It is an
advantage that
the SPWM can be produced
numerically and avoids the need for serious
mathematical calculations in the design [9]. However,
in addition to this advantage, as the number of levels
increases, very fast and high capacity processors are
needed.
Since the purpose of academic studies is to
demonstrate the feasibility of theoretical studies with
practical applications, the simulated circuits need to be
transferred in real time. The part of the work that is on
the computer can easily be done with MATLABSimulink. Some control systems are used within the
MATLAB / simulink te implementation, so that it is
easy to implement in real time. One of them is the
dSPACE DS1103 control system. [10].
Model-based design was first implemented using
Matlab / Simulink software to control the multi-level
inverter with dSPACE. Computer based modeling,
analysis, simulation studies were made in Matlab /
Simulink environment, Mathematical operations,
control designs and switching techniques were done
using Simulink blocks. The modeling of the power
electronic circuits was done using the power system
blockset software in Matlab / Simulink. The driving
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Fig. 9. dSPACE based control development block
diagram for 9 level inverter
Instead of the Dc sources at the input of the 9-level
inverter, the output voltage of the single-phase
transformers at 1 kW power is rectified and applied to
the inverter input. The used transformers have 240
windings on the primer side and 120 windings on the
seconder side. Since the inverter circuit is at the 1-1-2
level of the source in the input, 2 transformers are used
for this application. For 2V level welding, one side is
used for V-V levels, and the 2nd of Transformer is
divided into two. Voltage of 56-56-112 V AC was
obtained from the transformer outlets, then this voltage
was applied to the inverter inputs 79-79-158 V DC,
rectified to bridge rectifiers.
After real-time control algorithm of MLI system is
created in MATLAB / Simulink environment, blocks
are converted to C code with MATLAB / Real-Time
Workshop and loaded on dSPACE DS1103 digital
signal processor board with dSPACE / Real-Time
Interface software. This is done by placing dSPACE I /
O blocks in the MATLAB / Simulink block library.

Once the circuit is simulated on MATLAB, it is
necessary to set the input voltage sources of the circuit
to the appropriate values for the simulation to provide
control over the dSPACE. Because the 36 V DC voltage
can not be exceeded with the sources available in the
laboratory, it is necessary to obtain the DC voltage by
rectifying the transformer output. In order to ensure that
the source values in the inverter input are equal to the
voltage values when the transformer output is rectified,
the DA input values are selected as 70V-70V 140V.

elements belonging to the control stage are left in
operation and the control signals are obtained via
dSPACE. The circuit for dSPACE implementation is
shown in Fig 11.
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Fig. 11. Simplified matlab / simulink application for
dSPACE control
For the 9-level inverter circuit, the leveling module and
the polarity module switching signals obtained from
dSPACE are given in figure 12.

Fig. 12. Switching signals from dSPACE

Fig. 9. dSPACE based control for 9 level inverter
device

In order to observe the correctness of the switching
signals obtained from dSAPCE, the following
switching signals are obtained when measurements are
taken from the input of the IGBT driver circuits. The
oscilloscope image of the switching signals is shown in
figure 13.

Fig. 10. the circuit designed in MATLAB / Simulink
In Figure 10, if the circuit designed in MATLAB /
Simulink te is made suitable for dSPACE, the following
circuit is obtained. The more easily understandable and
traceable state of the circuit is shown in Figure 11 in the
form of a block circuit
In the implementation cycle, since the switching
signals will be given via dSPACE, it is necessary to
make the circuit prepared in MATLAB ready for
dSPACE. For this purpose, the elements belonging to
the power stage of the train are deleted and only the

Fig. 13. For the leveling module, switching signals
As can be seen, the input frequencies of the input
IGBTs belonging to the leveling module are 10 kHz 400 Hz - 100 Hz. The switching frequency for the first
level, (1 coefficient) source is 10 kHz, the switching
frequency is 400 Hz for the second level (1 coefficient)
s ource, the switching frequency is 100 Hz for the third
source, the switching frequency is 100 Hz for the third
level (2 coefficient) source in the 1-1-2 array

The switching frequencies of the polarity module
are shown in Figure 14 below. Since the polarity
module switches on the mains frequency, both IGBT
modules are switching symmetrically to 50 HZ
frequency.

Fig.17. 9 levels of inverter voltage and current
waveforms for a period

IV. CONCLUSIONS
Fig. 14. For the polarity module, switching signals
When these obtained switching signals are applied
to IGBTs, the waveforms obtained at the MLI output
are given below.For experimental comparison, the
voltage and current waveforms obtained at the end of
the simulation for the 9-level inverter are shown in
Figures 15-16-17.

In this study, a dSAPCE-based control system was
implemented using Matlab / Simulink software to
control multi-level inverters. Firstly 9 level inverter
circuit is simulated in matlab / simulink program. Then
the control circuit is made suitable for dSAPCE and the
control signals are applied to the actual circuit via
dSPACE.
The switching signals were received both through
the dSAPCE control desk software and via the real-time
oscilloscope. The voltage and current waveforms at the
inverter output are taken for 1 period and 2 periods. The
results show that the implementation is successful.
Although control of inverters with dSPACE is very
easy to implement, it is not widely used due to system
cost and portability issues. But it will be very useful for
academic studies and it will be very beneficial in terms
of converting simulation studies into practice quickly.
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Abstract— In this study, a wind turbine emulator is developed for
the study and implementation of generators, and power electronic
converters that are needed in wind energy conversion systems. In
the emulator system, the induction motor used to drive the
permanent magnet synchronous generator. The electricity
generated from the generator is transferred to the grid. The tip
speed ratio based maximum power tracking algorithm is used to
operate the emulator at optimum power. The indirect fieldoriented control method is used to control the induction motor.
Furthermore, the theoretical analysis and implementation results
of the wind turbine emulator are reported. Comparison of
experimental results and theoretical calculations show the
feasibility of the proposed study.

Induction Motor. Vector Control of PMSG is described in
Section 4. Hardware implementation and experimental results
are provided in Section 5, and Section 6, respectively. Finally,
conclusion is given in Section 7.
II. WIND TURBINE MODEL
The power that a conventional horizontal axis wind turbine
can achieve in the wind is defined by the following equations
and mathematical model as shown in Fig.1 [1,2].
Pm 

1
   A  vt 3  C p ( ,  )
2

(1)

Keywords— Wind turbine, Emulator, Design, Indirect, Field
oriented control, Induction motor drive.

Pm  Tw  r

(2)

I. INTRODUCTION
Energy concerns, increasing pollution issues, continuous
depletion of fossil fuels and advancement in power control
technology had led the use of Renewable Energy Sources (RES)
more noticeable. Today, majority of the countries around the
globe are turning towards RES and allocating significant
budgets to scientific research to ensure clean energy conversion
systems. Among the major types of RES, wind energy is
considered the fastest evolving technology due to its mature
and easily plant installation nature. However, there are some
key challenges in the research and development of wind energy
conversion systems which include the large size of the wind
turbine, cost of manufacturing and installation.
The conversion of wind to electricity comprises various
kinds of generators, and power electronics circuitry, resulting
high motivation for researchers to develop numerous tools and
models in the target domain. A wind turbine manufacturer
needs special tools and appropriate resources to check new
models and innovations and to evaluate their effects on the
overall system. One such possible tool utilizes a dedicated
hardware and software that intends to emulate a real wind
turbine in a reduced scale. The tool is so-called wind turbine
emulator which is using for the application of wind energy
conversion systems in the laboratory environment. This paper
provides a wind turbine emulator composed of an inductor
motor synchronized to the shaft of a Permanent Magnet
Synchronous Generator (PMSG).
This paper is organized as: Section 2 provides the dynamic
model of wind turbine. Section 3 covers Vector Control of

A    R2

(3)

where A is the turbine blade swept area, R is the radius of the
turbine blade, vt is the wind velocity, ωr is the angular speed of
the turbine blade, ρ is the density of the air and Cp (λ, β) is the
power coefficient of the wind turbine [3,4].
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Fig. 1 Mathematical model of the wind turbine

The power coefficient depends on the tip speed ratio λ, blade
pitch angle β and parameters of the turbine design
characteristics [5,6,7].
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III. VECTOR CONTROL OF INDUCTION MOTOR
Induction motors are asynchronous electric machines with
complex design. Thanks to the vector control method, the
induction motor can be controlled in a similar way to the direct
current motor. The mathematical model of the induction motor
in the synchronous reference frame is expressed by the five
state equations presented below [6,7,8].

Vdm  dm  Rsidm  eqm

1 
  Lm  idm 
1

 s r 

(19)

 Lm   iqm 


  r  dr 

(20)

dr  

where c1, c2, c3, c4, c5 and c6 are constant parameters and
depend on the turbine design [3,5].

Vqm  qm  Rsiqm  edm

(18)

Tw  kt iqm
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sl  

The electromagnetic torque (Tw) generated by the induction
motor depends on the q axis current (iqm) and the torque
constant (kt) of the induction motor. τr is the rotor time
constant and is calculated by dividing the rotor inductance by
the rotor resistance.

(7)

Vqm ,coupling
K p m s  Ki m Tind
s
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Vqr  qr  Rr iqr  sl dr
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Vdr  dr  Rr idr  sl qr

(10)

 r  1 J TW  Br  TL 
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Where Vqm and Vdm are the stator voltage, Vqr and Vdr are the
stator voltage, λqm, λdm and λqr, λdr are stator and rotor fluxes,
respectively, Rs is the stator resistance, Rr is the rotor resistance,
iqm, idm and iqr, idr are the stator and rotor current, respectively,
ωsl is the slip angular speed, ωe is the synchronous reference
frame angular speed, ωr is the rotor angular speed, TW is the
generated torque, TL is the load torque, B is the friction
coefficient. The flux equations used in the state equations are
defined by the following equations [7].
qm  Lsiqm  Lmiqr

(12)

dm  Lsidm  Lmidr

(13)

qr  Lr iqr  Lmiqm

(14)

dr  Lr idr  Lmidm

(15)

Ls  Lls  Lm

(16)

Lr  Llr  Lm

(17)

Lm is the magnetizing inductance, Lr is the rotor inductance,
Ls is the stator inductance, Llm and Llr are stator and rotor
leakage inductance, respectively. Rotor flux oriented, indirect
field oriented control method can be expressed by the three
basic equations when the induction motor is applied [9].
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Fig. 2. Vector control model of the induction motor

Figure 2 shows the block diagram of the vector control of
the induction motor. The induction motor has transitional terms
because of its nonlinear nature. The new state of the voltage
equations is given below by considering these crossing terms
[9].
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where σ is the leakage factor and it is a unitless term.

IV. VECTOR CONTROL OF PMSG
The mathematical model of the PMSG in the synchronous
reference frame is represented by the following equations
[9,10,11].
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Fig. 3. Vector control model of PMSG

Figure 3 shows the block diagram of the vector control of the
PMSG. If the inductances and currents are written instead of
the flux terms used in the voltage equations and the cross-over
terms are added, the new state of the equation becomes as
follows [9].
d
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dt
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point. The tip speed ratio method is used as the maximum
power point tracking algorithm. In the third part electrical
energy is transferred to the grid. Grid side inverter keeps the
DC links in a fixed value and transfer electrical energy to the
grid synchronously. Where a synchronous phase locked loop
structure is used to provide synchronization with the grid. The
grid side converter and the generator side converter are
independent of each other, so, that power quality problems can
be avoided. The entire system is controlled via two digital
signal processors, one for generator-motor control, and the
other for energy transmission control. Specifications about the
motor and generator used in the system are given in the Table.1.
TABLE I
PARAMETERS OF THE MOTOR AND GENERATOR

Induction motor specifications
Rated power
Rated speed
Rated voltage
Rated current
Rated frequency
Rated torque
Rotor inertia
Torque constant
PMSG specification
Rated power
Rated speed
Rated voltage
Rated current
Rated frequency
Rated torque
Rotor inertia
Torque constant

5.5 kW
1455 rpm
Δ-400 V
11 A
50 Hz
36 Nm
0.026 kgm2
3.09Apeak/Nm
5 kW
2000 rpm
400 V
15 A
24 Nm
0.00657
1.2
Δ-400 V

VI. EXPERIMENTAL RESULTS
Depending on the wind speed, the torque produced by the
induction motor appears in fig 4. In Fig 4. v is the wind speed,
Tm is the torque generated by the induction motor, idm is the daxis stator current and iqm is the q-axis stator current. idm current
is constant while iqm current produces torque. Therefore, that
the induction motor can be controlled like a typical DC motor.

qg ,coupling

V. HARDWARE IMPLEMANTATION
The experimental setup of the wind turbine emulator is
shown in Fig. 5. The designed wind turbine emulator consists
of three parts. In first part, there is an induction motor and drive
circuit which represent the real time dynamic behavior of the
wind turbine. The wind speed model is applied to the wind
turbine dynamic equations and the reference torque value that
is needed for the motor is calculated. The induction motor
realizes the turbine mechanical behavior by applying the
voltage source full bridge inverter with the vector control
method. In the second part, there is a permanent magnet
synchronous generator and inverter. The generator-side
inverter controls the system to operate at its maximum power

Deep Blue : v
Light Blue : Tm
Green
: Idm
Magenta : Iqm

(2 m/s / V)
(5 Nm / V)
(5 A / V)
(5 A / V)

Fig. 4. Wind profile and induction motor dynamic behaviour
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Fig. 5. Experimental diagram of wind turbine emulator

In the same wind profile, the calculated optimal power value
and the power value obtained from the generator are presented
in the Fig. 6. Also, the calculated optimal speed value and the
generator shaft speed are shown in the curves. The shaft speed
curves follows the optimal speed curves and the power obtained
from the generator follows an optimal power value with great
accuracy.
Deep Blue : ω (20 rad/s / V)
Light Blue : ωopt (20 rad/s / V)
Magenta : Pgen (1 kW / V)
Green
: Popt (1 kW / V)

Fig. 6. Generator power and speed with optimal speed and power curves

The variation of the tip speed ratio and the power coefficient
parameters in the experimental application are shown in Fig 7.
Also, the wind profile in Fig 7. as same as in Fig 4.
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Green
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Fig. 7. Turbine variables and generator currents

(0.1 / V)
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In Fig 7. deep blue curve represents the power coefficient. The
power coefficient remains constant at different wind speeds.
The constant power coefficient at different wind speeds
indicates that the emulator is operating at its maximum power
point. Magenta curve represents the generator q-axis current
and green curve represents the generator d-axis current. The
experimental results show that when the wind speed is 12 m/s
wind turbine emulator power is 2.5 kW and the current
produced by generator is 25 A. The torque produced by the
induction motor with the same wind speed is 25 Nm and the
shaft angular speed is 100 rad/s.
VII.
CONCLUSIONS AND FUTURE WORK
This paper describes the design and implementation of the
wind turbine emulator, which has a vital role in the developing
of wind energy conversion systems. The basic components of
the wind turbine emulator; turbine dynamics, torque control of
the induction motor and transmission of the power obtained
from the generator to the grid have been discussed in detail. The
main advantage of the designed emulator is that it can represent
the whole wind energy conversion system.
In addition, the proposed design provides advantages such as
ease of implementation and low cost. Experimental results
show that the emulator can produce the same dynamic
behaviors as the wind turbine. The transient behavior of the
designed emulator against wind speed and load changes was
investigated. Proportional–integral gains are directly related to
system parameters. Changing the system parameters during
operation can reduce the targeted performance. It is aimed to
use non-linear controllers instead of linear proportional–
integral controllers in future studies. In this way, the effect of
changing system parameters on the emulator can be
investigated during operation.
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Abstract— The task of detecting and assessing the location of
signals radiation sources depends significantly on the
characteristics of sea noise. It is shown: it is necessary to take
into account not only the directional properties of the antenna
array, but also the directional properties of the noise. The
calculated spatial spectra of surface sea noise are different for
antennas of different configurations and depend on both the
depth of the waveguide and the depth of the antenna position.
Keywords— sea noise, radiation directivity, spatial spectrum of
sea noise

I. INTRODUCTION
In hydroacoustics, one of the important problems is the task
of detecting and evaluating the location of signals radiation
sources against background noise, the power of which can far
exceed the power of the signal from the target. In this case, the
main contribution is made by noise of two types, namely,
noise from the sea agitated surface and/or noise of receiving
system (structural interference). As a rule, detection criteria
are based on energy and statistical characteristics of signals
and interference. However, for the effective operation of the
algorithms, information on the spatial spectrum of the
interference is also necessary. For spatially distributed noise it
is not correct to consider the interference as spatially
uncorrelated, especially for noise generated by these two types
by signals. It is known that such noises have a relatively small
radius of spatial correlation, and consequently, they have a
spatial directivity. As a consequence, the effectiveness of
detecting a signal from a target will depend on the spatial
position of the target itself. In this case, it is necessary to take
into account not only the directional properties (directivity
characteristic) of the antenna array, but also the directional
properties of the interference itself.
II. SIGNAL REPRESENTATION
To calculate the noise generated by the agitated surface, a
physical model of noise sources is used for the scalar field
components [1], which are confirmed experimentally.
According to this model, sea noise is created by a set of
independent point sources uniformly distributed in a plane
parallel to the free water surface and located at shallow depths

compared to the wavelength of the emitted signal. When
calculating, it is also necessary to take into account the fact
that the noise sources are located on the sea surface in a radius
about 10 times the depth of the antenna placement [2].
The geometrical scheme of the measurements is shown in
Fig. 1. The array (antenna) is located in the waveguide with
depth HW at the depth H A . Its elements receive signals
from local noise sources located on the sea surface.

Fig. 1 Geometric scheme of measurements

To calculate the noise received by the antenna in the
waveguide, the method of imaginary sources is used [3].
When the receiving element is located at the point with the
coordinates (x, y, z), and the source at the point (x1, y1, z1),
for
the
scalar
receiver
element
we
have:


P   (  b ) l [ exp( ikr
l0

l1

) / rl 1  exp( ikr

l2

) / rl 2 

 b  exp( ikr l 3 ) / rl 3  b  exp( ikr l 4 ) / rl 4 ]

rlj  ( x  x1 ) 2  ( y  y1 ) 2  z lj2  ;
1/ 2

In this formula, the summation is over the rays (l), the
remaining notations are given below where rlj is the distance
from the l-th imaginary source to the j-th receiving element:

zl1  2 Hw  l  z1  z;
zl 2  2 Hw  l  z1  z;
zl 3  2 Hw(l  1)  z1  z;
zl 4  2 Hw(l  1)  z1  z;
l  0,1, 2,...;

j  1, 2, 3, 4.

Here, Hw is the depth of the waveguide, b is the reflection
coefficient from the bottom.
In the simulation, we will assume that the amplitude of the
radiation for all local noise sources is the same and distributed
over the Rayleigh, the random initial phases are uniformly
distributed in the interval [0, 2π].
III. SIMULATION RESULTS
In the simulation, a spatial spectrum is being constructed to
detect and localize the surface source on the background of
sea noise. The assumed position of the target can be fixed at a
depth of 10 m (the effective depth of the overwater source
radiation) and further it is possible to investigate the direction
of the sea noise only in azimuth and distance. The results are
presented in a projection to the horizontal plane for clarity.
The work deals with 3 antennas consisting of 100 receiving
elements of different geometry (Fig. 2).

circular - elements are located in a horizontal plane along a
circle with a radius of 10 m;
cross-shaped - the elements are arranged in the form of a 3dimensional cross, the size of each branch of the cross is 20 m.
The average frequency of the working band f  1500 Hz,
the bandwidth and the accumulation time are such that
f  T  1.
Three possible ways of antenna placement are considered near the surface, in the middle of the waveguide and near the
bottom in waveguides 100 and 1000 m deep (shallow and
deep sea). Fig. 3 represents spatial spectra for the
establishment of all three types of antennas in the shallow sea
at a depth of 17, 53 and 97 m. Fig. 4 shows similar data for
antenna placements in the deep sea at a depth of 35, 470 and
970 m.

Fig. 3a Spatial spectrum of sea noise, obtained in a shallow waveguide (depth
100 m) using linear (top drawing), circular (figure in the center) and crossshaped (low) antennas. Depth of antenna placement is 17 m
Fig. 2 Location map of three types of antennas: a - linear, b - circular, c cross-shaped

In this Figure: linear - the elements are located
horizontally along the axis OX with an aperture of 20 m;

The behaviour of spectra is reduced to the following. Each
of the calculated spatial spectra is normalized to the maximum
value. For a linear antenna, the smallest noise comes in
directions close to the direction of the X axis, the spectrum is

extremely uneven with a pronounced trough in the direction
along the X axis.

but unlike the linear antenna, the difference between the
maximum and minimum noise levels is much smaller. A
characteristic feature of the cross antenna is the presence of an
acute peak corresponding to the largest noise located above
the antenna.

Fig. 3b Spatial spectrum of sea noise, obtained in a shallow waveguide
(depth 100 m) using linear (top drawing), circular (figure in the center) and
cross-shaped (low) antennas. Depth of antenna placement is 53m

Two characteristic regions can be distinguished: uniform,
parallel to the horizontal region at which the noise level is
maximal and concave, in the form of a half-cone, at the base
of which the noise level is minimal, and the ratio between the
maximum and minimum noise level reaches 10 times. The
region of uniform noise expands with distance from the center
of the antenna, in this region oscillations of the spectrum of
small amplitude are observed with respect to the average noise
level.
For a circular antenna, in contrast to a linear antenna, the
noise coming from all directions in question is uniform, a
pronounced directionality is absent. The oscillations of the
spectrum of small amplitude are observed with respect to the
average noise level and a sharp trough over the location of the
antenna.
The cross-shaped antenna has a more uniform spatial
spectrum than the linear one. In the spectrum, there are 4
concave semi cones with vertices in the center of the antenna,

Fig. 3c Spatial spectrum of sea noise, obtained in a shallow waveguide (depth
100 m) using linear (top drawing), circular (figure in the center) and crossshaped (low) antennas. Depth of antenna placement: 97m

For the shallow sea model, with increasing depth, the noise
level in the antenna location area increases.
For linear and circular antennas, the regions of maximum
noise in the deep sea become more uniform than in the
shallow sea.
The areas of extreme noise for circular and cross-shaped
antennas are widening.
So, for a circular antenna, the funnel radius corresponding
to the minimum noise level is approximately 0.5, 1, 1.5 km
when setting the antennas is at a depth of 35, 470, 970 meters,
respectively.
For a cross-shaped antenna, the radius of the cone
corresponding to maximum noise is approximately 0.05, 0.7, 3
km, respectively.

Fig. 4b The same as Fig/ 4a with depth of placement of the array is 470 m

Fig. 4a A spatial spectrum of sea noise, received in a deep wave guide (1000
m) with use of linear (the top panel), circular (drawing in the centre) and
crosswise (the low panel) aerials. Depth of placement of the array is 35m

Fig. 4c The same as Fig. 4a with depth of placement of the array is 970 m

IV. CONCLUSIONS
Spatial spectra for a circular and cross antennas, whose
apertures are symmetric in the horizontal plane, are also
symmetric in the horizontal plane. This is due to the uniform
distribution of noise sources along the sea surface. For a linear
antenna having a different spatial directivity characteristic
when it is formed along the normal and along the axis of the
antenna array, the spatial spectrum is not symmetric in the
horizontal plane. When the spatial spectrum is formed along
the normal, the intersection of the directivity characteristic
with the sea surface occurs at much shorter distances than
when it is formed along the axis of the linear antenna. And,
despite the fact that the width of the lobe along the antenna
axis is wider than its width along the normal, the noise level
taken "from the side" is almost 10 times less than the level of
noise received along the normal.
A circular antenna is characterized by the presence of a
"trough" in the center of the spatial spectrum, and with
increasing depth of antenna placement this region with a low
noise level is increasing. The remaining region of the spatial
spectrum is fairly uniform, the noise level changes by no more
than 10%.
In the free space, the directivity characteristic of the crossshaped antenna is isotropic, so measurements using this
antenna should most accurately reflect the true directivity of
the interference emission created by surface sea noises.

In the near zone "above the head" the noise level is
maximal, the noise power level in the far zone is reduced
approximately 2 times.
This ratio is practically independent of either the depth of
the waveguide or the depth of the antenna placement. Only the
area corresponding to the maximum level of the received
noise is changed. It increases with the depth of the antenna.
Thus, the spatial spectra caused by surface sea noises are
different for antennas of different configurations and depend
on both the depth of the waveguide and the depth of the
antenna setup. This fact should be taken into account when
designing hydroacoustic detection systems.
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Abstract— Small-scale wind turbines are not fully equipped with
power quality controllers as bigger ones. Therefore, wind speed
affect output voltage and thus battery charging performance
directly. In this study, output voltage of an actual horizontal axis
wind turbine is analyzed by using the measured data. Harmonic
distortion levels are determined from such values and results are
discussed.
Keywords— Wind turbine, harmonic analysis, power quality,
renewable energy, distributed generation.

I. INTRODUCTION
As the energy demand increases in acceleration, using
renewable energy sources become more important to meet this
necessity. On the other hand, technological development causes
the devices getting more sensitive. Therefore, it is necessary to
supply the energy to the customers in most appropriate form, as
possible as in fully sinusoidal form of current and voltage
waveforms. Unlike the photovoltaic systems, wind energy
systems are prone to generate harmonics because of the
variation of wind.
Wind turbine studies are observed widely in literature. There
are studies on design [1]-[4], analysis [5]-[7] and control [8]-[9]
of wind turbines. In addition, researchers are studied the types
of turbines, horizontal axis [10]-[11] and vertical axis [12]-[13].
In this study, a horizontal axis wind turbine that physically
installed at Bitlis Eren University Rahva Campus is analyzed.
Output voltage value of the system is measured by using the
Fluke 435 II Power Quality and Energy Analyzer. Such device
can measure and save the all operational data of a system.
Saved harmonic data is investigated and results are discussed
in terms of power quality and possible effects of harmonics on
charging performance.
II. WIND POWER MATHEMATICAL MODEL
The wind power can be given as follows [14]-[16]:

Pm 

1
 AV 3 C p (  ,  )
2

c
 c 5
(2)
C p ( ,  )  c1  2  c3   c4  e  i  c6 
 i

The c coefficients in equation 2 have average values of c1 =
0.5176, c2 = 116, c3 = 0.4, c4 = 5, c5 = 21 and c6 = 0.0068.
Other parameters are;
r
1
1
0, 035 and
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where ω is turbine rotor speed (rad/s) and r is radius of the
turbine blade (m). As swept area is defined;
(4)
A   r2
Finally, obtainable torque can be formed as;
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III. HARMONIC DISTORTION
Voltage and current waveforms that supplied from any
source are desired to be pure sinusoidal. This is a vital necessity
for stability and reliable operating of devices. Nonlinear loads
in energy systems or insufficient power generation causes
production of harmonics. These unwanted waveform
distortions have to be detected and eliminated as soon as
possible for protecting systems. Harmonics are eliminated by
using filters. There are two main types of filters. Passive filters
are consist of passive circuit elements like capacitor and
inductor, and one branch has to be used for each harmonic level,
where active filters are more developed structures that includes
a power supply, detects and eliminate both harmonics and
interharmonics more efficiently. Harmonic analysis is being
widely studied in literature, in terms of passive filter solutions
[17]-[18], active filter solutions [19]-[20], and also effects of
harmonics on systems.
Voltage and current harmonic distortions are calculated as
follows respectively,


(1)

Here, ρ is air density (kg/m3), A is swept area (m2), V is wind
speed (m/s), Cp is power transform coefficient, λ tip-speed
ration and β is the pitch angle, which is the angle between the
plane of rotation and blade in terms of radians. Cp coefficient
is;

(5)
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IV. SYSTEM DESIGN
According to the aim of this study, output data of the wind
turbine that installed at Bitlis Eren University Rahva Campus,
which is given in Fig. 1, is collected and analyzed. Properties
of the wind turbine generator is shown in Fig. 2.

Fig. 1 Wind turbine

harmonic. Because of the generator structure, each phase has
almost same harmonic generation characteristic.
TABLE I
HARMONIC VALUES

Harmonic
Order
3
5
7
9
11
13
15
17
19
21
23
25

Average Harmonic
Value (%)
15.746
6.218
8.048
7.1
6.374
5.312
4.721
4.503
3.151
3.165
2.044
2.601

A total harmonic distortion (THD) level of voltage has a
value of 28,56 %.
Wind turbine is charging the batteries via a charger unit. This
charger is shown in Fig.5.

Fig. 2 Wind turbine generator parameters

Turbine has a generator that generates three phase 24 V AC
(line-to-line) voltage value at a rated wind speed of 12 m/s.
Fluke 435 II Power Quality and Energy Analyzer that shown
in Fig. 3 is used for measurement.
Fig. 5 Charge Controller

The charge controller has DC output to charge the batteries.
According to the distorted voltage waveform that generated by
wind turbine, DC output of the charger is formed as given in
Fig. 6.

Fig. 3 Fluke 435 II Power Quality and Energy Analyzer

V. RESULTS
Harmonic levels for voltages are measured as given in Fig. 4
at the end of the paper. Average values for each harmonic that
obtained during measurement is summarized in Table 1.
Proposed values are percentages that compared with main

Fig. 6 Charger DC output voltage

VI. CONCLUSIONS
Electrical energy generation by using distributed generators
that consist of renewable energy sources as photovoltaic
systems and wind energy systems are increasing rapidly
worldwide. Besides the advantages of such systems, they have
some disadvantages in terms of power quality. Especially
energy generation by using wind via wind turbines, require
more attention for a quality output because of the wind
characteristics. As it is more possible to take precautions for
power quality issues at big wind turbines, it is not appropriate
in general for small-scale ones that designed for personal use.
In this study, power quality issues that may be encountered in
small-scale wind turbine are investigated. System is physically
installed so obtained results are actual values that affected from
all atmospheric effects. Results show that there are serious
harmonic generation because of the variable character of wind.
It is clear that harmonic distortion affect charging performance
directly. So, harmonic distortion has to be minimized not only
for power quality but also for stability of whole system.
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Abstract— This paper presents a design for grid connected PV
system with the capacity of 1.5 MVA and standalone PV system
with the capacity of 50 kVA in the industrial zone of the West
Bank in Palestine. The factors that affect the design and sizing of
the system have also been presented and evaluated. To ensure an
adequate, reliable and economical system design, over and under
sizing energy have been avoided. Furthermore, a numerical
analysis will be carried out to evaluate the effects of the grid
connected system on the network with respect to the voltage
profile, power flow, and energy losses. Finally, an economic
analysis for both systems will be studied and evaluated.
Keywords—PV, Grid connected, Standalone, Embedded Generation,
PV Economic analysis.

I. INTRODUCTION
The power sector in Palestine has been neglected for a long
time, hence it became unreliable, old and inefficient. The
system suffers critical energy shortage and failure problems.
The generation depends on Israeli sources by 92% and the rest
of supply by interconnection points with neighboring countries,
Jordan and Egypt. Recently, the Palestinian Energy Authority
(PEA) set out a strategy to develop the power sector. The
strategy focused on rehabilitating existing networks and
extending services to unserved communities. It also targeted
the implementation and development of the transmission
system. Further, there should be increase in the system capacity
and reduction in electrical supply dependency on Israel.
However, alternative and sustainable solutions are essential.
Generating electricity using renewable energy became a
national strategy. Especially, expanding the use of solar energy
for the adequate supply of clean energy for residential,
commercial and industrial needs.
The Jericho district, which has a very important location close
to the Jordanian borders and offers spacious lands with
relatively tolerable prices, has been witnessing a great
economical growth and an increased competition from
investors.
This huge demand for energy supply, especially from the
industrial sector, has pushed the Jerusalem District Electricity
Company (JDECO) into looking for some solutions in
attracting investments in renewable energy sources projects in
Jericho.
PV systems are considered one of the best solutions of
renewable energy sources, especially in the case of Jericho due
to its unique geographical location, climate, its flat land profile

and yearly received solar radiation. There are two general types
of electrical designs for PV power systems; the grid connected
system which interacts with the utility power grid and has no
battery backup capability; and standalone systems which
interact with the utility grid and include battery backup as well
[1]. A grid connected system is designed to operate in parallel
with the electric utility grid and can range from small
residential and commercial rooftop systems to large utility
scale systems. On the other hand, standalone solar power
systems have been used for a long time in areas where no
public grid is available. Moreover, they operate through energy
saving by charging a bank of batteries [2].
Hamrouni [3] developed a numerical model using MatlabSimulink to study the effects of the grid connected PV system
on the grid. The proposed methods aim to improve the quality
of power by injecting the generated power into the grid at unity
power factor and a current with low harmonic distortion.
Maammeur [4] conducted a comprehensive literature review
for the grid connected PV system and then conducted an
economic and technical analysis for the cattle farms in the
Chlef district (North-west of Algeria). Kazem [5] presented an
economic analysis and optimum design for PV standalone
pumping system for rural areas in Oman. Maghalseh [6]
studied the optimum sizing and location for the PV systems to
improve the voltage profile and reduce losses in the grid. A
considerable amount of literature has been published on PV
grid connected and standalone systems [7-11]. Theses studies
analysed the economic, technical methods for integrating the
PV grid connected systems.
In this study, the design for grid connected and standalone PV
systems with the capacity of 1.5 MVA is examined. The sizing
of the system, optimum location, and the economic and
technical analysis were presented.
II. SOLAR ENERGY POTENTIAL IN JERICHO
Palestine has a high potential for solar energy generation due to
the high yearly received solar radiation in comparison with
neighboring countries. Fig.1 shows the values of global
irradiation in the Jericho industrial area (Lat. 31.84N, Long.
35.48 E, Alt. -294 m). The annual daily average solar
irradiation in Palestine is estimated to be 5.46 kWh/m2. The
average solar radiation during the winter season is
approximately 3.5 kWh/m².day and it exceeds 6.242
kWh/m².day during the rest of the year. The location of PV
plant in Jericho was chosen to be close to the new industrial

area in the southern east part of the city in order to cover part
of the expected industrial load in the region.
III. DESIGN OF PV ON-GRID POWER PLANT
The design of the system components is selected according to
the required peak power from the plant. The peak power is
estimated to be about 1.5MW. The panel generation factor
(PGF) is a common factor which is used to estimate the
required PV panel modules. It depends on the radiation
intensity, on the location and on sunshine hours.

inverters. Further, the first substation is fed from nine of type 1
inverters, each inverter is connected with 9 strings, each string
has 20 solar panels. The same procedure is repeated in the
second substation. Finally, the third substation is fed from 23
of type 2 inverters. Each inverter is connected with 5 strings,
each string includes 18 solar panels. Fig. 2 illustrates the PV
plant block diagram at the plant:
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Fig 1: Monthly average global solar radiation (kWh/m².mth) in Jericho.
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Fig.2. Grid connected PV system

Dec

(1)

IV. DESIGN OF 50KW STANDALONE PV SYSTEM:
The second design for the standalone PV system with the
capacity of 50 kW. Fig. 3 illustrates the block diagram for the
standalone PV system.

The total energy required from the PV plant in the industrial
zone in Jericho is approximately 7.2 MWh/day. Energy loss in
the PV system = 30%. Subsequently, the required energy from
the PV modules

E  1.3  7.2  9.36 MWh / day

(2)

By dividing the total energy required from the PV plant by the
PGF, the peak rating of the PV modules can be calculated:

Peak rating 

E
PGF

 9.36 MWh / 6.28  1.49 MW (3)

The number of PV modules required can be calculated as the
following:

N

Total Peak Power
Module Rated Power



1.49MW
320W

 4657

(4)

Two types of inverters were used in the design. The total power
peak for type 1 and type 2 are 50 and 27kW, respectively. The
main feeder connected to the plant is a 33kV feeder supplied
by the Jordanian connection point with a maximum capacity of
20MVA. Three substations were constructed in the plant. Each
station employed a step up transformer 0.4/33kV with rated
power of 630 kVA. Each transformer is fed from main AC
distribution board connected to the AC output of the on grid

Fig. 3. Standalone PV system.

The specifications of the batteries used in the system are: Total
battery watt hour used per day is 240kWh/day, battery loss is
15%, depth of discharge of battery is 50%, nominal battery set
voltage is110V, days of autonomy is 1. Using Mutlu Batteries
(2V 200Ah/ Cell), the battery capacity and total number of
batteries can be calculated as:

BC  Ah  =

total watt hours per day * days

 0.85 * 0.5 * battery

voltage 

3



240 *10 *1

 0.85 * 0.5 *110 

(5)

 5,134 Ah

Number of parallel sets 

Number of batteries in series 

5134
200
110V
2V

 26 sets

(6)

 55 batteries (7)

Total number of batteries  26  55  1430 batteries (8)

TABLE 2. 33KV LOAD DATA OF THE JERICHO GIRD.
Load Number
P (MW)
P.F
L1
1
0.98
L2
1
0.97
L3
8
0.95
L4
2
0.97
L5
10
0.98

V. INTEGRATION WITH THE GRID
Fig. 4 shows the integration of the PV plant to the 33kV grid
network. The network consists of 17 buses with a maximum
load of 22 MVA. Jericho is supplied by two main sources.
These are located at bus 1 and bus 4. There are two existing PV
plants connected on the network. The first is the Dead Sea
plant with a capacity of 720 kVA and located at bus 3 (PV1).
The second is the Industrial Area plant with a capacity of 300
kVA and located at bus 5 (PV2). The proposed location of the
new PV plant (PV3) is located at bus 6 with a proposed
capacity of 1.5 MVA.

As could be seen from Fig. 5, the voltage profile is enhanced
on buses located close to the proposed PV plant while the
profile enhancements decrease when moving closer to the
source buses. The maximum increase in voltage profile is 0.4%
which is satisfactory in our case. Furthermore, the maximum
increase in voltage profile depends on the situation of the load
under study. For instance, for larger penetration of PV plant,
the increase in the voltage profile will be greater. In addition,
from Fig. 6, one can clearly notice a decrease in power losses
from 0.7% on average for case1 to 0.39% for case4. This
means a 0.45% overall reduction in the total losses. Moreover,
the power flows at the system are illustrated in Fig. 7.
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TABLE. 1: 33 KV LINE PARAMETERS OF THE JERICHO GRID.
From Bus
To Bus
Length (m) R (Ω / Km) X (Ω / Km)
1
2
16,000
0.214
0.201
2
10
1,355
0.268
0.245
10
3
1,355
0.268
0.245
3
4
29,200
0.1038
0.101
3
4
29,200
0.1038
0.101
3
11
2,030
0.243
0.23
11
5
2,030
0.243
0.23
5
12
1,805
0.2267
0.215
12
6
1,805
0.2267
0.215
6
13
1,550
0.214
0.201
13
7
1,550
0.214
0.201
7
14
3,530
0.2853
0.265
14
9
3,530
0.2853
0.265
9
17
776
0.214
0.203
17
8
776
0.214
0.203
9
15
1,370
0.268
0.245
15
2
1,370
0.268
0.245
8
16
900
0.268
0.245
16
2
900
0.268
0.245

case4

1

Fig. 4. 33kV single line diagram for the Jericho electrical grid with the
proposed PV plant.

A simulation study was carried out using the Open Distribution
Source Simulator (OpenDSS) to simulate several cases of
network with the proposed PV plant generation. Four case
studies are considered under this study, these are: Case (1):
Study without PV plant and with minimum load. Case (2):
Study without PV plant and with maximum load. Case (3):
Study with minimum PV generation and with maximum load.
Case (4): Study with maximum PV generation and with
minimum load. All line parameters were gathered and
tabulated in Table 1. Further, Table 2. shows the load points at
Jericho city.

case 1

1.03

VI. ECONOMIC ANALYSIS
The aim of the financial analysis is to determine and compare
the profitability of the construction of the PV plant at Jericho
city. The financial analysis of the PV plant gives an evaluation
of potential additional or rising income and costs [12, 13].
Table 3 shows the analysis for constant costs analysis, while
the operation costs are illustrated in Table 4.
TABLE 3: INVESTMENT COST
Description
Quantity
Unit price $
Total cost of PV modules
5130
220
Total cost of inverters
40
3500
Design and engineering
1
20000
Civil works
1
980000
Installation labor cost
1
3000
Distribution transformers
3
15000
MV switchgear
1
60000
MV cables cost
1
5000
Total Investment cost
1,901,600
#
1.
2.
3.
4.
5.
6.
7.
8.

TABLE 3: INVESTMENT COST
Description
Production building costs, and water
Salary fund
Plant and equipment maintenance
Office costs
Other costs and land tax
Insurance
Source material
Total Operation Cost

Total price $
1128600
140000
20000
500000
3000
45000
60000
5000

Cost $
10,000
30,000
15,000
5,000
25,000
15,000
5,000
105,000

The main income of the project is provided by selling the
generated electricity to the distribution company. The amount
of the generated electricity from the PV plant is expected to be
3,427,350kWh/yr. The selling cost is expected to be around
0.094$ per kWh. However, the total income of the project is
expected to be around 323,694.17$ per year. Fig. 8 explains the
cumulative cash flow of the project during the life time of the
project which is expected to be around 20 years. The payback
period is expected to be 10.5 years and the Net Present Value
(NPV) is about 606,804.86$. The Internal Rate of Return (IRR)
for the project during a 20 year lifespan is about 10%.

capacity 1.5 MVA and is designated to be installed in Jericho
City (the Industrial Area). The second system is a standalone
one with a 50 kW capacity and is located at the periphery of
Jericho. The factors that affect the design and sizing of the
systems have also been presented. Over- and under-sizing
energy have also been avoided to ensure an adequate, reliable
and economical system design. An economic analysis for the
on-grid system has been implemented and the results have
shown a positive NPV index. Several cases of load and
generation have been studied using the OpenDSS program and
the results have been compared with respect to voltage profile,
power flow and energy losses. The results have shown a good
enhancement in the total energy losses and voltage profile in
reference to load and generation capacity. The same procedures
could be employed and adapted to applications with larger
energy consumptions and could also be employed for other
geographical locations. However, the appropriate design
parameters of these locations should be taken into
consideration.
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Abstract— 3-phase induction motors are widely used in industrial
applications such as pumps, blowers, compressors, conveyors, etc.
In addition, one-phase motors also have domestic use. For this
reason, the design of the induction motor is of great importance.
During the design, according to the parameters given as input,
there are many situations that are contradictory to each other in
order to achieve the goal. For example, if high efficiency is
required, the motor size and the price will increase, and if lower
price is required, other performance characteristics should be
ignored.
In the practical design of an induction motor, the designer has to
comply with a number of constraints because of the large number
of input variables. For this reason manual calculation becomes a
very long and difficult process. To overcome this tiresome process,
it is necessary to create a computer aided program or simulation
model to determine the induction motor design parameters.
In this paper, a program for optimizing design of 3-phase
induction motors written in MATLAB is presented. The structure
of the program is modular and therefore can be modified for the
various requirements of the induction motor design. C0 constant
(output coefficient), one of the design parameters, also varies with
some other parameters. The most important ones are the specific
electrical loading coefficient and the specific magnetic loading
coefficient, making dramatic effect on the output coefficient. The
effect of the variation of the C0 constant on the performance of the
induction motor was investigated in the study. The obtained
results are given and interpreted in tables and graphs.
Keywords—Induction motor design, Output coefficient, Magnetic
loading, Electrical loading, Performance analysis

I. INTRODUCTION
Induction machines, which have the most widespread use in
today's industry, are usually manufactured as single or threephase motors. This machines are widely used in various fields
ranging from home applications to space technology. For this
reason, design of the motor is of great importance in practice.
During design, there are many inconsistent situations that are
contradictory to each other in order to achieve the desired result
according to the given characteristics. For example, if high
efficiency is required, the motor size will increase and the price
will increase. If lower prices are required, other performance
requirements are ignored. While induction motors are
examined, the effects of fundamental variables on motor
performance are found by using magnetic, electric and thermal

models. In the design of induction motors, motor geometry and
winding types which are effective in desired performance
values are determined. The obtained model in design includes
magnetic and electrical models [1].
The main specifications for the design of a three phase
squirrel cage induction motor are: rated output power,
frequency, voltage, speed, efficiency, power factor and full load
current etc. The standard specification for the design of an
induction motor are materials (lamination thickness, conductor
diameter), performance indexes (efficiency, power factor,
starting torque, starting current, breakdown torque),
temperature by insulation class, frame sizes, shaft height,
cooling types, service classes, protection classes, etc. are
specified in national (or international) standards (NEMA, IEEE,
IEC, EU, etc.) to facilitate the induction motor for various
applications. The main purpose of designing an induction
motor is to obtain the complete physical dimensions of all the
parts of the machine as mentioned below to satisfy the given
specifications [2].
 The main dimensions of the stator
 Details of stator and stator windings
 Design details of rotor and its windings
 Performance characteristics (Iron losses, copper losses,
efficiency, no load current, power factor) [3]
The stator and rotor dimensions are determined by
independent variables which are: stator slot height, stator tooth
width, rotor slot height, rotor tooth width, air-gap length, air
gap flux density, stack length, outer stator diameter, stator wire
size and electrical steel type. Besides the above independent
variables, the design involves some non-linear constraints
which concern mainly the motor performances. They are stator
winding temperature, rotor bar temperature, flux density in the
stator. The type of winding adopted in this design is the squirrel
cage type as it is simpler and economical, which consists of a
number of bars embedded in the rotor slots and connected at
both ends by means of end rings [2].
II. DESIGN PROCEDURE
To design the 3 phase induction motor of the stator, rotor,
end rings, and main parts of the induction motor is very difficult
by using the manual calculation or software. The design of the
induction motors is been well established, there are some areas
which require special care. The manual design is been a lengthy

calculation and if any change in the parameters needs to be
recalculated. This results in the time and effort is required by
the designer to do the calculations accurately. As an example,
after doing the calculations of an Induction motor design it is
observed that performance of the machine is not satisfactory
and dimension of the machine is uneconomical. To solve this,
the designer has to change some design parameters like
electrical loading, magnetic loading, insulation thickness etc.
Hence iterative calculation of the entire design procedure is
required to achieve a satisfactory result [4].

A. Output Coefficient for Induction Machines
As with all electric machines, the design process begins with
the calculation of the output coefficient in the induction motor
design. The general formulas for design are given below [5].
To calculate the relationship between the Dis2⋅L and the
machine power and performance, we start by calculating the
airgap apparent power Sgap,
(1)
S gap  3  E1  I1n
Also, the input apparent power S1n is
Pn
(2)
S1n  3 V1n  I1n 
n  cos 1n
where Pn is the rated output power and ηn and cosφ1n are the
assigned values of rated efficiency and power factor based on
past experience.
The emf E1 may be written as a function of airgap pole flux.
(3)
E1  4  f1  K f  W1  K w1  
where f1 is frequency, 1.11>Kf>1.02 form factor (dependent
on teeth saturation), W1 is turns per phase, and Kw1 is winding
factor, Ø pole flux.
(4)
  i    L  Bg
where αi is flux density shape factor dependent on the
magnetic saturation coefficient of teeth and Bg is flux density
in the airgap. The pole pitch τ is given in equation (5).
  Dis

(5)
2  p1
f  60
and the air gap apparent
The number of speed n1  1
p1
power are regulated as follows. Finally, Sgap is:
2  L  n1  A  B
S gap  K f  i  K w1   2  Dis
(6)
1 av
60
with A1 the specific electrically load (a⋅c/m):
6 W1  I1n
(7)
A1 
  Dis
where Bav the specific magnetic load (T),

Bav 


i    L

(8)

We might separate the volume utilization factor C0 (Esson’s
constant) as
60  S gap
C0  k f  i  K w1   2  A1  Bav 
(9)
2 Ln
Dis
1

C0 gives energy that can be taken in a minute from the unit
volume of the machine. It is a measure of how much you have
benefited from the material (kVA⋅minute/m3) [6].
C0 is not a constant as both the values of A1 (a⋅c/m) and
airgap flux density Bav increase with machine torque and with
the number of pole pairs. The Dis2⋅L output coefficient may be
calculated from (9) with Sgap from equations (1) and (2).
2  L  1  60  Ke  Pn
Dis
(10)
C0 n1 n  cos 1n
Typical values of C0 as a function Sgap with pole pair p1 as
parameter for low power induction motors is given in Fig. 1.
The Dis2⋅L output constant (proportional to rotor core
volume) is, in fact, almost proportional to machine rated shaft
torque. Torque production apparently requires less volume as
the pole pairs number p1 increases, C0 increases with p1.

Fig. 1 Esson’s constant C0 versus Sgap [5]

It is standard to assign a value λ to the stack length to pole
pitch ratio:
L 2  L  p1
 
0.6    3.0
(11)
   Dis
The stator bore diameter Dis may now be calculated.

Ke  Pn
2  p1 1 p1

 
(12)
   C0 f1 n  cos 1n
This is a standard design formula. However, this value is not
enough to obtain the total volume of the machine. For this, the
stator outer diameter value Dout is standardized in most motor
designs.
2  p12
K e  Pn
1
1
(13)
Dout 



   C0  f1 n  cos 1n Dis  f0  Dis 
After designing the main dimension of the induction motor,
stator slot design, rotor slot design, coil design, shaft design,
frame design and etc. design are performed. Details of these
designs are given in reference [5, 7, 8]. The general crosssection view of the designed motor [9] and the details of the
stator and rotor slot structures are given in Figures 2 a, b and c.
Dis  3

Fig. 2 a) Cross-section of the motor, b) rotor slot construction c) Stator slot construction

B. The Effect of Magnetic and Electrical Loading Coefficients

The first step in the design of rotating electric machines is to
obtain the expression Dis2⋅L. This expression is possible by
selecting appropriate values of specific magnetic and specific
electrical loading coefficient and this value is proportional to
the volume of the machine.
The total magnetic flux value in the machine's air-gap is
called total magnetic loading. The average flux density value in
the machine's air gap is known as the specific magnetic loading
Bav. Accordingly, the following equations can be written:
Total magnetic loading = p1⋅Ø Wb
The specific magnetic loading can be written as in Eq. (14).
p1  
Bav 
T
(14)
  D is L
The sum of the amper and conductors around the stator is
called the total electrical loading. The number of
amper⋅conductors per meter of stator circumference in the airgap is known as the specific electrical loading A1. Accordingly,
the following equations can be written:
Total electrical loading= I1n⋅Z amper⋅conductor
The specific electrical loading can be written as in Eq. (15).
I Z
A1  1n
Amper⋅conductor/metre
(15)
  Dis
Change of the specific magnetic loading Bav affects the
maximum flux density in the iron sections, the magnetizing
current, the power factor, the size of the machine, the overload
capacity, the stray load losses and the core losses [3, 7, 10].
Change of the specific electrical loading A1 affects the size
of the machine, overload capacity, temperature increase and
loss of copper in conductors [3, 10-12].
There are some papers in the literature that the magnetic
loading coefficient can be used between 0.3 - 0.65 T and the
magnetic electrical loading coefficient can be used between
5000 - 450000 a⋅c/m [2, 4, 13]. The designer can use these
values or use past experience to get approximate values for
these coefficients.
The advantages and disadvantages of high specific electrical
loading coefficient can be given as [2, 7, 12, 14-17].
Advantages:
 Small motor size
 Lower costs

Disadvantages:
 Higher use of copper
 More copper loss and stray load losses
 Smaller overload capacity
 High temperature increase
 Lower efficiency
 Increased number of conductors and accordingly
increased leakage reactance
The advantages and disadvantages of the high specific
magnetic loading coefficient can be given as [7, 12, 14, 17-19].
Advantages:
 Small motor size
 Lower costs
 Overload capacity increases
Disadvantages:
 Low power factor
 Low efficiency

C. Specifications of the Designed Motor
Designed motor specifications are [5]:
 Rated power: Pn [kW] = 5.5
 Synchronous speed: n1 [rpm] = 1800
 Line supply voltage: V1 [V] = 460
 Supply frequency: f1 [Hz] = 60
 Number of phases: m = 3
 Phase connections: Star
 Targeted power factor: cosφ1n = 0.83
 Targeted efficiency: ηn = 0.895
 Insulation class: F
 Temperature rise: class B
 Protection degree: IP55 – IC411
 Service factor load: 1.0
 Environment conditions: standard (no derating)
III. OBTAINED RESULTS AND DISCUSSION
The design values obtained by the written Matlab code are
given in Table I. When the results are examined, it is seen that
the obtained values support the reference motor values. It
shows that written in Matlab code is working correctly. The
algorithm for the design process is given in Fig. 20.

TABLE I
OBTAINED MOTOR PARAMETERS VALUES FROM MATLAB PROGRAM

PARAMETERS
Apparent Airgap Power
Stator Bore Diameter
Stack Length
Pole Pitch
Stator Slot Pitch
Stator Outer Diameter
Airgap Length
Stator Slot Number
Stator Winding Factor
The Pole Flux
Number Of Turns Per Phase
Number Of Conductors Per Slot
Airgap Flux Density
Rated Current
Magnetic Wire Cross Section
Magnetic Wire Diameter
Useful Slot Area
Stator Tooth Width
Stator Slot Lower Width
Stator Slot Upper Width
Stator Slot Useful Height
Airgap mmf
Stator Back Iron Height
Back Core Flux Density
Rotor Slot Area
Rotor Slot Pitch
Rotor Tooth Width
Rotor Slot Upper Width
Rotor Slot Lower Width
Rotor Slot Height
Rotor Back Core Height
Shaft Diameter
Nominal Torque
End Ring Depth
End Ring Length

VARIABLES

UNIT

Sgap
VA
Dis
m
L
m
to
m
tos
m
Dout
m
g
m
Ns
Kw1
fi
Wb
W1
turns/phase
ns
turns/slot
Bg
T
I1n
A
Aco
m2
dco
m
Stator Slot Sizing
Asu
m2
bts
m
bs1
m
bs2
m
hs
m
Fmg
Aturns
hcs
m
Bcs
T
Rotor Slots Sizing
Ab
m2
tor
m
Btr
m
d1
m
d2
m
hr
m
hcr
m
dshaft
m
Ten
N.m
bb
m
aa
m

The Magnetization Current
F1m
Aturns
Imu
A
Resistances and Inductances
Stator Phase Resistance
Rs
ohm
Rotor Cage Resistance Reduced To The Stator
RrS1
ohm
Stator Phase Leakage Reactance
Xs1
ohm
Equivalent Rotor Bar Leakage Reactance
Xbe
ohm
Rotor Leakage Reactance
Xr1
ohm
Rotor Resistance
RrSn
ohm
Equivalent Rotor Leakage Reactance
Xr1Sn
ohm
Magnetization Reactance
Xm
ohm
Losses and Efficiency
Stator Winding Losses
Pcus
W
Rotor Cage Losses
Pcur
W
Stator Tooth Weight
Gt1
Kg
Stator Teeth Fundamental Losses
pt1
W
Yoke Weight
Gy1
Kg
Stator Back Iron Fundamental Losses
py1
W
Total mmf
Magnetization Current

REFERENCE
VALUES [5]
7181.8
0.1116
0.1315
0.0876
9.734 10-3
0.18
0.3111 10-3
36
0.9019
5.878 10-3
186.8
31.33
0.726
9.303
2.06733 10-6
1.622 10-3

OBTAINED
VALUES
7181.8
0.1114
0.13124
0.087491
9.7212 10-3
0.17967
0.31182 10-3
36
0.9019
5.8592 10-3
187.21
31.2
0.728
9.2927
2.0651 10-6
1.6215 10-3

155.7 10-6
4.75 10-3
5.42 10-3
9.16 10-3
21.36 10-3
242.77
10.34 10-3
1.456

154.88 10-6
4.7563 10-3
5.4012 10-3
9.1309 10-3
21.315 10-3
243.45
10.322 10-3
1.4549

81.65 10-6
12.436 10-3
5.88 10-3
5.70 10-3
1.2 10-3
20⋅10-3
13.55 10-3
35.9 10-3
29.77
24.445 10-3
10.02 10-3

81.67 10-6
12.429 10-3
5.8909 10-3
5.7696 10-3
1.697 10-3
18.07 10-3
13.529 10-3
39.032 10-3
29.774
24.533 10-3
9.9734 10-3

853.68
3.86

880.67
4.0169

0.468375
1.1295
2.17
3.1877 10-4
3.6506
0.709
3.938
66.70

0.46808
1.1512
2.1937
3.2123 10-4
3.6284
0.84353
2.418
63.921

121.607
137.417
4.0168
36.45
5.877
45.145

121.26
163.13
4.0072
36.376
5.7154
43.951

Fundamental Iron Losses
Rotor Teeth Weight
Tooth Flux Pulsation Core Loss
Total Core Loss
Total Losses
Efficiency

TABLE II
COMPARISON OF BAV, A1 AND C0 VALUES

Chosen
0.67
30300
147000

Calculated
0.7
29825
146980

% Difference
4.47 %
-1.56 %
-0.013 %
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Fig. 7 Change of Bav and rotor slot sizing

In this case, the specific electrical loading coefficient A1 is
kept constant at 30300 (a⋅c/m), and the specific magnetic
loading coefficient Bav is increased from 0.3 (T) to 0.8 (T). The
obtained results are given in Figs. 5-9.
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88.835
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20
Rt. Slot Sizing (mm)

After the design process has been completed, the values of
Bav, A1 and C0 are calculated using equations (14) and (15). The
comparison of the selected values at the beginning of the design
procedure with the calculated values are given in Table II.
When the results are examined, it is seen that all three obtained
values are close to each other.
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Piron1
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Fig. 6 Change of Bav and stator slot sizing
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Due to the increase of the specific magnetic load coefficient,
a decrease in the motor dimensions has occurred. The reduction
in outer diameter, caused a reduction in the height of the stator
back core. This has resulted in an increase in the value of back
core flux density. Stator and rotor slot sizes have also changed.
A certain amount of increase in reactance and resistance values
has occurred. The decrease in motor size results in a decrease
in core weight. Despite the increase in magnetic flux density

values, iron losses are reduced. The increase in the used number
of conductors resulted in an increase in copper losses.
In this case, the specific magnetic loading coefficient is kept
constant at 0.67 (T), and the specific electrical loading
coefficient A1 (a.c/m) is increased from 10000 to 35000. The
obtained results are shown in Figs. 10-14.
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B. Case 2: Change of the A1

2,7

The increase in the value of the electrical loading coefficient
led to a decrease in the motor outer diameter, inner diameter
and package length. This has also caused changes in the stator
and rotor slot values of the motor.
In addition, the number of windings has increased in order
to be able to provide the required amper⋅conductor number.
This is led to an increase in copper loss.
It is seen that the equivalent circuit parameters also increase
due to the increase of the number of windings. Core losses have
led to a great decline in the case of decline in motor size and
the decrease in core weight. Efficiency value is almost the same.

C. Case 3: Change of the Bav and A1
In this case, both the specific magnetic loading coefficient
Bav value and the specific electrical loading coefficient A1 value
are increased. The results obtained are shown in Figs. 15-19.
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IV. CONCLUSION
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Abstract— In this study, performances of conventional PID and
fractional-order PID (FOPID) controllers are investigated on a
second order plus dead time (SOPDT) benchmark system. In
order to obtain a detailed performance analysis, parameters of the
proposed controllers are optimized by multi objective particle
swarm optimization (MOPSO) method instead of using classical
PSO algorithm with an aggregation performance function. Both
of the integral of squared error (ISE) and integral of absolute
error (IAE) performance metrics are used as objective functions
and transient response characteristics of the controlled system are
considered. Validation of the MOPSO-PID and MOPSO-FOPID
controllers are performed with numerical simulation in MATLAB
platform. The simulation results show that the MOPSO-FOPID
controller provides better performance characteristics than the
MOPSO-PID controller.
Keywords— Multi objective particle swarm optimization,
Fractional order PID controller, Classical PID controller,
Transient and steady-state analysis, Benchmark system

I. INTRODUCTION
Control engineers aim to design controllers which ensure
desired transient and steady-state system responses with
improved efficiency, quality and stability margin. One of the
most frequently used classical controller type is proportionalintegral-derivative controller (PID). Thus, approximately 90%
of the control systems use the PID controller and its different
combinations [1]. The main factor of this high preference is
simplicity of the controller structure and its good stability [2].
However, PID controller is insufficient to control the systems
with uncertainties, nonlinearities and complex dynamics.
Fractional calculus has become popular in a wide application
area such as biology and biomedical, economics, sociology,
and control engineering etc. [3]. Fractional-order PID (FOPID)
controller based on fractional calculus is extended version of
the classical PID controller. The ability of calculation of
fractional order derivative and integral operators provide more
sensitive control action and more accurate system modelling.
The abovementioned controllers have controller parameters
which should be optimally tuned in order to improve the
controller performance. PID controller has three parameters:
proportional constant (KP), integral constant (KI) and derivative
constant (KD). Addition to PID controller parameters, FOPID
controller has two more parameters which are the non-integer

order of the integral operator (λ) and the derivative operator (µ).
These extra parameters make controller design process more
difficult.
Frequency response and analytical methods such as lambda
tuning, pole placement and state-space design have been
introduced in literature for design process of PID and FOPID
controllers [4-6]. Since numerical based design methods
require complex and concerned mathematical operations,
researchers have become to use meta-heuristic optimization
algorithms which are frequently used in recent years. Particle
swarm optimization (PSO) [7, 8], genetic algorithm (GA) [9,
10], ant colony optimization (ACO) [11, 12], cuckoo search
algorithm (CSA) [13], flower pollination algorithm (FPA) [14]
and artificial bee colony algorithm (ABC) [15] are some of the
heuristic optimization algorithms used to find optimal PID and
FOPID controller parameters. In above studies, algorithms use
single or aggregation objective functions which improve
system response in one direction or consider the system
response for a single characteristic property. Whereas,
parameter tuning process of PID and FOPID controllers is a
multi-objective optimization problem [16].
Recent years, growing attention in controller design process
has been paid to multi-objective optimization algorithms due to
their successfully solving capacity of the multiple-objective
functions. One of these algorithms is multiple-objective particle
swarm optimization (MOPSO) algorithm. Single objective
function is considered in original PSO algorithm [17]. Whereas,
more than one objective function can be utilized in MOPSO. In
this study, MOPSO algorithm described in [18] is employed in
controller design processes. Proposed MOPSO algorithm
incorporates pareto dominance, repository term and mutuation
operator into single objective PSO algorithm in order to handle
multiple-objective optimization problems [18].
In this study, we investigated performances of MOPSO
based PID and FOPID controllers for a second order plus death
time transfer function. The proposed optimization algorithm is
employed for several times and the controller parameters for
PID and FOPID controllers are selected according to the best
obtained pareto front of the objectives IAE and ISE. The
transient response characteristics of the controllers are
compared to each other. The controller parameters providing
optimal value in pareto front curve are used in simulations.

II. CONTROLLER TYPES
In this section, PID and FOPID control structures are
described, respectively.
Despite developed more than 100 years ago, PID controller
and its combinations have been still used in many control
problems because of its advantageous such as simplicity,
functionality, applicability, and easy of use [19]. A classical
PID controller has three terms which are proportional, integral,
and derivative. Proportional term with proportional gain (KP)
provides an overall control action proportional to error signal.
Integral term with its gain (KI) has effect on steady-state error.
Derivative term with gain (KD) improves the transient response
of the system to be controlled [19]. Parallel form transfer
function of a PID controller is given below.

G PID (s)  P  I  D  K P 

KI
 K Ds
s

(1)

Block diagram representation of a parallel form PID
controller is also shown in Fig. 1.
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The Laplace transformation of (2) is given below:
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The transfer function of a parallel form FOPID controller is
as follow.

G FOPID (s)  P  I  D  K P 
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(5)

In above equation, if (λ, μ) values are chosen as (1,0), (0,1),
(1,1), and (0,0), the classical PI, PD, PID and P controllers are
obtained, respectively. Block diagram representation of a
parallel form FOPID controller is also given in Fig. 2.
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Fig. 2 Block diagram presentation of a parallel form FOPID controller
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In this study, fractional order modelling and control
(FOMCON) toolbox is used in simulation studies [22]. In our
simulations, for approximation to fractional operators,
frequency range is selected as [wb, wh] = [0.001, 1000] (rad/s)
with approximation order N=5.

U(s)

Fig. 1 Block diagram presentation of a parallel form PID controller

where E(s) and U(s) are the error and control signals,
respectively.

B. Fractional-Order PID Controller
As a generalized form of a classical PID controller, FOPID
controller is firstly introduced by Podlubny [20]. Addition to
PID parameters, it has an integral operator with non-integer
order (λ) and derivative operator with non-integer order (µ)
which provide more design flexibility to the controller.
Riemann-Liouville, Grunwald-Letnikov, Caputo and Cauchy
are some of the common definitions of fractional order calculus
[21]. Riemann-Liouville derivative definition of order α of
function f(t) is given by the following equation:

r Dt f (t ) 

(3)
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A. Classical PID Controller
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The rest of this paper is organized as follows. Section 2
presents proposed controller types. MOPSO algorithm is given
in Section 3. Simulation and optimization results are described
in Section 4. Finally, conclusion is discussed in Section 5.
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where n is an integer, n-1< α < n and Γ(z) is the Gamma
function defined by:

III. MULTIPLE-OBJECTIVE PARTICLE SWARM OPTIMIZATION
MOPSO is the extension of the classical single objective
PSO algorithm for solving multi-objective problems.
Definition of multi-objective optimization term is the
optimization of more than one objective function
simultaneously for a problem by generating the Pareto optimal
solutions. In [23], Pareto-optimality approach is claimed to the
most suitable multi-objective optimization approach due to its
ability of less computation time. The implementing steps of the
MOPSO algorithm proposed in this study are given as follows
[18]:
1) Initialize the population (pop) with randomly assigned
values of speed (vel) and position vectors and evaluate the
fitness of each particles.
2) Store the locations of the non-dominated solutions in
repository (rep) folder and select (gbest) from this folder.
3) Initialize the archive memory of each particle
(pbests(i)=pop(i)), where i is the number of particles.
4) Calculate the speed of each particle:

vel(i)  w  vel(i)  r1 (pbests(i)  pop(i))
 r2  (g best  pop(i))

(6)

where w(=0.4) is the inertia weight, r1 and r2 are the random
numbers in the range of [0, 1].
5) Calculate new positions:

pop(i)  pop(i)  vel(i)

(7)

6) Evaluate fitness each of the particles in (pop).
7) Update memory archive of each particle and repository
folder.
8) Go to step 4 and repeat the steps until stopping criterion
is met.
MOPSO algorithm is employed to find optimal FOPID and
PID controller parameters by considering simultaneously both
of the IAE and ISE objective functions. ISE and IAE are
commonly used performance metrics in control systems. ISE
and IAE are defined as:

obj1  ISE 

t end

 e(t)

2

dt

(8)

e(t)dt

(9)

the performance metrics are obtained by using FOPID
controller.
The controller parameters satisfying the optimal nondominated solution for proposed controllers are given in Table
I with the step response transient-characteristics: settling time
(ST, threshold 5%, ), rising time (RT, from 0% to 100% ),
maximum percentage overshoot (MO%), settling minimum
value (SMV) and performance measurement results of the
considered objective functions.
Objective
functions

Ref.

+ e
-

ISE
MOPSO
IAE
Controller
types

Controller
parameters

u

SOPDT

y

PID: KP, KI, KD
FOPID: KP, KI, λ, KD, µ

Fig. 3 Schematic presentation of the optimization process of the controllers

0

obj2  IAE 

t end


0

where e is the error signal and tend(=20s) is the simulation
time.
IV. SIMULATION RESULTS
As emphasized in [24], most of the high order processes can
be modeled by using a first order plus dead time (FOPDT) or a
second order plus dead time (SOPDT). So, we use a SOPDT
benchmark system given below.

G P (s) 

1
es
(s  1) 2

(10)

Fig. 4 The best five non-dominated solutions of FOPID controller

In simulations, PID controller filter coefficient is selected as
100, and sampling time (TS) is 1ms. A schematic presentation
of the optimization process of the controller parameters is
depicted in Fig. 3.
MOPSO algorithm is employed for several times and the
obtained best five results are illustrated for FOPID controller in
Fig. 4 and PID controller in Fig. 5. The controller parameters
are selected to the best solution within the best five iterations.
The best Pareto optimal front with optimal objective function
values of FOPID and PID controllers are given in Fig. 6 and
Fig. 7, respectively.
The step response results of the controllers are shown in Fig.
8. As seen from the system responses, FOPID controller
provides better transient-response characteristics than PID
controller except maximum overshoot of which value is so
close to each other for both of controllers. Also, lower value of
Fig. 5 The best five non-dominated solutions of PID controller

TABLE I

OPTIMIZED CONTROLLER PARAMETERS, TRANSIENT-RESPONSE CHARACTERISTICS AND OBJECTIVE FUNCTION VALUES FOR PID AND FOPID CONTROLLERS

Controller
types
FOPID
PID

Controller parameters
KP
2.4787
1.3795

KI
0.7284
0.7201

λ
1.0463
-

KD
1.4409
1.2828

µ
1.3997
-

Transient-response
characteristics
MO
RT
ST
SMV
12.93 0.8245 6.5917 0.9347
10.15 1.1485 6.7702 0.8965

Objective
functions
IAE
ISE
1.5797 1.1536
1.8756 1.3454

Fig. 6 The best Pareto front for FOPID controller
Fig. 8 System responses with FOPID and PID controllers

Also, transient response characteristics of FOPID controller
are better than PID controller in terms of settling time, rising
time, settling minimum value except the maximum percentage
overshoot of which value is so close to each other.
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Abstract— In this study, a new triple output second-generation
current conveyor (TO-CCII) based second-order current-mode
(CM) universal filter is proposed. The proposed universal filter
can simultaneously realize low-pass, band-pass, high-pass and
notch filter responses. Moreover, it can provide all-pass responses
with interconnection of notch and band-pass currents. One of the
main advantages of the proposed universal filter is to include only
grounded passive components which are advantageous from
integration point of view. It consists of a canonical number of
capacitors, which is important for chip area. Also, it can provide
high output impedance currents; accordingly, it can be easily
connected with other CM structures. Frequency dependent nonideal gain effects on the proposed filter performances are
investigated. However, its input impedance is not low and a single
resistive matching condition is required for the notch and all-pass
responses. Simulation results based on 0.13 μm CMOS IBM
technology parameters are given for the proposed universal filter
through SPICE program. Power dissipation of the proposed
universal filter is approximately found as 2 mW.
Keywords— Second-order, current-mode, universal filter, CCII,
CMOS.

I. INTRODUCTION
Analog filters [1-11] find wide application areas such as
signal processing, control engineering, telecommunications
and etc. They can be categorized in integrated circuits (ICs)
such as voltage-mode (VM), current-mode (CM),
transadmittance-mode, transimpedance-mode and microwave
filters. CM filters have several advantages on their VM ones for
example the use of a smaller number of active elements, good
linearity, wide bandwidth and great dynamic range [12].
Second-generation current conveyor (CCII) was previously
presented in [13]. As a current-mode (CM) active device, CCII
has better linearity, wider band-width, greater dynamic range,
etc. when compared to its voltage-mode counterparts such as
operational amplifiers [14].
Some CM universal filter configurations [1-3, 5, 7, 9, 10]
have a capacitor connected to X terminal of the CCII; their high
frequency performances are limited. The universal filter in [4]
uses four DO-CCIIs. The filter configurations in [6] and [8]

have three inputs single output so they do not simultaneously
provide low-pass (LP), band-pass (BP), high-pass (HP) and
notch filter (NF) responses. Also, a CM universal filter
configuration in [11], which has one input and two output
terminals, employs a differential voltage current conveyor
(DVCC) and a triple output CCII (TO-CCII).
In this paper, a new TO-CCII based second-order CM
universal filter is proposed. The proposed universal filter can
simultaneously provide LP, BP, HP and NF responses.
Furthermore, it can realize all-pass (AP) responses with
interconnection of notch and band-pass currents. One of the
main advantages of the proposed universal filter is to use only
grounded passive elements which are advantageous from
integration point of view. It is composed of a minimum number
of capacitors, which is important for chip area. In addition, it
can realize high output impedance currents; thus, it can be
easily connected with other CM topologies. No capacitor is
connected to X terminal of the TO-CCIIs; thus, the proposed
universal filter can be operated at high frequencies [15].
Frequency dependent non-ideal gain effects on the proposed
filter performances are investigated. Nevertheless, its input
impedance is not low and a single resistive matching constraint
is required for the notch and all-pass responses. Simulation
results based on 0.13 μm CMOS IBM technology parameters
[16] are given for the proposed universal filter through SPICE
program. Power consumption of the proposed universal filter is
nearly computed as 2 mW through SPICE simulation program.
II. THE PROPOSED UNIVERSAL FILTER
TO-CCII is an active element with five terminals. The
electrical symbol of the TO-CCII which is indicated in Fig. 1 is
expressed by the following matrix equation:
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Fig. 1 The electrical symbol of the TO-CCII

Here, β is frequency dependent non-ideal voltage gain which
is ideally equal to unity. α, γ and η are frequency dependent
non-ideal current gains which are ideally equal to unity.
The proposed second-order CM universal filter is
demonstrated in Fig. 2. Ideally, the proposed filter with R1 = R2
can respectively provide the following LP, BP, HP, NF and AP
transfer functions (TFs):
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From equation (6), ωon and Qn are respectively computed as
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III. SIMULATION RESULTS
Simulations of the proposed universal filter in Fig. 2 are
performed by SPICE program in which 0.13 µm IBM CMOS
technology parameters [16] are used. The internal structure of
the TO-CCII derived from one in [17] is given in Fig. 3. The
symmetrical DC power supply voltages are chosen as ±0.75 V.
Also, bias voltage VB in Fig. 3 is chosen as 0.37 V. Dimensions
of the MOS transistors of the internal structure in Fig. 3 are
given in Table 1.
Passive components of the proposed universal filter in Fig.
2, R1 = R2 = R3 = R4 = 1 kΩ (the effect of parasitic impedance, RX
is included), and C1 = C2 = 100 pF resulting in fo ≅ 1.59 MHz
and Q = 1 are chosen in all the simulations. Therefore, ideal and
simulated low-pass, band-pass, high-pass and notch TFs are
shown in Fig. 4.
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where Dn(s) is evaluated as
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From equation (3), angular resonance frequency (ωo) and
quality factor (Q) are respectively calculated as
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Fig. 2 The proposed second-order current-mode universal filter employing
only grounded passive components
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Fig. 3 Internal structure of the TO-CCII derived from one in [17]
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Ideal and simulated gain and phase responses of the all-pass
filter are demonstrated in Fig. 5. Time domain responses for the
all-pass filter are depicted in Fig. 6 where a sinusoidal current
input signal with 50 μA peak at resonance frequency is applied.
Total harmonic distortion (THD) variations for the all-pass
filter with respect to applied peak input current signals at
resonance frequency are given in Fig. 7 in which a 1 kΩ resistor
is connected to the output. Moreover, input and corresponding
output noises for the all-pass filter versus frequency are
demonstrated in Fig. 8 where a 1 kΩ resistor is connected to the
output.
TABLE I
ASPECT RATIOS OF THE MOS TRANSISTORS

Transistor Type
PMOS transistors, M1-M8, M17
PMOS transistor, M9
NMOS transistors, M10-M16, M18

Fig. 7 Total harmonic distortion variations against applied peak input current
signals

Aspect Ratio (W / L)
41.6 µm / 0.52 µm
83.2 µm / 0.52 µm
13.0 µm / 0.52 µm

Fig. 8 Input and corresponding output noises for the all-pass filter against
frequency

IV. CONCLUSION
In this work, a new TO-CCII based second-order CM
universal filter employing only grounded passive elements
which are advantageous from integrated circuit point of view is
proposed. The proposed biquadratic universal filter can
simultaneously provide low-pass, band-pass, high-pass and
notch filter responses. It can also realize all-pass responses with
interconnection of notch and band-pass currents. Moreover, it
can realize high output impedance currents; thus, it can be
easily connected with other CM topologies. No capacitor is
connected to X terminal of the TO-CCIIs. Therefore, the
proposed universal filter can be operated at high frequencies.
Nonetheless, its input impedance is not low and a single
resistive matching condition is needed for the notch and allpass responses. Simulation results based on 0.13 μm CMOS
IBM technology parameters confirm the theory well.

Fig. 4 Ideal and simulated low-pass, band-pass, high-pass and notch transfer
functions

Fig. 5 Ideal and simulated gain and phase responses of the all-pass filter
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Abstract— The Internet of Things (IoT) that has emerged and is
being used as a result of needs and technological developments is
one of the most important issues in recent years. Unmanned
Aerial Vehicles (UAV), which can be controlled by autonomous
or remote control, can be used in many areas and tasks. Multi
UAV systems using multiple UAVs and swarms provide great
advantages in these tasks. Tasks that are difficult or impossible
to accomplish can be performed more efficiently, reliably and
cost-effectively way by using multi UAVs. The facilities offered
by the IoT devices are very convenient and useful for the UAV
systems. The data can be retrieved and processed and sent to the
required units with remote controllable smart IoT devices and
sensors equipped on the UAV. So, the coordination for multi
UAV systems is very important and a very good central
coordination system needs to be created and used. For reasons
such as savings, task execution and security, UAV selection, task
distributions, task plans, task energy consumption and task roots
must be predetermined. In this paper, it is first described how to
configure a UAV equipped with IoT components, after that,
design and simulation results are presented to show how to
create and coordinate multi UAVs equipped with IoT. In
particular, the consequences of examining the advantages to be
gained by the use of IoT components in UAV swarms that will be
used in the future are significant. Accordingly, in the study,
various scenarios are established and the results are assessed to
communicate the data obtained from the IoT component on each
UAV with the data obtained from the IoT components on the
other UAVs in UAV swarm, to combine them with each other or
to coordinate task coordination of UAVs according to each other.

their surroundings, their positions and their tasks during the
flight. As the level of autonomy increases, UAVs become
more intelligent systems that can fulfil their assigned tasks on
their own. Apart from the correct fulfilment of tasks, proper
design algorithms and scenarios need to be realized in multi
UAVs where they can perceive their positions and
environments, make correct decisions in the face of problems
and threats, synchronize with each other and make the right
manoeuvres [1-5].
TABLE I
THE MOST COMMON IOT APPLICATION AREAS

1.
2.
3.
4.
5.
6.
7.
8.
9.
10.
11.
12.

IoT Application Areas
Smart Cities
Smart Houses
Public Sector
Health
Business
Social Life
Energy
Transportation
Environment
Security
Industry
Agriculture

For the UAV coordination, there is a need for a structure
consisting of a ground control station, a specialist person in
Keywords—Multi UAVs, UAV swarm, IoT, IoT devices, UAV charge, necessary interfaces and equipment. Topics such as
which plane will fly, which task will be done, correct selection
coordination
according to load and power information are the main items to
I. INTRODUCTION
be taken into consideration during coordination. Multi UAVs
Thanks to the internet that we use frequently in every area used by different control stations for different tasks can be
of our life the fact that the objects functioning independently interoperable when needed. For this reason, in multi UAV
are in communication with each other in a network system is group it is essential to ensure good synchronization of the
increasing due to technological developments. In general, the vehicles. Ensuring data transmission and sharing between
term "Internet of Things" means that every object that can be them and taking security criteria into consideration will
called smart is connected to other objects, devices and systems provide great benefits during the mission. So, establishing a
by using various technologies. The most common areas of use reliable communication network for multi UAV coordination
for IoT are given in Table 1. Many different data received by and data security is also very important and necessary.
sensor based devices can be transferred to phone, pc or tablet Coordination, communication, task distribution and route
can be evaluated and then necessary operations can be determination cannot be easily performed in the design stage
performed and controlled if necessary. In addition to this, of multi UAV systems and a good control system needs to be
UAV also provides a good environment on air for IoT systems, created [6-12].
There are many studies that are offered various solution
even for temporary duration. If the UAVs are equipped with
approaches for multi UAV systems. In [13] an active detection
IoT devices, it is possible to fulfil more different tasks.
UAVs equipped with IoT devices can communicate with and guidance algorithm has been constructed using vector
each other and perform more than one task appropriately. In field guidance. The proposed methodology has been first
doing so, they need to be able to provide information about applied to track a group of multiple moving targets with a

single UAV, and then a group of moving targets have been
monitored with multi UAV. For this, a non-optimal two-stage
solution has been proposed. The UAV dynamic model, sensor
and target models have been given and the proposed approach
has been evaluated by numerical simulation. In [14], the
evaluations and comparisons have been made for the
efficiency of Multi UAV cooperation. It has been stated that
there are three architectures for cooperation. In terms of
productivity, comparisons have been made between the two of
these three architectures for the amount of collaboration time
consumption and collaboration data. In both, time
consumption and data amount values have been determined
and compared with the experimental results. Based on the
obtained results, it has been stated that the workflow based
architecture was more advantageous in terms of collaboration
efficiency.
Furthermore an integrative UAV-based IoT platform has
been presented in [15]. Here, face recognition has been aimed
at the crowd, in which open source computer vision local
histogram method was used. The surveillance with crowd
surveillance with UAVs has been aimed to detect the
suspicious people through facial recognition methods. The
offloading comparison between the local processing of video
data in the UAV and the processing of video data in the MEC
node has been studied. A testbed with local processing and
MEC node has been designed. Ten different videos have been
used in which different people could be considered crowded.
The MEC node has been said to be advantageous in the
offloading process and UAV's energy consumption and travel
time. In [16], large regions have been divided into small cells
and IoT sensors were placed in these cells. UAVs have been
used to collect information from these sensors. The cells have
been divided into three classes: the forbidden cells have been
thought to have not passed by the UAVs, they have been
flown over the data collection cells and have been completed
their journey through the flight cells. The genetic algorithm
has been used to maximize the multi objective function
formulated to find the best flight path of the UAV and the
optimal flight path has been given when the simulation results
have been examined.
An integrated selection platform using appropriate UAVs
according to certain criteria has been introduced to fulfil a
designated IoT task in [17]. Two problem optimization
solutions have been formulated and simulated for two
selection criteria, which have been defined as abbreviation of
energy consumption and flight times of UAVs. It has been
stated that the desired solution was more efficient and the
performance was high. The developed algorithm has been
performed the UAV selection performance according to two
criteria. These were the number of UAVs and UAV flight area.
According to both criteria, simulation results have been
obtained in terms of energy consumption and process time. A
platform for using UAV to monitor a smart city has been
proposed in [18]. This platform has been consisted of four
components: the UAV, the operator, and the client and cloud.
The main elements that make up the platform were cloud
platform connections and machine connection architecture.

Appropriate applications for smart cities have been
emphasized and opinions have been presented. These
applications were in terms of agricultural incidents
surveillance and security surveillance. Additionally the
benefits to be provided in these areas have been mentioned.
Motlagh at al. proposed a mechanism for the UAV to be
able to connect to multiple mobile networks and to select
between them. This connecting steering mechanism has been
aimed to select the network with the best signal power and
also to increase the network security. UAV movements have
been imitated, a real test bed has been designed to analyse
performance. The performance and efficiency of the
mechanism have been evaluated with this test bed. It has been
determined that the modems used do not significantly affect
the UAV energy consumption. The obtained experimental
results have been given in the figures and it has been
determined that the mechanism always chooses the strongest
signal and remains in this network unless better is detected.
The rest of this article consists of four chapters. In the
second section, the IoT based UAV model is mentioned. In
the third section, the IoT based model is explained for multi
UAVs. The fourth section is the results and the fifth section is
the conclusion.
II. IOT BASED UAV MODEL
Since the main purpose for multi UAV systems is to collect
data, an UAV equipped with IoT can do this objective more
efficiently and appropriately. The different types of cameras
and sensors used for various purposes are the most important
devices among the IoT devices. A UAV equipped with such
devices can receive information with sensors instantly or real
time images with cameras.
When a task is specified, the most appropriate UAV or
multi UAV group is selected for this task. The most suitable
UAVs are selected and the number of UAVs is determined in
terms of position, hardware, IoT devices on the board and
energy-fuel level. It is not a correct and efficient practice to
assign too many UAVs to a given task. It is also not true that
the equipped IoT devices are kept open and ready. UAVs need
to use appropriate devices at the appropriate time and place.
This proper opening and closing operation provides a great
advantage in terms of power consumption.

Cellular
Networks
Wİ-Fİ

Satellite

UAV
Bluetooth

Zigbee

WiMAX

Fig. 1 Communication technologies used for data transmission in UAVs

UAVs offer different possibilities such as providing air
service for IoT, serving base station, providing a mobile
network to the region that is flown during flight.
Communication between the IoT-equipped multi UAVs is one
of the most challenging. For data transmission in UAV
systems, satellite communication such as SATCOM, cellular
networks such as 3G, 4G or WiMAX, Wi-Fi, Bluetooth,
Zigbee, etc., can be used taking into account certain criteria.
These criteria are; security, distance, data rate, cost, power
consumption, coverage, and limiting factors. They can use one
or all of these communication technologies at the same time.
The communication technologies used in UAVs are shown in
Fig. 1. IoT devices use machine type communication among
themselves or M2M technology to communicate directly with
each other or with cellular networks. During this data
transmission, there should be no delays, no overloading in a
network and no security problems. For these purposes
different communication design algorithms have been
considered and created [20-24].
III. MULTI UAV SYSTEMS EQUIPPED WITH IOT
Along with the widespread use of UAVs, multi UAV
systems that work together and provide great advantages have
begun to be used. A group of multi UAV can be divided into
different groups within themselves and UAVs within these
separate groups must be in communication with UAVs in their
groups, UAVs in other groups, ground stations and satellite
where necessary. For this reason they are connected to a
central unit and information about all UAVs (such as location,
IoT devices and energy levels) are collected in this unit. In
Fig.2, the connection between the multi-UAVs is given for
multitasking. In order for this information to be up-to-date and
to ensure proper coordination of tasks, communication
between them must be continuous.

Fig. 2 Multi UAV equipped with IoT for multitasking

After the task is completed and the necessary data is
obtained, the appropriate communication technology is
selected and the data is transmitted in the fastest, reliable and
effective way. The accordance, integration and coordination
between these communication services are also very important.
The unit in which the information taken from the UAVs is
collected may be linked to other central units and ultimately
all the data can be evaluated in a single main central unit. The
obtained data can be collected, stored and processed in a cloud.
UAVs can also be used as a mobile cloud, depending on the
type of task. In Fig. 3, the connection between ground stations,
central units and main central unit are shown.

Fig. 3 The connection between ground stations and central units

IV. RESULTS
The design of multi UAV systems is very difficult and
complex. The benefits of a single UAV that makes
observation on a large field are very different from the
benefits of many UAVs that make observation from different
altitudes and different angles on the same field. By developing
the technologies used for UAV systems, matters such as speed,
flight time, useful load carrying and fuel capacity, fuel-energy
saving, accident probability will be reduced.
When the results of previous studies are examined, the
increase in the number and variety of IoT devices used in
multi UAVs has a great deal of importance, especially in
terms of energy consumption and duration of task.
For example in [17], the number of UAVs, that is, the
number of equipped IoT devices, has been increased and the
UAV flight area has been kept constant, so that energy
consumption and duration of the task have been evaluated. As
the number of used IoT devices increases, better control has
been provided and therefore the energy consumption has been
reduced. In the same way, the task has been fulfilled in a
shorter time. However, if the UAV’s flight area has been
increased, the energy consumption and the duration of the task
have increased. Additionally in [15], it has been aimed to

detect the suspicious person in the crowd, UAVs have been
equipped with cameras as IoT devices and videos have been
obtained from these cameras. As the lengths of the video and
the number of people have been increased, the energy
consumption and the duration of the task have been increased.

[7]

V. CONCLUSIONS
The multi-use of UAVs that are widely used in terms of
today's technology and problems has become more necessary
and convenient. Although multi UAVs are very advantageous,
their designs are difficult and complicated. The ability to
collect data using IoT devices is further increased. A UAV
equipped with IoT devices can collect data and can connect
with other IoT devices, other IoT equipped UAVs and smart
devices, and the data can be shared faster.
There are
situations in which the presence of an IoT device in an UAV
is not sufficient for the task and the desired yield cannot be
achieved. For this reason, it is desirable to equip UAVs with
as many IoT devices and sensors as possible. But, as the
number of IoT devices equipped in the UAV increase, good
results are not obtained particularly in terms of energy
consumption. From this point of view, instead of increasing
the number of IoT devices in an UAV, it is more reasonable to
use multi IoT equipped UAVs. In this study, the studies in the
literature that investigating multi UAVs equipped with IoT
devices and their results have been evaluated. IoT based multi
UAV architectures, structures and task sharing have been
examined. It has been seen in the studies that have been
examined, especially in terms of task performance and energy
consumption, the use of multi-UAVs equipped with IoT
provides significant improvements.

[9]
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Abstract— After summarizing the standards used
worldwide in speech communications, this study examines the
signal processing attributes of the speech coding techniques.
The analysis by synthesis approach in the CELP (Code
Excited Linear Prediction) will be compared with the basic
linear prediction coding. Simulations of these techniques are
performed and their performances are evaluated in terms of
bit rate, coding delay, complexity and speech quality. This
study covers the speech coding approaches, compares two of
them and lets the reader comprehend some of the key issues
encountered in speech coding.
Keywords— Speech coding, standards, quality, bit rate,
linear prediction, CELP.

Nomenclature:
3GPP: Third Generation Partnership Project
ADPCM: Adaptive Differential Pulse Code Modulation
AMR-WB+: Adaptive Multi-Rate WideBand (extended)
CELP: Code Excited Linear Prediction
CEPT: Conference of Postal and Telecommunications
Administrations (European)
ETSI: European Telecommunications Standards Institute
GSM: Group Special Mobile
ITU: International Telecommunications Union
LPC: Linear Predictive Coding
PDC: Personal Digital Cellular
PSI-CELP: Pitch Synchronous Innovation CELP
RCR: Research Development Center for Radio Systems (in
Japan)
RPE-LTP: Regular Pulse Excitation Long Term Prediction
TIA: Telecommunications Industry Association
VSELP: Vector Sum Excitation Linear Prediction

I. INTRODUCTION
Speech has been the major target in all generations of
communication systems, as it is the most natural way of
communicating. Speech coding has been studied for more
than forty years. Based upon the theory of linear prediction
(LPC), there have been many progresses in modeling the
excitation signal for a better quality reproduced speech in
the source-filter model. LPC is the fundamental approach
to speech compression. Based on this approach, the sourcefilter model and its improved derivatives such as CELP
(Code Excitation Linear Prediction) have been developed.
There are some studies recently done on speech coding.
In [1], ACELP (Algebraic CELP) G.729 algorithm
simulations were implemented for introducing speech
coding to both undergraduate and graduate students in
Matlab. Another work was interested in CELP
implementation, as well as its performance evaluation in
terms of speech quality, bit rate and coding delay [2]. In
[3], CELP was implemented in LabVIEW for helping DSP
education. The other related study compares the CELP and
MELP speech coding techniques [4].
In this work, we first summarize the current speech
coding standards. Then we investigate the details of the
algorithms employed in these standards. They are
examined with a signal processing perspective; comparing
them in terms of bit rate, coding delay, complexity, speech
quality and etc.
Speech coding standards occupy an important place in
communication systems. Table I lists the common
standards and their properties [5-7].
According to Table I, we see that CELP based
techniques are preferred by the standard bodies. We see
that speech coding can be performed at bit rates between
0.8 – 40 kilo bits per second. Bit rate is calculated by the
number of bits used for representing (coding) the speech
frame of interest. The speech quality is at or near toll
quality. 300 Hz – 3400 Hz speech, sampled by 8 kHz is the
toll quality. It is equivalent to 32 kb/s ADPCM. On the
other hand, wideband speech is the speech sampled by 16
kHz (50-7000 Hz band). GSM quality is very near to 4.0 /
5.0 in the MOS (Mean Opinion Score) scale. MOS is ITU

P.800 standard. Complexity is the total operation load of
the encoder and the decoder. MIPS stands for Millions of
Instructions Per Second. They change between 1 – 40
MIPS. Finally coding delay is the time needed for the
coding and decoding processes. In this calculation, the
delay introduced by modems, channel coding and signal

propagation are not taken into account.
The organization of the paper is as follows. In Section II
we review the fundamentals of speech coding techniques.
In Section III is given the results of the Simulations.
Finally Conclusion is presented in Section IV.

TABLE I
SPEECH CODING STANDARDS AND THEIR PROPERTIES

Standard Body

Standard

Coding
Technique

Bit Rate
(kb/s)

Quality

Complexity
(MIPS)

Coding
Delay (ms)

CEPT

GSM

RPE-LTP

13

<toll

4.5

20

ETSI

GSM
½ Rate

VSELP

5.6

GSM

30

25

ETSI

3GPP

AMR-WB+

6.60-23.85

enhanced

≤40

28

TIA

IS-54

VSELP

7.95

GSM

20

25

TIA

IS-96

CELP

0.8-8.5

<GSM

20

25

RCR

PDC

VSELP

6.7

<GSM

20

25

RCR

PDC
½ Rate

PSI-CELP

3.45

<GSM

50

50

ITU

G.726

ADPCM

16-40

<toll

1

0.125

ITU

G.729

CS-ACELP

8

toll

≤22

15

ITU

G.723.1

ACELP

5.3

<toll

≤16

37.5

II. SPEECH CODING
In this section, we will cover the structures (block
diagrams) of the LPC and CELP methods.

A. LPC
LPC: Linear Predictive Coding is the basis of speech
coding. It depends upon estimating a speech sample
from its previous values with the help of a linear
combination employing suitable weights. The
corresponding equation is given in [1].
( )=∑

( − )+ ( )

( )=1−∑

(1)
(2)

Block diagram of the LPC encoder is shown in Fig.
1. Speech frames (of length 20-30 ms) are analyzed
through the V/ Uv (Voiced / Unvoiced) classifier. The
repetition period called the pitch period is estimated for
the voiced parts. After quantization, the parameters to
be sent to the receiver side are ready.

Fig. 1 Block diagram of the LPC encoder
Block diagram of the LPC decoder is shown in Fig.
2. Here, we try to generate the speech signal by using
the predefined excitation signals. For voiced parts, the
excitation is the periodic impulse train. For unvoiced
parts, it is random noise.

Fig. 2 Block diagram of the LPC decoder
The LPC synthesis filter is given in (3):

B. CELP

( )

=

∑

(3)

The main difference in CELP speech coding is the
linear prediction based analysis by synthesis (AbS)
approach. As can be seen from Fig. 3, the excitation is
selected from a codebook, then passed through long
term and short term synthesis filters, and after
perceptual filtering, is searched for minimum difference
from the original speech. Long term synthesis is for
finding the pitch period and short term synthesis is for
finding the formant structure.

Fig. 4 Block diagram of the CELP decoder [2]
The algorithm of the CELP method can be stated as
follows:
1- Segment the input speech into frames of length 2030 ms, in order to get closer to stationary form.
2- Find LPC coefficients for each frame, then convert
them to reflection coefficients.
3- Subdivide each frame into blocks of 5 ms, so that
each frame will be a group of 4 blocks.
4- For each subframe:
a- Initialize the contents of filters.
b- Find the lag (pitch period) that minimizes the
difference between the original and synthesized signal by
testing all possibilities of pitch inside the range [Tmin Tmax].
c- Find the best index k of Gaussian codebook that also
minimizes the difference.
d- Filter the codebook vector corresponding to the
index k found in step c- by pitch periods found in step b-.
5- Filter the vector resulted in step c- with LPC
coefficients found in step 2.
6- Repeat steps from 2 – 5 for each frame.
Perceptual weighting filter in Fig. 3 and the postfilter
in Fig. 4 are respectively for deemphasizing and
emphasizing the formants of the speech. Here the
purpose is to mimic the human auditory masking
features. The formula for perceptual filtering is given in
(4) below.

( )=

Fig. 3 Block diagram of the CELP encoder [4]

( )
( ⁄ )

=

∑

∑

(4)

The four attributes for speech coders are: quality, bit
rate, complexity and coding delay. In the following
section we will compare the quality of LPC and CELP
methods using the MOS scale and the complexity in
terms of processing time.

III. RESULTS AND DISCUSSION
Below are shown some of the results of the
simulation studies concerning LPC and CELP
techniques. In Fig. 5, LPC coded speech and its original
form are compared.

Fig. 7 Speech coding with CELP: general view
CELP is more successful in synthesizing the speech
as near to the original as possible. The focused view can
be examined in Fig. 8.

Fig. 5 Speech coding with LPC: general view
In Fig. 6, we compare the original and LPC coded
signals in a focused view. As can be seen, LPC tries to
catch the periodic structure in the speech though there is
a phase difference.

According to the MOS tests (20 testers), the average
score is 1.9 for LPC and 4.1 for CELP. Besides, as a
measure of complexity; the average processing time is
0.45 sec for LPC and 16.50 sec for CELP.

Fig. 8 Speech coding with CELP: focused view

Fig. 6 Speech coding with LPC: focused view
CELP coded speech are also generated and
examined. In Fig.7 can be seen a general view of the
CELP coded versus the original speech.

IV. CONCLUSION
In conclusion, after covering the speech coding
standards; this study analyzes and compares the theory
behind the two commonly used speech coding
techniques, namely LPC and CELP in terms of speech
quality, coding delay and bit rate. The simulations show
that CELP coded speech has much more quality (2.2
points better in MOS score) than LPC. On the other
hand, LPC is much more efficient (nearly 37 times
faster) than CELP.
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Abstract— In this paper, three lossless grounded inductor
simulators (GISs) derived from previously published lossy GISs
are proposed. All of the proposed lossless GISs use a minimum
number of passive components and different configurations of
active elements. Furthermore, the proposed lossless GISs do not
require any critical passive component matching conditions and
cancellation constraints, which are the main advantages of them.
The first design of the lossless GIS employs a plus-type four
terminal floating nullor (PFTFN) and a current negative
impedance converter (INIC) as active elements. The second
design of the lossless GIS consists of a plus-type third-generation
current conveyor (CCIII+) and an INIC as active components.
The third design of the lossless GIS is composed of a current
differencing current conveyor (CDCC) and a voltage follower
(VF) as active elements. As an application, a band-pass filter
including the first proposed lossless GIS is given. Simulation
results based on 0.25 μm CMOS TSMC technology parameters
are given for the first proposed lossless GIS and the band-pass
filter example through SPICE program. The power dissipations
of the first proposed lossless GIS and the band-pass filter
example are approximately found as 5 mW.

it is a well-known fact that lossless GISs find wide application
areas such as active filters, oscillator designs and etc.
In this paper, three lossless GISs are obtained from
previously published lossy GISs. All of the proposed lossless
GISs employ a canonical number of passive elements and
different configurations of active components such as current
negative impedance converter (INIC), PFTFN, CCIII+, CDCC
and voltage follower (VF). The first proposed lossless GIS
uses a PFTFN and an INIC. The second proposed lossless GIS
includes a CCIII+ and an INIC. The third proposed lossless
GIS contains a CDCC and a VF. All of the proposed lossless
GISs do not need any critical passive component matching
conditions and cancellation constraints, which are the main
benefits of the proposed lossless GISs. As an application, a
band-pass filter containing the first proposed lossless GIS is
given. Moreover, the simulation results based on 0.25 μm
CMOS TSMC technology parameters are given for the first
proposed lossless GIS and band-pass filter example through
SPICE program.

Keywords— Lossless grounded inductor simulators, lossy
grounded inductor simulators, PFTFN, CCIII+, CDCC, INIC,
VF

II. THE PROPOSED CIRCUITS
The corresponding matrix equation of the PFTFN shown
in Fig. 1 is given as

I. INTRODUCTION
It is possible to classify the grounded inductor simulators
(GISs) into two sub-categories such as lossless GISs and lossy
GISs. Furthermore, the lossy GISs can be divided into two
categories. One of them is parallel lossy GIS including
lossless GIS with parallel resistor. The other one is serial lossy
GIS containing lossless GIS with serial resistor. On the other
hand, some parallel lossy GISs were designed by using
different active devices [1-3] such as plus-type four terminal
floating nullor (PFTFN) [1], plus-type third-generation current
conveyor (CCIII) [2] and current differencing current
conveyor (CDCC) [3] in the related open literature. However,

 IY   0
 I  0
 X
VX  1
  
 IW  0

0 0 0 VY 
0 0 0  I Z 

0 0 0 VZ 
 
1 0 0 VW 

Fig. 1. The circuit symbols of the PFTFN.

(1)

The CCIII+ demonstrated in Fig. 2 is also used to design
the proposed lossless GIS. The corresponding matrix equation
of the CCIII+ is given as

 VX   1 0 
 I   0 1 VY 
 Y  
 I 
 I Z   0 1   X 

(2)

In the current study, the VF is also used in the design of the
lossless GIS. The following Fig. 5 and matrix equation (5)
identify the VF:

 IY   0 0  VY 
V   1 0   I 
 X 
 X 

(5)

Fig. 5. The circuit symbols of the VF.
The proposed lossless GISs derived from previously
published lossy GISs are demonstrated in Figs. 6, 7 and 8. In
Figs. 6 and 7, we modified the circuits in [1-2] by adding an
extra INIC. In addition, we modified the circuit in [3] by
connecting an additional VF. Thus, by these modifications,
the lossless GISs are obtained from lossy GISs.

Fig. 6. The first proposed circuit derived from the circuit
given in [1].

Fig. 4. The circuit symbols of the INIC.

Fig. 7. The second proposed circuit derived from the circuit
given in [2].

Fig. 8. The third proposed circuit derived from the circuit
given in [3].
Furthermore, routine analyses of the lossless GISs in Figs.
6, 7 and 8 give the following input impedance:

Z in 

Vin
 sCR1 R2
I in

(6)

For the implementation of the first proposed lossless GIS,
the plus-type second-generation current conveyors (CCII+s) is
used of which matrix equation and circuit symbol illustrated
in Fig. 9 are given as follows:

 VX   1 0 
 I   0 0 VY 
 Y  
 I 
 I Z   0 1   X 

(7)

to self-biasing, any additional bias voltages or currents except
DC power supply voltages are not used in the first proposed
lossless GIS based on the CCII+ given in Fig. 11 [5].
Dimensions of the MOS transistors of the CCII+ in Fig. 11 are
given in Table 1. The DC power supply voltages are chosen as
±1.25 V. As an example, passive elements of the first
proposed lossless GIS in Fig. 10 are chosen as R1 = R2 = 2.7
kΩ and C=100 pF resulting in Leq = 729 μH. Furthermore, the
values of passive circuit elements for the band-pass filter
example given in Fig. 12 are chosen as R = 2.7 kΩ, Leq = 729
μH and C = 100 pF resulting in fo≅589 kHz and Q = 1. The
transfer function of the band-pass filter in Fig. 12 is evaluated
as in the following:

1
VBP
RC

Vin s 2  s 1  1
RC LC
s

(8)

Table 1. Dimensions of the MOS transistors of the CCII+ in
Fig. 11.
Transistor Name
W/L
M1, M2, M3, M4, M5,M6,M8,
65 μm / 0.5 μm
M9
M7, M10, M14, M15, M16
26 μm / 0.5 μm
M11
130 μm / 0.5 μm
M12, M13
39 μm / 0.5 μm

Fig. 9. The symbol of the CCII+.
Then, the first proposed lossless GIS is implemented by using
three CCII+s as depicted in Fig. 10.

Fig. 11. MOS transistor based CCII+ [5].

Fig. 10. The first proposed circuit realization by using CCII+s.
III. SIMULATION RESULTS
Simulations of the first proposed lossless GIS in Fig. 10
are performed by SPICE program in which 0.25 µm TSMC
CMOS technology parameters [4] are used. Moreover, thanks

The power dissipations of the first proposed lossless GIS
and band-pass filter example are approximately found as 5
mW. Ideal and simulated phases as well as impedances of the
first proposed lossless GIS illustrated in Fig. 10 are given in
Fig. 13. The time domain analyses for the first proposed
lossless GIS demonstrated in Fig. 10 are given in Fig. 14
where triangular input currents with peak 250 μA at 250 kHz
are separately applied to both ideal inductor and the first
proposed lossless GIS given in Fig. 10. The frequency domain
analyses for the band-pass filter example shown in Fig. 12 are
given in Fig. 15 in which an ideal inductor and the proposed
lossless GIS illustrated in Fig. 10 are separately replaced.
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Abstract— Induction motors are widely used in industrial
applications by the reason of their robust structure, efficiency and
low cost. In this paper, fault diagnosis of induction motors are
investigated using different feature extraction methods and
classifiers. Acoustic emission signals, stator current, and vibration
signals are generally used for fault diagnosis of induction motors
in literature. The database used in presented study consists of
vibration signals collected from ball bearings of induction motor
for normal, and three faulty conditions which are inner race fault,
outer race fault and ball fault. Therefore, four classes problem for
fault diagnosis is considered in this study. Before the classification
stage, time, frequency and time-frequency domain features are
extracted in order to construct feature vectors. Three different
classifiers which are k-Nearest Neighbor (k-NN), Fisher’s Linear
Discriminant Analysis (FLDA) and Support Vector Machines
(SVM) are used for classification purpose. The satisfactory results
are obtained from the experimental studies.
Keywords— Induction Motor,
Extraction, Classification
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I. INTRODUCTION
One of the most widely used electric machines in industrial
applications is induction motor. Induction motors are preferred
in industrial applications owing to their low cost, simple and
robust structure. Although their robust structure, faults can
occur
while converting electrical energy to mechanical
energy. Early diagnosis of these faults has critical importance
to prevent machine breakdown. A motor fault that is not
diagnosed in early time may cause catastrophic costs.
Bearings as rolling elements are critical components since
the large majority of problems arise from bearing faults [1].
Current signals [2]-[5], vibration signals [6]-[8] and acoustic
emission signals [9] are generally used for bearing fault
detection of induction motors. Vibration signals have good
capability for early fault detection of induction motors[10].
There are various algorithms for detection of bearing faults of
induction motors by using vibration signals. In [11], time
domain statistical parameters were calculated from raw
vibration signals and these parameters were used as input
features for Neural Network. Besides time domain statistical
parameters, frequency domain statistical parameters and
parameters obtained from Empirical Mode Decomposition
were used for fault detection in [12]. In [10], raw vibration
signals were divided into frames and root_melcep parameters

were calculated for each frame. Principle Component Analysis
were performed in order to reduce the dimension of feature
vectors including bi-spectrum features and resulting feature
vectors were classified with Support Vector Machines (SVM)
in [13]. In [14], an intelligence fault diagnosis method was
proposed by combining Compressed Sensing and Deep Neural
Network.
In this study, statistical parameters in time domain,
frequency domain and time-frequency domain are calculated in
order to construct the feature vectors. These feature vectors
are used as input of classifiers. Fisher’s Linear Discriminant
Analysis, k-Nearest Neighbor and Support Vector Machines
are used as classifiers.
Remaining of the paper is organized as follows: Feature
extraction is given in Section II. In Section III, classification
algorithms used in this study is explained briefly. Information
about database used in this study and experimental results are
given in Section IV. Finally, conclusions are given in Section
V.
II. FEATURE EXTRACTION
Feature extraction has great importance in pattern
recognition. In this study, two different feature vector groups
are constructed. For the first group, time domain and frequency
domain [15] parameters are calculated using the expressions
given in Table I and Table II, respectively.
Wavelet Packet Transform (WPT) [16], Short Time Fourier
Transform (STFT) [17] and Empirical Mode Decomposition
(EMD) [18] are widely used for time-frequency domain
analysis. Second group features are calculated in timefrequency domain. Wavelet Packet Transform is used in this
study to extract time-frequency domain features. WPT is
extended version of Wavelet Transform[16]. 4 level Wavelet
Packet Decomposition is applied to original signal and 16
coefficients are obtained in fourth level. Illustration of 4 level
Wavelet Packet Decomposition is given in Fig. 1. For each
coefficient in fourth level, rms, variance, kurtosis and skewness
values are calculated.
III. CLASSIFIERS
Fisher’s Linear Discriminant Analysis is used in pattern
recognition as both dimension reduction technique and
classification algorithm [19,20]. The main idea behind FLDA

Fig.1. Illustration of 4-Level Wavelet Packet Decomposition

Table I. Time Domain Features

Feature Name

Table II. Frequency Domain Features

Mean Value
µ=
Root Mean Square

𝑁

1
∑ 𝑥𝑖
𝑁

Maximum Value

Minimum Value

Shape Factor

Crest Factor

1
√ ∑ 𝑥𝑖2
𝑁

𝑁

(𝑥𝑖 − 𝜇)
1
∑
𝑁
𝜎3

3

𝑖=1

max 𝑥𝑖

√ 1 ∑ 𝑥𝑖2
𝑁 𝑖=1
1 𝑁
∑ |𝑥 |
𝑁 𝑖=1 𝑖
𝑁

max | 𝑥𝑖 |

max | 𝑥𝑖 |
1 𝑁
∑ |𝑥 |
𝑁 𝑖=1 𝑖

(𝑥𝑖 − 𝜇)4
1
∑
𝑁
𝜎4
𝑖=1

K

∑ Si /K

is to find a projection matrix that maximizes Fisher’s criterion.
Fisher’s criterion can be expressed as
(1)
where 𝑤
⃗⃗ is the projection matrix, Sb and Sw are
between_class and within_class matrices respectively.
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Where fi is the frequency value of the ith spectrum and Si is the
spectrum
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Mathematical Representation
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𝑖=1

Variance
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Support Vector Machines algorithm is widely used for
classification in pattern recognition. Basically, SVM aims to
find a hyperplane that maximizes the distance of either class
from the hyperplane [21]. Since SVM is a binary classification
algorithm, “one-against-one technique” [22] is used for multiclass classification in this study.
K-NN is a simple but efficient distance based technique
[23]. K-NN classifies
test data according to distance
between test data and the k nearest training data. In this study,
euclidean distance is used for determining the distance
between test vector and training vectors. The value of k is
selected as 5.

IV. EXPERIMENTAL STUDY
A. Database
The database used in this paper is taken from Case Western
Reserve University [24]. Experimental test bench is shown in
Fig. 2 The database consists of vibration signals collected
from drive end bearings of 2 HP induction motor for normal
and three faulty conditions which are inner race, outer race and
ball fault. Sampling frequency was set 12 kHz. For each faulty
case, vibration data were collected for three different fault
diameters (0.007, 0.014 and 0.021 inches). For each case, data
acquisition process was repeated for four different load
conditions (0 HP, 1 HP, 2 HP and 3 HP).

Recognition rates obtained for time domain and frequency
domain statistical parameters with k-NN, FLDA and SVM
classifiers are given in Table III.
Recognition rates obtained for time-frequency domain
parameters with k-NN, FLDA and SVM classifiers are given
in Table IV.

Table III. Recognition rates obtained by using time and frequency domain
features as percentage

Leave-10-out
Test vectors

FLDA

SVM

k-NN

1-10

90

97.5

97.5

11-20

95

97.5

97.5

21-30

82.5

97.5

97.5

First feature vector group contains statistical parameters
calculated in time domain and frequency domain. Since 11
time domain and 3 frequency domain parameters are
calculated, the size of each feature vector becomes 1x14.

31-40

82.5

100

97.5

41-50

97.5

100

100

51-60

85

85

87.5

Second feature vector group is constructed by calculating
rms, variance, kurtosis and skewness values of the fourth level
coefficient of Wavelet Packet Transform. Since 16
coefficients are obtained in fourth level decomposition, totally
64 features are extracted for time-frequency domain.

Average

88.75

96.25

96.25

B. Feature Vector Construction
Vibration signals belonging to each class are divided to 60
sample sets. Each sample set has 4096 samples. For each
sample set, 2 different feature vector groups are constructed.

Table IV. Recognition rates obtained by using time-frequency domain
features as percentage

C. Results
For classification process, two groups of feature vectors are
applied to FLDA, SVM and k-NN separately. For each
classifier and each feature vector group, leave-10-out
procedure is performed. For each class, while 50 feature
vectors are used as training set, remaining 10 feature vectors
are used for testing set. This procedure is repeated 6 times
since there are 60 feature vectors in each class.

Leave-10-out
Test vectors

FLDA

SVM

k-NN

1-10

97.5

100

90

11-20

100

100

100

21-30

97.5

97.5

90

31-40

92.5

95

92.5

41-50

92.5

97.5

97.5

51-60

92.5

97.5

82.5

Average

95.42

97.92

92.08

V. CONCLUSIONS
In this paper, fault diagnosis of induction motors are
investigated with different feature extraction methods and
classifiers.

Fig.2. Experimental test bench

Statistical parameters obtained in time and frequency
domain give best accuracy with k-Nearest Neighbor and
Support Vector Machines classifiers. Both classifiers have
96.25% accuracy with these features.
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Abstract—Thanks to the finite element method, two or three
dimensional modelling is commonly used in the different
disciplines of scientific studies. In the modeling studies, the mesh
quality which depends on the number of finite elements has
significant impacts on the solution results. In this paper, thermal
behavior of a transformer has been simulated with three
dimensional computational fluid dynamics for different mesh
qualities, and the mesh quality depended results have been
compared with the real thermal behavior of the transformer.
Thus, the suggestions have been proposed for determining of the
optimal mesh quality in the finite element analysis, and the
results of these solutions have been presented both as numeric
values or as the visual elements.
Keywords— Mesh quality, mesh refinement, FEA, CFD,
skewness.

I. INTRODUCTION
Mesh quality is one of the important parameters to obtain
the more realistic results in the finite element method (FEM).
In general, automatic mesh refinement is used when modeling
with two-dimensional (2D) or three-dimensional (3D) FEA
software in order to obtain a quick solution [1]. However, if
the mesh quality and the number of finite elements are not
sufficient for the solution of the problem region, an accurate
result may not be obtained. For this reason, the mesh quality
should be improved. In a study to improve mesh quality, a
new adaptive mesh refinement method was applied [2].
In general, at the meshing task, FEA software divides the
region in to many triangular or rectangular shapes in 2D
modelling. Similarly, it divides the volume in to many
triangular or rectangular prismatic shapes in 3D modelling.
However, quadrilateral and hexahedral elements have better
performance than triangular and tetrahedral elements. In
addition, the use of hexahedral shape elements can reduce the
number of elements to a considerable extent. Decreasing the
number of elements leads to a decrease in the analysis time
and in the post-analysis processing time [3]. In addition, the
use of hexahedral and quadrilateral shaped elements is more
appropriate for nonlinear systems where physically significant

elements are meshing [4]. On the other hand, in a study, the
use of tetrahedral elements for 3D automatic mesh generation
in the 2D dynamic bubble system developed for mesh quality
and optimization has been presented [5]. In context, the
importance of regional differences in mesh refinement has
been emphasized by Eppstein, and it has been stated that the
number of elements in mesh production of critical regions can
be increased [4, 6]. On the other hand, triangular surface mesh
was used in a study on 3D geometric vascular modelling
studies on mesh quality, and, for mesh quality criteria, four
different criteria such as mesh planarity, mesh deviation, mesh
smoothness, and shape quality were applied [7]. The
applications in which the arrangement of elements is
important are the computational fluid dynamics (CFD) and
simulations of composite materials [8].
In this study, the temperature distributions of a transformer
are simulated for different mesh quality conditions with the
CFD in order to be able to explain the mesh quality of the
FEA solution. The temperature distributions were compared
both numerically and visually with the different meshing
conditions. Then the convergence/divergence cases were
investigated in comparison with the results of the actual
temperature behavior of a transformer. Furthermore, in this
type of 3D CFD modelling, suggestions have been presented
for optimal mesh quality.
II. FINITE ELEMENT METHOD
The finite element method is a numerical technique used
to solve differential equations in many disciplines
(electromagnetic, magneto-static, heat conduction, solid and
structural mechanics, fluid dynamics and acoustics). The basic
idea of the FEM is to divide the solution of the physical
problem with differential equations into a set of sub-problems
which replaces the physical problem and whose equations can
be solved more easily in the linear system [9-11]. So that the
problem has the ability to be solved with a sufficient number
of sub-problems. Thus, FEM is the mathematical expression
of a physical system. Sub-problems are geometrically defined
with simple geometric shaped elements such as triangle or
rectangle for 2D modelling, as given in Fig.1.

Due to the meshing process, the problem region is divided
into finite elements in such geometric shapes for solution.
With this feature, FEM is also an ideal technique for solving
modelling with nonlinear behavior.

A-Impact of the Mesh Quality:
In modeling studies, excellent quality mesh means that
geometric details vary depending on the number of finite
elements and the meshing refinement. Bad quality meshing
can result in convergence difficulties, poor physical
descriptions and diffuse solution. Therefore, the user should
be very careful about the mesh quality [12].
B-Mesh Statistic and Mesh Metrics:

Figure 1. A triangle or rectangle meshing element in 2D modelling [9].

The mesh element in the finite element method is defined
in a geometric form called a finite element with a triangular
prismatic shape as shown in Fig. 2 in 3D modelling. Here, the
differential equation that defines the problem is a locally
predicted simple geometric shape function. The problem
region is usually calculated volumetrically with such shapes
[9].

Meshing information can be displayed for nodes and
elements, and it shows minimum, maximum, average and
standard deviation. As a list of quality criteria for mesh
metrics, mesh quality for various disciplines use the different
solvers. According to the Ansys on meshing tab, the criteria
such as Element Quality, Aspect Ratio, Jacobean Ration,
Warping Factor, Parallel Deviation, Maximum Corner Angle,
Skewness and Orthogonal Quality can be selected as meshing
metric. These criteria are in the meshing setup menu of the
CFD software, and they can be used in order to determined
mesh quality for the best true solutions. Some of them can be
used defining of the composite materials, and also the others
can be used for the fluid dynamics. There are range of the
value maximum, minimum, average and standard deviation in
order to determine of the mesh quality in software user guide
and helping datasheets [12]. In this paper, mesh quality has
been determined according to the skewness value, and thus
only the skewness spectrum grapy has been presented as
sufficient details.
C-Mesh Quality of CFD Simulation:

Figure 2. A triangular prismatic meshing element in 3D modelling [9].

The first order triangular elements are known as a threenode triangle and is widely used in electrical engineering.
Special points called node points connect these elements to
each other. Node points are usually located at element
boundaries, where elements are connected to each other.
When the first order elements are used, all nodes must overlap
with the vertices of the triangles. Other triangular elements,
such as six-nodes or second-degree triangle, with three nodes
overlapping their corners and three extra nodes in the middle
of the edges are also used [4, 9-11]. Three-node triangles are
commonly used to create meshing. The additional nodes in the
higher-order triangular elements are part of the problem
description. However, the first-order elements give excellent
results when applied optimally, making the computation
process advantageous [9-11].
III. DETERMINATION OF THE FEA MESH QUALITY
In this section, technical suggestions have been explained
to determine the mesh quality.

In CFD simulations such as Ansys-Fluent, low orthogonal
quality or high skewness values are not recommended.
Generally, it is suggested to keep the minimum orthogonal
quality (> 0.1), or the maximum skewness (< 0.95). However,
these values may be different depending on the physics and
the location of the cell. In order to determine the skewness
coefficient, the mesh metric spectrum and numerical values
graph given in Fig.3 are proposed [12]. According to this
graph, the mesh quality can be easily determined.

Figure 3. Skewness spectrum in order to determine the meshing quality [12].

D- Mesh Metric Graph Controls
The finite elements on Y-Axis can be plotted with two
methods; Number of Elements, Percentage of Volume/Area.
According to these methods, minimum and maximum values
of mesh quality can be seen as seen in Fig.4. If there are faulty
meshing elements (which may be sensitive regions of the

model geometry), it is possible to re-meshing to the mesh
quality refinement [12].

However, when the element size is set to 1 mm, for
example, a 4-core computer meshing process with 8 GB of
RAM memory takes quite a long time. Therefore, if the mesh
size becomes smaller, the mesh quality will be increased, but
the pc meshing process will also be very difficult.
Table I. The mesh quality (skewness) provided with the element size value.

Element Size
1 mm
2 mm
3 mm
4 mm
5 mm
Default
10 mm

Nodes
3369828
622675
390064
247594
220128
217908
219306

Elements
18677096
3310456
1936814
1235144
1079233
1067016
1074872

Skewness
0.23382
0.25386
0.26525
0.28869
0.29503
0.30136
0.30204

Figure 4. Maximum and minimum values of the mesh quality [12].

IV. SIMULATION STUDIES
The meshing image of the transformer, modeled in three
dimensions in simulation studies, is given in Fig.5. Here,
tetrahedrons (Tet4) are chosen geometrically as the basic
meshing element.
Figure 6. Setup menu for mesh quality control

The calculated temperature values according to the mesh
quality are divergent with respect to the actual result when the
mesh quality is low. The steady-state temperature of this
transformer was determined to be approximately 72 C with
the thermal imaging [13]. According to the mesh quality
conditions, the convergence/divergence graph of the
simulation results is obtained, depending on the value of the
element size, which determines the mesh quality in the
meshing process. Thus, for the different mesh qualities of a
transformer with actual thermal behavior for mesh quality, the
accuracy degree of the simulation results also varies as shown
in Fig.7.
80

Figure 5. Meshing image of the transformer
75

According to this table, when you select the automatic
mesh, the element size approximates to 10 mm. Here, it can be
seen that the finite element size is less than 2 mm in order to
be in the excellent state (<0.25) for the mesh metric. The
volume of this transformer is approximately 904 cm3 [13].

Actual Temperature Value of the Transformer
o

Temperature ( C)

In order to determine the optimal mesh quality, the number
of elements in mesh metric section and the number of nodes
and skewness values are examined in Fig.6. Thus, as can be
seen in Table I, data for the different mesh qualities are
obtained and are given comparatively.
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Figure 7. Temperature values calculated according to mesh quality

According to this graph, when the mesh element size is 2
mm or 3 mm, the results are close to each other. However, for
the element size of 4 mm or higher values, getting far from the
obtained temperature value. For a transformer in the model
that is modeled in this study, the meshing element size is 1
mm while the sensitivity is very high, so the meshing time can
be quite long as shown in Fig.8. In this case, meshing time is
given depending on the mesh element size.
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V. CONCLUSION
In this study, CFD modeling of a transformer with
different mesh qualities has been carried out and the
comparisons have been performed in order to determine the
most appropriate mesh quality. If the meshing is done by
default in automatic meshing, the simulation result will be
divergent as compared to the actual temperature of the
transformer. On the contrary, if the number of elements is
increased unnecessarily in order to increase the meshing
quality, this simulation will take a long time, even the
meshing procedure could be unsuccessful. The simulation
results for the different mesh quality conditions and the actual
thermal behavior of a transformer have been compared in a
graph. Thus, the suggestions have been presented for the
optimum mesh quality. In addition, it is shown that there is a
relation between the meshing quality and meshing time.
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Abstract— Optimal power flow (OPF) is one of the most popular
non-linear complex optimization problems in modern power
systems. The wind powers are integrated to modern power
system for OPF problem. This problem is considered as
minimization of the total cost of the thermal generators and the
wind power. In this study, Moth Swarm Algorithm (MSA) is
proposed for solving OPF problem. The proposed algorithm is
tested on IEEE30-bus test system. The cost and emission
conditions are considered as the objective functions of the
problem. The obtained simulation results from the proposed
MSA algorithm demonstrate that the algorithm obtains highquality solutions within the specified equality and inequality
limits.
Keywords— Optimal power flow, moth swarm algorithm, wind
power, power system, optimization

I. INTRODUCTION
Optimal power flow (OPF) is one of the many optimization
problems in the planning and operation of the large scale
modern power systems. The main objective of OPF problem is
to minimize total generation cost of the system. Furthermore,
the optimal values of control variables of the system in
minimum total generation cost are determined within the
specified equality and inequality constraints. To date, this
problem is handled by using the classical and heuristic
methods [1-5]. With increasingly use of wind powers on
modern power system, the OPF problem including
uncertainties of the wind power has been handled by the
authors.
Panda et al. utilized a modified bacteria foraging algorithm
(MBFA) for solving OPF problem. This problem is
considered as combined of the hydro, thermal and wind
generators by the authors. Besides, STATCOM from the
FACTS devices included to the proposed system. The
proposed MBFA algorithm was tested for different cases on
the IEEE30-bus system. The proposed MBFA gives better
result than the other optimization methods, which are genetic
algorithm (GA) and hybrid algorithm (HA) [6]. Shi et al.
presented an approach for modelling the cost of windproduced electricity [7]. Authors in [8] represented multiobjective mean-variance-skewness model OPF problem
including wind power and load uncertainties. The proposed
approach tested on modified IEEE30-bus system and the
obtained results from simulation studies prove the reliability
of proposed approach in solving this problem. Biswas et al.
proposed a success history based adaptation technique of

differential evaluation algorithm (SHADE) for solving OPF
problem including wind and solar power from renewable
energy sources. The proposed SHADE algorithm presents the
optimum solutions within the specified all system constraints
[9].
The moth swarm algorithm (MSA) is a meta-heuristic
algorithm inspired by the navigational behavior of moths in
nature. This algorithm was presented by Ali Mohamed et al.
[10], who proposed it to solve the OPF problem on modern
power system. Lately, this algorithm used to solve
optimization problems, such as determination of the optimal
gains of controller [11] and solving combined economic and
emission problem [12]. In this study, MSA has been proposed
to solve the OPF problem including wind power. The MSA
method has been applied to on IEEE30-bus test system.
Results obtained from the simulation studies have been
compared to other gravitational search algorithm (GSA),
hybrid particle swarm optimization and gravitational search
algorithm (PSOGSA).
II. MATHEMATICAL MODELS OF THE OPF PROBLEM
The main objective of the OPF problem is to minimize the
total fuel cost of thermal units and cost of wind-produced
electricity while satisfying equality and inequality system
limits that are power balance, active and reactive power
outputs of the generators, the operating limits of the used
equipment security limits on transmission lines and load buses
on modern power system. Mathematical formulation of the
OPF problem is described as follows [4,5,10]:
Minimize : f  x, u 

(1)

Subject to :

(2)

g  x, u   0

h  x, u   0

In this problem, x is defined as vector belonging to state or
dependent variables, u is expressed as vector of control or
independent variables. For this study, the vectors of
independent variables and dependent variables are explained
as follows [4,5,10]:


x  P

u  PG2 ...PG NG ,VG1 ...VG NG
G1



,VL1 ...VLNL , QG1 ,...QG NG , S L1 ,...S LNTL

(3)



(4)

Where PG, VG and NG are depicted as the power output of
the generators except swing generator, the terminal voltage
magnitude belonging to generator buses and number of
generator buses, respectively. PG1, VL, QG, SL, NL are NTL are
defined as active power output of the swing generator, the
voltage value of the load bus, reactive power output of the
generators, apparent power flow of the transmission line,
number of load buses and transmission lines, respectively.

A. Fuel Cost Model of Thermal Generators
The cost model of thermal generators with fossil fuel is
shown in Eq. 5 [9].

CT PTHG  

N THG

a  b P
i

i THG i

i 1

2
 ci PTHG
i

(5)

Where PTHGi are defined as the active power of the ith
generator, ai, bi and ci are the cost coefficients of the ith
thermal generator with fossil fuel. NTHG is expressed as
number of thermal generators in the system.

B. Direct Cost Model of Wind Power
On the contrary thermal generators, wind generators need
no fossil fuels. Direct cost model of the wind power is
mathematically expressed as a function scheduled of wind
power [9].

Cw,i Pws ,i   wi Pws ,i

(6)

Where, wi is the direct cost coefficient belonging to ith
wind farm, Pws,i is scheduled power for ith wind farm.

C. Uncertainties Cost Function Model of Wind Power
If the delivered actual power from the wind farm is less
than the forecasted value, this situation reveals as
overestimation of power from the uncertain resource. The
reserve cost is defined as overestimation of available wind
power in Eq. 7 [9].

C Rw,i Pws ,i  Pwav ,i   K Rw,i Pws ,i  Pwav ,i 
 K Rw,i 

Pws ,i

0

P

ws ,i

 p w,i  f w  p w,i dp w,i

(7)

Where KRw,i is the reserve coefficient owing to
overestimation of wind power for ith wind farm. Pwav,i is the
available power for ith wind farm. fw(pw,i) is the wind power
probability density function for ith wind farm. Unlike
overestimation situation, if the delivered actual power from
the wind farm is higher than the forecasted value, the wind
power source is underestimated in such a case. Penalty cost
for ith wind farm is shown in Eq. 8 [9].

C Pw ,i Pwav ,i  Pws ,i   K Pw ,i Pwav ,i  Pws ,i 
 K Pw ,i 

Pwr ,i

Pws ,i

p

w, i

 Pws ,i  f w  pw,i dp w,i

(8)

Where KPw,i is the penalty coefficient owing
underestimation of wind power for ith wind farm.

to

D. Emission and Carbon Tax Model
The used thermal generators with fossil fuel in power
system spread noxious SOx, NOx, COx gases in to
environment. Thus, the minimization of the total emission of
pollutant gases because of burning fossil fuels in thermal
generator units is mathematically modelled in this section [9].

E

 

N THG
i 1

i
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  i PTHGi   i PTHG
 0.01  i e
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i PTHGi 



(9)

αi, βi, γi, ωi and μi are emission coefficients of the thermal
generators. The cost of emission for renewable energy sources
is expressed as follows [9]:

C E  Ctax  E

(10)

Ctax is defined as adopted tax for greenhouse gases
emission.

E. Objective Functions
The objective function of OPF problem incorporating total
cost of the thermal and wind generators is depicted in Eq. 11
[9].

F1  CT PTHG  

 Cw,i Pws,i   CRw,i Pws,i  Pwav,i 


Pw,i wav,i  Pws,i 

i 1

NWG

  C P

(11)

NWG is number of the wind generators. The determination
of the optimal independent variables is proposed in second
and third objective functions.
Second objective function:

F2  F1  Ctax  E 

(12)

Third objective function:

F3  F1  VD  VD 

(13)

ηVD is weight coefficient, VD is defined as voltage deviation.
The voltage deviation can be formulated as the deviation of
voltages of the load buses of the system. This formulation is
shown in Eq. 14.

 NL

VD    VLi  1 
 i 1


(14)

F. Equality and Inequality Constraints
The equality constraints of the system are described as
power flow equations. Active and reactive power balance
equations can be defined as follows:
N





PGi  PDi  Vi  V j Gij cos ij   Bij sin  ij   0
j 1

i  N

(15)



N



QGi  QDi  Vi  V j Gij sin  ij   Bij cos ij   0
j 1

(16)

i  N
Where Vi and Vj are the voltage value of ith and jth bus, N
is the total number of buses, PGi and QGi are active and
reactive power of the ith generator, respectively. PDi and QDi
are active and reactive power of the ith bus, δij is the
difference in voltage angles between ith and jth buses, Gij is
the conductance and Bij is the susceptance between ith and jth
buses, respectively.
The inequality constraints of the system are shown in Eq.
17 and Eq. 18.
min
max
PTHG
 PTHGi  PTHG
i  NTHG
i
i

Pwsmin,i  Pws ,i  Pwsmax
i  NWG
,i
min
max
QTHG
 QTHGi  QTHG
i  NTHG
i
i

(17)

min
max
Qws
i  NWG
, i  Qws , i  Qws , i

VGmin
 VGi  VGmax
i  NG
i
i
Security constraints:

VLmin  VL  VLmax i  NL
Sli  Slimax

(18)

i  NTL

The fitness function including penalty factors is described
as follows:
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III. WIND POWER UNCERTAINTY MODEL
The variations of the wind speed are explained by the
Weibull probability density function (PDF), which is shown in
Eq. 20 [9].
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Where c is scale factor and k is shape factor. The power
output of wind generator can be defined as a function of wind
speed. This situation is formulated as follows [9]:
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(21)

vr  v  vout

Where v, vin, vout and pwr are the rated, cut-in, cut-out wind
speeds and the rated power of the wind turbine, respectively.
The probability equations of the wind power zero, rated and in
between zero and rated may be described as Eq. 22-24 [9].
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IV. MOTH SWARM ALGORITHM
The Moth Swarm Algorithm (MSA) is developed by Ali
Mohamed et al. Owing to the moths are one of the largest
insect populations in nature, the authors have been benefited
from the simulation of the behavior of moth populations. The
moths have been preferred to hide from the predator animals
throughout daylight to survive their life. Also, they fly to find
the food sources and their path in midnight. The moths are
preferred flying in a direct path to maintain the constant angle
with a celestial far-distant light source e.g., moonlight. The
moths cannot separate a natural light source from an artificial
one and they move orientate around the artificial source with a
spiral shape path. The position of the light source in proposed
approach by the authors is explained as potential solution of
the optimization process. The brightness of light source
express as the fitness of the potential solution. The MSA
approach is considered as the three groups such as the
pathfinders, prospectors and onlookers. The pathfinders are
defined as ability finding the best position of the light source
and leading other members in the population to this position.
The prospectors try to drift in a spiral path around the light
source that has been marked by the pathfinders. The onlookers
move to towards the best optimal solution obtained by the
prospectors. The MSA is explained in four main phases:
initialization, reconnaissance, transverse orientation and
celestial navigation. The MSA algorithm is further detailed for
researchers in reference [10].

V. SIMULATION RESULTS
In this study, the MSA, PSOGSA and GSA from the
modern heuristic approaches are used to solve OPF problem
incorporating wind power on IEEE30-bus test system. The
data of the IEEE30-bus test system is obtained from
references [13,14]. The fuel cost coefficients and wind power
parameters can be obtained from references [9,14]. Pentium
IV personal computer with 3GB-RAM and MATLAB
program package was used for the simulation studies. The
power flow calculations were carried out via the 6.0b2
MATPOWER package [15,16]. Table I shows comparisons of

the results of the other algorithms with the results of the
proposed MSA approach for the all test cases. It appears that
the obtained results from the MSA, PSOGSA and GSA for
case 1 were 792.7518 $/h, 792.8736 $/h and 801.1779 $/h,
respectively. The total cost value of the MSA was 0.015364%
and 1.062892% lower than those obtained results from the
PSOGSA and GSA. It is clear from Table I that the obtained
results from the MSA for the test case 2 has the lower total
cost value than the PSOGSA and GSA algorithms by
0.055788% and 1.337829% respectively.

TABLE I THE SIMULATION RESULTS OF THE BEST CONTROL VARIABLES FOR ALL THE CASES
Parameters

Min

Max

PTHG1 (MW)
PTHG2 (MW)
Pws1 (MW)
PTHG8 (MW)
Pws2 (MW)
PTHG13 (MW)
VG1
(p.u.)
VG2
(p.u.)
VG5
(p.u.)
VG8
(p.u.)
VG11 (p.u.)
VG13 (p.u.)
QG1 (MVAr)
QG2 (MVAr)
Qws1 (MVAr)
QG8 (MVAr)
Qws2 (MVAr)
QG13 (MVAr)
Objective
Function
Total Cost ($/h)
Emission (t/h)
Carbon tax ($/h)
Ploss (MW)
VD (p.u.)

50
20
0
10
0
12
0.95
0.95
0.95
0.95
0.95
0.95
-20
-20
-30
-15
-25
-15

200
80
75
35
60
40
1.10
1.10
1.10
1.10
1.10
1.10
150
60
35
48.7
30
44.7

GSA
136.5190
43.6540
37.2366
14.6928
42.7936
15.6716
1.0726
1.0332
0.9874
0.9951
0.9939
0.9986
65.2410
0.2867
13.0012
33.2472
-1.9889
-6.9930

Case 1
PSOGSA
149.9919
41.2756
41.7850
10.4187
34.7306
12.0000
1.0883
1.0672
1.0401
1.0416
1.0460
1.0329
17.7433
18.3578
24.6517
45.9044
-0.8267
-10.6225

MSA
149.1615
42.2207
41.5095
10.0000
35.2756
12.0001
1.0862
1.0684
1.0410
1.0420
1.0426
1.0378
10.3778
25.2713
24.7785
45.7218
-2.2178
-8.9470

GSA
130.3031
48.4898
37.5719
19.1155
31.8183
22.1701
1.0597
1.0444
1.0174
1.0241
1.0668
1.0475
4.5775
17.9838
23.3645
38.4026
9.6520
-1.5472

Case 2
PSOGSA
147.4018
42.7964
42.6270
10.0000
35.3789
12.0000
1.0672
1.0506
1.0245
1.0190
1.0591
1.0502
6.4262
25.4179
26.0506
29.9599
7.4360
0.2964

MSA
147.7763
42.3434
42.2086
10.0050
35.6947
12.0606
1.0880
1.0707
1.0467
1.0451
1.0338
1.0325
9.9304
24.6808
28.1230
48.5739
-5.2069
-10.9408

GSA
132.9468
37.3466
42.4547
22.3668
31.5872
22.7982
1.0372
1.0280
1.0116
1.0072
1.0207
1.0253
-9.5265
29.3319
33.7096
40.8190
1.4523
-0.6633

Case 3
PSOGSA
149.6939
37.4372
46.1336
10.0000
35.2368
12.0000
1.0407
1.0304
1.0143
1.0083
1.0080
1.0126
-9.2549
32.0053
33.9348
48.6897
-1.4945
-3.6485

MSA
148.6143
41.5893
42.1306
11.5249
34.7590
12.0040
1.0404
1.0301
1.0137
1.0083
1.0083
1.0128
-9.0232
31.0407
34.9931
48.6116
-1.4161
-3.5532

801.1779

792.8736

792.7518

807.4502

797.9317

797.5024

827.1451

815.3823

814.7107

801.1779
0.2132
4.264
7.1676
0.3362

792.8736
0.2380
4.76
6.8018
0.7957

792.7518
0.2365
4.73
6.7674
0.8185

803.4280
0.2011
4.0222
6.0687
0.64576

793.2637
0.2334
4.668
6.8041
0.63185

792.8214
0.23405
4.681
6.6886
0.8029

804.6295
0.20466
4.0932
6.1003
0.22516

795.3157
0.23793
4.7586
7.1015
0.20067

794.6526
0.23525
4.705
7.2221
0.20058

(a)
Fig. 1 Comparative convergence curves of the MSA and the other methods for case 1 (a) Voltage profile, (b) Total cost

(b)

(a)

(b)

Fig. 2 Comparative convergence curves of the MSA and the other methods for case 2 (a) Voltage profile, (b) Total cost

(a)

(b)

Fig. 3 Comparative convergence curves of the MSA and the other methods for case 3 (a) Voltage profile, (b) Total cost

For the third objective function in Table I, it is seen that the
obtained total cost values from the MSA, PSOGSA and GSA
approaches were 794.6526 $/h, 795.3157 $/h and 804.6295
$/h, respectively. Figure 1 depicts the comparative
convergence curves of the minimum total cost and voltage
profile of all buses for the proposed MSA and the other
methods for case 1.
Figure 2 and Figure 3 show the comparative convergence
curves of the minimum total cost and voltage profile of all
buses for the proposed MSA and the other methods in case 2
and case 3, respectively. The voltage values of the load and
generator buses for case1, case2 and case 3 are within the
specified limit values. It is clear from the figures that the MSA
approach was more efficient in convergence to the minimum
total cost compared to the PSOGSA and GSA method.

VI. CONCLUSIONS
In this study, the Moth Swarm Algorithm (MSA) is
proposed to solve one of the optimization problems in modern
power systems called optimal power flow with integrated
wind power. In order to verify the effectiveness of the
proposed MSA method, the approach has been applied to on
IEEE30-bus test system. The results of the proposed approach
were compared to the results of other GSA and PSOGSA
methods. These comparison results showed that the proposed
approach has lower total cost value than the other methods. In
addition to, it’s the convergence velocity to the optimal
solution is faster than the GSA and PSOGSA methods.
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Abstract— Visible Light Communication (VLC) is optical
wireless technique that uses Light Emitting Diodes (LED) as a
transmitter and Photo Diodes (PD) as a receiver. LEDs convert
electrical signal into optical signal and PDs convert optical signal
to electrical signal. As opposed to RF systems, the front ends
used in VLC (LED and PD) can only use amplitude obtained by
intensity of incident light. In VLC, intensity of the light can be
switched quickly by using LEDs. This property of the LEDs
allows them to be used in the modulation in VLC. The earliest
modulation techniques applied on VLC were On-Off Keying
(OOK) and Pulse Amplitude Modulation (PAM). When high
transmission data rate is aimed, Orthogonal Frequency Division
Multiplexing (OFDM) is extensively preferred to prevent InterSymbol Interference (ISI) in broadband wireless communication.
Despite OFDM reduces ISI, it suffers from high Peak-to-Average
Ratio (PAPR). Owing to the use of Discrete Fourier Transform
(DFT) in OFDM, symbols are complex and bipolar. Because of
the characteristic of light, the symbols to be used in VLC must be
real and unipolar; that’s why, the OFDM in VLC should be
modified. In transmitter side, Hermitian symmetry is employed
to make symbols real. Two main techniques are proposed to
obtain positive symbol; Asymmetrically Clipped OFDM (ACOOFDM) and DC Biased OFDM (DCO-OFDM). In our ACOOFDM scheme; after modulation (M-QAM), real and imaginary
parts of the symbols are processed into Discrete Cosine
Transform (DCT) and Discrete Sine Transform (DST)
respectively. Afterwards, IDFT is applied in transmitter side.
Similarly, after DFT, real and imaginary parts of the symbols are
processed into IDCT and IDST before demodulation (M-QAM)
in receiver side. This technique shows the same performance in
Bit-Error Rate (BER) and it proves 2 dB less in PAPR than DFT
based ACO-OFDM.

Keywords—Visible Light Communication, Light Emitting Diode,
OFDM Modulation, Discrete Fourier Transform, Discrete Cosine
Transform,

I. INTRODUCTION
Increasing of the light emitting diode (LED) technology in
the use of illumination made Visible Light Communication
(VLC) a popular research area, one of the Optical Wireless
Communication (OWC) techniques. LED technology has
advantages such as high energy efficiency, high lifetime and
low heat production when it is compared to incandescent and
fluorescence light sources. Besides these, the fact that the light

intensity of the LEDs can be changed very quickly has led
LEDs be used in communication as well as illumination. VLC
can revolutionize indoor wireless communication in the near
future, especially if we consider that the vast majority of the
growing mobile traffic is indoor spaces [1].
When VLC is compared to Radio Frequency (RF) (3 KHz 300 GHz) based communication, Visible Light (430 THz -790
THz) has an incomparably larger unlicensed frequency
spectrum as seen in Figure 1 [2]. In addition, VLC can be
easily integrated into the lighting infrastructure already in use
with inexpensive equipment, it has no security risks outside
the light application area, and it does not pose any danger in
terms of environment. Because of these advantageous, VLC
can be complementary to RF based communication
technologies, which are used extensively by today's
communication systems.

Fig. 1 Electromagnetic Spectrum

VLC is a communication technology that enables light to
transmit data by using visible light source (LED) as the
transmitter, the air as transmission medium and the photodiode (Photodiode, PD) as the receiver. VLC, a short-range
optical wireless communication system, is simultaneously
used for LED-based light source illumination and
communication. While communicating with visible light, the
transmitter or the source (LED) converts the incoming
electrical signal into an optical signal and optical signal
reaching to receiver (PD) is converted into electrical signal.
The basic requirements in this system are that the light used
for illumination is modulated at high speeds at which the
human eye cannot perceive, and that the illumination, which is
the main purpose of light sources (LED), is not adversely
affected.

Unlike RF systems, the front-end elements (LED and PD)
used in VLC cannot transmit and receive complex valued
symbols. When visible light is used for communication, only
the intensity information of the visible light can be utilized so
that illumination, which is the first priority of the light, is not
negatively affected. For this reason, Intensity Modulation /
Direct Detection (IM / DD) method is used in VLC. Therefore,
the signal to be transmitted in visible light communication
systems has to be real-valued and unipolar positive.
Real-based modulation techniques used in RF technology;
Pulse Position Modulation (PPM), Pulse Amplitude
Modulation (PAM) and On/Off Keying (OOK) have been
implemented in VLC without any modification. When high
data rates are targeted, the effects of Inter-Symbol
Interference (ISI) on these modulation methods has paved the
way for multi-carrier modulation methods to be used in VLC.
Orthogonal Frequency-Division Multiplexing (OFDM) is the
most effective modulation method against ISI. However, the
conventional OFDM structure produces complex and bipolar
values. In the OFDM structure used in VLC, Hermitian
symmetry is used to generate real-valued symbols while there
are two basic methods to produce unipolar positive symbols;
negative symbols are clipped at zero in Asymmetric Clipped
Optical OFDM (ACO-OFDM) [3] and DC-Bias Optical
OFDM (DCO-OFDM) [4] that adds DC bias to negative
symbols. Apart from these methods, there are Flip-OFDM [5]
and eU-OFDM [6] which make the transmitting signal
positive and real.
Since OFDM is a multi-carrier communication technique,
the OFDM output signal has a high PAPR value. High PAPR
values increase the complexity of ADC and DAC in systems.

To cope with this situation, it is necessary to use a linear
power amplifier with a wide dynamic range in the systems.
Wide range linear amplifier design is a very expensive
operation. Communication with visible light also results in
high PAPR values due to LED non-linear character. In the
literature, many studies have been done to reduce the PAPR
value in VLC [7] - [9]. These methods have negative effects
on spectral efficiency and they require complex processes. In
this study, the PAPR value was improved by a simpler method
without reducing spectral efficiency. In the proposed method,
the DFT-based ACO-OFDM method has been modified using
Discrete Cosine Transform (DCT) and Discrete Sine
Transform (DST) techniques.
The work is organized as follows: The system model is
given in Section II. In Section III, the simulation results will
be shown. Section IV contains the conclusion.
II. SYSTEM MODEL

A. DFT-ACO-OFDM
In the DFT-based ACO-OFDM system, M level quadrature
amplitude modulation, one of the complex modulation
techniques, is used. In this method, only odd carriers are used
for data transmission while even carriers are left empty. The
complex symbols resulting from the modulation are applied to
the IDFT input by taking the Hermitian symmetry. At this
point, real-valued symbols are obtained as IDFT result. In
order to produce a positive symbol, the symbols that are
negative at the output of IDFT as in (2) are clipped at zero.
The DFT-ACO-OFDM structure is shown in Fig. 2.

Fig. 2 DFT based ACO-OFDM structure

The IDFT input signal is in the form of N points with
𝑋 = [ 0, 𝑋1 , 0, 𝑋3 , . . ., 0, 𝑋𝑁−1 ]
and it shows the
Hermitian symmetry property as defined below [10];
𝑋𝑚 = 𝑋𝑁−𝑚 ∗ , 0 < 𝑚 < 𝑁/2 ,

𝑋 0 = 𝑋𝑁/2 = 0

(1)

Negative values are clipped at zero to make the bipolar real
signal of the IDFT result in unipolar positive;
𝑥 (𝑡) = 𝑥(𝑡), 𝑥(𝑡) > 0
{ 𝐴𝐶𝑂
𝑥𝐴𝐶𝑂 (𝑡) = 0, 𝑥(𝑡) ≤ 0

Discrete Cosine Transform (DCT) [11] and Discrete Sine
Transform from Discrete Trigonometric Transforms can be
defined as [12];
Discrete Cosine Transform (DCT);
{ 𝑋𝑘 = √

(2)

Hermitian symmetry and the use of only odd carriers for
transmission mean that only N / 4 information symbols are
used in transmission for N-point IDFT. Hermitian symmetry
for producing real-valued symbols negatively affects spectral
efficiency.

B. Modified (DCT&DST) DFT-ACO-OFDM
In the proposed new system, the DFT-based ACO-OFDM
structure has been modified using DTT transformations. As
shown in Fig. 3, the information is modulated using the MQAM on the transmitter side. The real and complex parts of
the symbols in the resulting modulation are subjected to DTT
transformations separately. The DCT and DST conversions
are taken for the real (𝑋𝑅 = [ 0, 𝑋𝑅1 , 0, 𝑋𝑅3 , . . ., 0, 𝑋𝑅𝑁−1 ])
and complex parts (𝑋𝐼 = [ 0, 𝑋𝐼1 , 0, 𝑋𝐼3 , . . ., 0, 𝑋𝐼𝑁−1 ]) of
the symbols, respectively. Then the real and complex parts of
the same symbols are put together again. Afterwards, as
described in previous section, DFT-ACO-OFDM, IDFT
transformations are performed on symbols having Hermitian
symmetry, and finally the negative symbols are clipped at zero.

𝑁−1

2
𝜋(2𝑛 + 1)𝑘
∑ 𝑥𝑛 cos(
),0 ≤ 𝑘 ≤ 𝑁 − 1 ,
𝑁
2𝑁
𝑛=0

1

(3)

,𝑘 = 0
𝑊𝑘 = {
√2
1, 𝑘 = 1,2, … , 𝑁 − 1

Discrete Sine Transform (DST);
𝑁−1

{ 𝑋𝑚 = ∑
𝑙=0

𝑘𝑠𝑚
𝜋(2𝑙 + 1)(𝑚 + 1)
sin (
) 𝑥𝑙 ,
𝑁
2𝑁
𝑘𝑠𝑚

2, 𝑚 = 𝑁 − 1
={
2√2, 𝑚 ≠ 𝑁 − 1

0 ≤ 𝑙 ≤ 𝑁 − 1,

(4)

On the receiver side, the obtained symbols are first DFT
transformed. The symbols in the complex structure formed
after the DFT conversion are separated into real and complex
parts. Then, the IDCT transformation and the IDST
transformation are applied to the real and complex parts of the
symbols respectively. Then real and complex parts of the
same symbols are put together and M-QAM demodulation is
applied and information is recovered.

Fig. 3 Modified DFT based ACO-OFDM structure

C. Peak-to-Average Power Ratio (PAPR)
PAPR is an important criterion for measuring the performance
of communication systems. The high PAPR value in VLC
systems complicates the system and reduces performance. The
PAPR value for a symbol in OFDM can be calculated as
follows [13];
𝑃𝐴𝑃𝑅 =

max 𝑥𝑐2 (𝑛)
𝐸[𝑥𝑐2 (𝑛)]

, 0 ≤ 𝑛 ≤ 2𝑁 − 1

(5)

PAPR is generally calculated using Complementary
Cumulative Distribution Function (CCDF). For a given
𝑃𝐴𝑃𝑅0 value, the CCDF gives the probability that PAPR of
the OFDM symbol is greater than the 𝑃𝐴𝑃𝑅0 .
𝐶𝐶𝐷𝐹 = 𝑃𝑟 (𝑃𝐴𝑃𝑅 > 𝑃𝐴𝑃𝑅0 )

(6)

III. SIMULATION RESULTS
The bit error rate and peak-to-average power ratio
performance of conventional ACO-OFDM techniques are
compared with the proposed new method. Simulations were
performed for 16-QAM for N = 1024 carriers in the
MATLAB environment. AWGN channel is used in
simulations. As shown in Fig. 4, the modified ACO-OFDM
and traditional ACO-OFDM techniques show the same BER
performance.

Fig. 5 PAPR Comparison of DFT-ACO-OFDM and Modified DFT-ACOOFDM

IV. CONCLUSIONS
In this study, we compared the conventional DFT-based
ACO-OFDM structure and the modified DFT-based ACOOFDM method using DTT techniques. Both methods exhibit
the same BER performance. The proposed technique improves
PAPR performance by 2 dB using a simpler method that does
not negatively affect spectral efficiency.
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Abstract— The automatic generation control is important to
operate together interconnected electrical power systems
regulating power flows and frequencies of the systems. In this
study, Load-Frequency Control (LFC) was carried out using
Symbiotic organisms search (SOS) algorithm controller for loadfrequency control of a two-area electrical interconnected power
system. SOS algorithm is used for both the determines on the
parameters of the power system and changes of the load demand
in power systems. Carried out under different operating
conditions, the simulation results demonstrate that SOS
algorithm seems to be more effective in optimizing the controller
parameters.
Keywords— Load frequency control, power system, symbiotic
organisms search, optimization

I. INTRODUCTION
LFC is of great importance to interconnected power system
operation and control for supplying sufficient and reliable
electric power. The main aim of the LFC is to maintain the
system frequency of each area and provide line power flows
within specific tolerable levels by regulating terminal power
of generators [1-2]. The use of PI (Proportional-Integral)-PID
(Proportional-Integral-Derivative) parameters in LFC with
different optimization methods is common in interconnected
power systems.
The ABC algorithm is applied as
multiobjective based optimization of Artificial Bee Colony
algorithm for LFC on a two area interconnected power system
thanks to the local and global search capability of the
algorithm [3-4]. Particle swarm optimization is suggested for
control of the load frequency control problem in a power
system [5-6]. The powerful Firefly algorithm and Imperialist
competitive algorithm are enhanced to determine the
parameters of the controller in load disturbance due to

continuous and rapid changes of small loads that pose
problems for load frequency control of power systems [7-8].
LFC has been used with fuzzy logic controllers in practice.
Fuzzy logic controller is capable of precisely dynamic
performance for loading conditions and various load changes
in different area power systems [9-10]. As well as fuzzy logic
controller, neural network controller has been proposed to
avoid increasing the damping of local and inter area modes of
oscillation in different area interconnected power system [1112]. Except for the available heuristics algorithms, the SOS
algorithm is one of the lately enhanced heuristic algorithms,
which is based on symbiotic interaction strategies adapted by
organisms to survive and generate in the ecosystem. In this
study, SOS algorithm is proposed to found PI-PID parameters
for LFC of a two-area electrical interconnected power system.
The performances of the SOS optimization were compared to
existing literature. It was found that the LFC the system
became stable in a short time with the use of the SOS
algorithm.
II. CONTROL AND MODELING OF LFC
LFC enables the control during normal changes in small
and slow load. Thus, the nonlinear equations defining the
dynamic behavior of the system can be linearized depending
on an operating point. The linear model of LFC for a power
system is given in this section. Each area of the power system
comprises speed governing system, governor, turbine,
generator and load, as given in Fig. 1. [13]. Controlled output
of LFC and input functions are given between equation 1 and
Equation 4.

KDs2  K ps  K I

f
K D s2  s  K p 
R2



  KI


Fig. 1. Two area interconnected power system

ACE1  Bf1  Ptie,12

(1)

ACE2  Bf2  Ptie,12

(2)

d
u1  K p1 ACE1  Ki1  ACE1  K d1 ( ACE1 )
dt

(3)

u2  K p 2 ACE2  Ki 2  ACE2  Kd 2

d
( ACE2 )
dt

(4)

ACE is treated as controlled output of LFC system, which
is used to identify any mismatch between power generation
and load demands. In an optimal control system, the selection
of objective function is done either by (i) taking few points of
the time response, or (ii) by taking the entire time response, i.e.
integral criterion. Integral criterion is the most commonly
used performance index in optimal control theory. The
commonly used performance indices based on integral
criterions are the integral square error (ISE), integral absolute
error (IAE), integral time multiplies of square error (ITSE)
and ITAE. ITAE based tuning causes the system to settle
down much faster than the other tuning methods. ITAE
criterion also provides minimum peak overshoot. On the other
hand, ITSE criterion based controller offers large controller
output for the sudden change in reference value, which is not
expected of the controller design point of view. ITAE and
ITSE equations are shown in equation 5 and equation 6.
t

t

0

0

J1  ITSE   te2  t  dt   t  ACE i  dt
2

(5)

J 2  ITAE
t

t

0

0

J 2= t e  t  dt  t  ACE1  ACE2  f1  f2  Ptie  dt

(6)

Where, J1 and J2 are objective functions for ITSE and ITAE,
respectively. The problem constraints are the controller
parameter bounds; hence, optimal design of LFC problem can
be formulated as follows:
Minimize J1, J2
Subject to:

K p ,min  K p  K p ,max
K i ,min  K i  K i ,max

(7)

K d ,min  K d  K d ,max
III. SYMBIOTIC ORGANISMS SEARCH (SOS) ALGORITHM
The SOS algorithm simulates the interactive behavior of
organisms in nature. Organisms live in isolation thanks to
reliance on other species for survival. This relationship is
known as symbiosis. Similar to other population-based
algorithms, the SOS uses a population of candidate solutions
seeking the optimal global solution. SOS begins with an initial
population known as ecosystem. In the initial ecosystem, a
group of organisms is generated randomly. Each organism
represents one candidate solution to the corresponding
problem. Organisms in the ecosystem are associated with a
certain fitness value that reflects degree of adaptation to the
desired objective.

SOS consists of mutualism phase, commensalism phase,
and parasitism phase. Each phase defines the character of the
interaction. Interactions in the mutualism phase do not impact
others in the commensalism phase, besides; it benefits one
side and actively harms the other one in the parasitism phase.
Each organism interacts with all phases. The process is
repeated until termination criteria are reached [14].
IV. SIMULATION RESULTS
In area 1, load change is selected as 0.01 values. The limit
values used in the optimization of controller parameters are
selected between 0-2. Selection of optimal controller
parameters of PI-PID for the ITSE objective function is given
Table I.
The simulated operation is executed depending on the
parameter values in Table I. Load change results of area 1 in
0.01 variation are shown between Figure 2 and Figure 4. The

simulated operation is executed depending on the parameter
values in Table II. Load change results of area 1 in 0.01
variation are shown between Figure 5 and Figure 7.
When SOS-PID and SOS PI are compared with ITSE
objective function, SOS-PID becomes stable within a shorter
time in Δf1 variation of area 1, Δf2 variation of area 2 and
ΔPtie variation of area 1. Moreover, oscillations in the
system with SOS-PID are damped in a short time. In area 1,
load change is selected as 0.01. Selection of optimal
controller parameters of PI-PID for the ITAE objective
function is given Table II.

TABLE I OPTIMAL CONTROLLER PARAMETERS OF PI-PID FOR THE ITSE OBJECTIVE FUNCTION

Controller

Optimal Controller Gains
Ki1
Kp2
1.4940
0.047
Ki1
Kd1
Kp2
2.0000
1.9782
0.0073

Kp1
0.5763
Kp1
2.0000

PI
PID

delta f2

-0.05

0.01607
0.000174
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Fig. 2. Δf1 variation in area 1 with ITSE objective function (ΔP=0.01
value chance)
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Fig. 3. Δf2 variation in area 2 with ITSE objective function (ΔP=0.01
value chance)

TABLE II OPTIMAL CONTROLLER PARAMETERS OF PI-PID FOR THE ITAE OBJECTIVE FUNCTION

Controller
PI
PID

0.03

0.02

0.02

0.01

0.01
delta f1

delta Ptie

Optimal Controller Gains
Ki1
Kp2
2.0000
0.0871
Ki1
Kd1
Kp2
1.9722
1.7282
0.001

Kp1
0.1037
Kp1
2.0000
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Fig. 4. ΔPtie variation in area 1 with ITSE objective function (ΔP=0.01
value chance)
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Fig. 5. Δf1 variation in area 1 with ITAE objective function (ΔP=0.01 value
chance)
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Fig. 7. ΔPtie variation in area 1 with ITAE objective function (ΔP=0.01 value
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V. CONCLUSIONS
In this paper, the dynamic stability analysis of an
interconnected power system using an optimization
technique called SOS algorithm was investigated. SOS-PI
and SOS-PID controller are also used in two-area hydrothermal. The PI-PID controllers are optimally designed for
two-area hydro-thermal of the SOS algorithm using ITSE
objective function and ITAE objective function. The
effects on the system were investigated by using the SOS
algorithm at 0.01 value change. PID time absolute error of
the frequency deviation of not only areas but also tie line
power is taken as the ITSE objective function, and ITAE
objective function improves the system response in terms
of the oscillation damping and time.
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Abstract— In this study, DSP controlled a single-phase bridgeless
AC-DC rectifier with low total harmonic distortion (THD) and
high power factor (PF) is proposed. Bridgeless converters
remove the input bridge the conventional Boost PFC converters
to reduce complexity and improve overall efficiency. Therefore,
electromagnetic noise (EMI) emissions are minimized and high
power factor is obtained with low total harmonic distortion
(THD) in the input current. Thus, EN61000-3-2 international
standards have been provided in the proposed system. The
performance of the proposed system is evaluated using
simulation studies performed with PSIM and embedded codes
are obtained for the TMS320F28335 DSP processor.
Keywords— Power factor correction (PFC), total harmonic
distortion (THD), DSP, embedded code generation

I. INTRODUCTION
The widespread use of most dc power supplies in electrical
devices, result in an increasing demand for a power supplies
that draw current with a low harmonic content and also have
PF approach to unity. The converters used to obtain the
enhanced power factor are called power factor correctors
(PFC) [1], [2]. The PFCs are divided into two classes as active
or passive. Using active PFC converters, the power factor of
the grid is approached to 1 and the power quality can be
corrected by drawing currents close to the sinus with reduced
harmonic content from the grid [3]. The PFC converters have
been employed in many applications such as power supplies,
computer, television, battery chargers, motor drive
applications, and others [4]-[7].
In the world, any device connected to the grid must provide
input line current harmonic limit values given in EN 61000-32. According to this standard, the limitation of the input
current harmonics is sufficient, so it is not necessary to
provide the unit power factor. However, it is important to
understand the standard, to evaluate the PFC techniques in
accordance with the standard, and to optimize the total cost
and performance by some changes in the standard [8].
In this respect, the standards force PFC circuits to be used
as rectifiers in power systems. Single phase PFC circuits are
widely used in applications ranging from low to moderate

power due to simple circuit construction, low current and
voltage stresses, low number of components, ease of control,
etc. [9]. The commonly used PFC converters are Boost [10],
Buck [11], Boost-Buck [12]. Boost PFC converters are often
preferred in suitable applications, such that the input current
can be brought to a sinusoidal waveform in a manner to obtain
a unit power factor.
Traditional PFC converters usually use a bridge rectifier
and an active switch such as IGBTs and MOSFETs. Recently,
bridgeless PFC converters that do not need a bridge rectifier
have been studied, because the converter efficiency can be
increased by eliminating the bridge rectifier. Many different
PFC techniques have been carried out on this topology, since
the boost converter can handle much higher power levels than
other counterparts [1]-[6]. The bridgeless topology has
outperformed almost all techniques among robustness, power
efficiency and cost. In some recent studies, different many
topologies of single phase bridgeless PFC boost converter
have also been investigated [9]-[12].
In this study, a single phase bridgeless PFC boost converter
is designed, as an alternative to higher voltage applications
such as 500V DC. In addition, when the PFC boost converter
exceeds the limits specified in IEC 61000-3-2, high efficiency
can be achieved in the entire variable output load range.
Moreover, to evaluate the performance of the proposed
control, simulation studies were performed with PSIM
software and embedded codes were obtained for the
TMS320F28335 DSP processor.
II. BRIDGELESS BOOST CONVERTER TOPOLOGY
The output voltage of a boost PFC is always higher than the
grid voltage. The output voltage for 220V grid voltage is
usually set to 400-500 VDC. Figure 1 (a) shows the
conventional Boost PFC. The conventional Boost PFC
consists of a full bridge diode rectifier and a boost converter.
When the switch is closed, the energy is stored in the inductor
and the capacitor is discharged through the resistor. By
controlling the duty ratio of the output voltage to the desired
value, a value higher than the input voltage can be obtained.

The disadvantage of this circuit is the occurrence of high
conduction losses in the direction of the bridge [1].
The Boost topology of the two active switched bridgeless
(Q1 and Q2) is shown in Figure 1 (b).
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Multi loop form as the inner current loop and outer voltage
loop are used at the proposed control. The reference current,
thanks to suitable filtering and signal processing is calculated
with outer control loop. PWM switching signals are generated
to inner control loop by the PI controller.
IV. PSIM SIMULATION AND EMBEDDED CODE GENERATION
The embedded code generation for single phase bridgeless
PFC boost converter is shown in Fig. 3. The overall system
model created using the Embedded Target TMSF28335, C
block and the SimCoder subprograme of PSIM. Subsequently,
the suitable C codes are generated in this mode and sent the
DSP with the emulator on TMS320F28335 eZdsp Kit by TI
Code Composer Studio.

Q2

(b)
Fig. 1 (a) Conventional boost PFC (b) Bridgeless boost PFC

The same control signal can be controlled by both switches.
As a result, the control cycle becomes simpler. During the
positive half-line cycle, L1, D1, Q1, Co and Dp are active.
During the negative half-line cycle, L2, D2, Q2, Co and Dn
are active.
Compared with a conventional boost PFC converter, the
bridgeless topology uses an additional inductor and this causes
disadvantage because of size and cost. However, compared to
a single inductor, better heat performance can be achieved
with two inductors. In addition, the return diodes Dp and Dn
always provide a low impedance current path for the return
current. Thus, higher efficiency is achieved compared to
conventional Boost PFC converter by reducing conduction
and heat losses [12].
III. PFC BOOST CONVERTER CONTROL STRATEGY
The voltage and the current control loops as in Fig. 2 are
required for the PFC boost converter. For each control cycle,
two proportional-integral (PI) controllers are used. For the
voltage controller, a 100Hz band stop filter is used to filter
periodic voltage fluctuations of 100Hz resulting from the
single-phase power fluctuation phenomenon [13].
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TMS320F28335
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Studio (CCS)
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(Design Kits &
Evaluation Modules)
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Fig. 3 Embedded code generation process
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Two active switched bridgeless boost PFCs are simulated
using the parameters shown in Table 1. In the simulation, one
voltage control loop and one current control loop are used.
Higher PF and lower THD values are obtained by using the
current and voltage control loop in the control of the proposed
PFC system. The controller can control the output voltage at
the desired value.
TABLE I.

As it is seen in Fig. 6, the output voltage oscillates from
495 V to 505 V at a frequency of 100 Hz, at the desired value
of 500 V in a short period of time. The amount of oscillation
can be adjusted with the output capacitor.
Vdc
512

PARAMETERS OF SIMULATION

Vdc

Parameters

Value

384

505.75
504
502.25

Input Inductors

L1,L2

2 mH

256

Output Capacitor

Co

2*470 μF

128

Input Voltage

Vrms

220 V

Output Power

Po

1 KW

Output Voltage

Vo

500 V

Grid Frequency

fL

50 Hz

Switching Frequency

fs

200 kHz

500.5
498.75
497
495.25
493.5
491.75
0.109375

0.125

0.140625
Time (s)

0
0.109375

0.125

0.140625
Time (s)

0.15625

0.171875

0.15625

0.171875

Fig. 6 The simulation results of the output voltage (Vdc)

Fig. 4 shows the simulation circuit for current and voltage
control of the two active switched bridgeless PFCs. Fig 5
shows the simulation results for the input current and voltage
at full load steady-state condition. The input current is in the
same phase as the input voltage.

The transient response of the proposed PFC boost converter
simulation model is shown in Fig 7. In the simulation, the load
is changed at t = 0.2s from 100 percent to 66 percent, at t=0.4s
from 66 percent to 33 percent. As shown in Figure 7, the
current control is stable and is regulated.
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Fig. 8 shows the simulation results for the output voltage at
load transient. The output voltage is stable at the desired value
of 500 V in the simulation time and oscillates from 495 V to
505 V at a frequency of 100 Hz.
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Abstract— Dynamic Economic Dispatch is one of the most
important problems of the power system, and it is difficult to
solve by classical optimization methods. In this study, chaos
based gravitational search algorithm is proposed to solve
dynamic economic dispatch problem. Proposed algorithm was
tested on 5 unit test system, which includes valve-point effects,
ramp rate limits and prohibited operating zones. The obtained
result from proposed algorithm has been compared with some
heuristic algorithms. Results show that proposed algorithm has a
good convergence and produces better results than other
methods.
Keywords— Dynamic economic dispatch, gravitational search
algorithm, chaos

I. INTRODUCTION
Economic Dispatch is an important optimization problem in
modern power systems planning. The basic goal of the
economic dispatch is to schedule the outputs of all generators
in the power system such that the fuel cost is minimized while
all the operating equality and inequality constraints are
satisfied [1]. In addition, dynamic economic dispatch
considers the coupling in the time domain, such as ramp rate
constraints for generators [2]. Dynamic economic dispatch
problem was first formulated in 1972. Since the dynamic
economic dispatch problem was introduced, various
techniques like the lambda iterative method, gradient
projection method, Lagrange relaxation, linear programming,
and interior point method have been reported [3]. These
methods have disadvantages because they cannot solve
nonlinear problems. To overcome this problem, many
heuristic algorithms have been proposed. The main ones are
genetic algorithm [4], particle swarm optimization [5],
differential evolution [6], simulated annealing [7], artificial
immune system [8], symbiotic search algorithm [9] and
gravitational search algorithm [10].
Especially gravitational search algorithm has proven its
effectiveness in solving the dynamic economic dispatch
problem. Gravitational search algorithm is one of the recent
nature inspired algorithms, firstly presented by Rashedi et al.
[11]. Mirjalili et al. [12] and Katırcıoglu et. al [13] propose

chaos based gravitational search algorithm to alleviate some
drawbacks and enhance the performance of gravitational
search algorithm.
This paper presents chaos based gravitational search
algorithm applied to dynamic economic dispatch problem
while considering valve-point effects, ramp rate limits and
prohibited operating zones. The proposed algorithm is tested
for 5 unit test system and the results are compared with some
heuristic algorithms reported in recent literature.
II. DYNAMIC ECONOMIC DISPATCH PROBLEM
The objective of dynamic economic dispatch problem is to
find the optimal schedule of output powers of online
generating units with predicted power demands over a certain
period of time to meet the power demand at minimum
operating cost. The objective function of the dynamic
economic dispatch problem can be described as follows:
min FC = ∑

∑

(1)

f , (P , )

where N is the number of dispatch time period, M is the
number of generating units, f , (P , ) is the fuel cost function of
the ith generating unit at tth time period in terms of real power
output of the unit [9]. The fuel cost with valve point effects of
unit i at hour t is expressed as in Eq. (2).
f , P,

= a + b P , + c P , + e ∗ sin(f (P

− P , ))

(2)

where a,b,c are the fuel cost coefficients of the ith
generating unit, e and f are the valve-point coefficients of the
ith generating unit.
This minimization problem is subject to the following
constraints:
1) Load-generation balance:
∑

P , = P , + P , t=1,2,…N

(3)

P , is the total load demanded time of tht. P , is the tht total
loss which can be calculated using B-coefficients, given as
follows:

∑

∑

,

,

∑

,

,

,

,

where B is the loss coefficients of the system.

and exploitation in every iteration from the first to the last. So,
(4) the gravitational constant is updated as follows;
G(t) = C + G . exp(−α. )
(11)

2) Real power generation limit:
P

≤ P, ≤ P

t=1,2,…N

(5)

where P
and P
are minimum and maximum real
power limits of ith generating unit.
3) Ramp rate limits:

P, − P,
P,

≤ UR

4) Prohibited operating zones

,

,

≤
≤

,

≤

, ≤
≤

,
,

,

∈ , = 1,2,3, … . ,

,

= 1,2, … ,

(8)

III. CHAOS BASED GRAVITATIONAL SEARCH ALGORITHM
Gravitational Search Algorithm is proposed by Rashedi
[11], it is a heuristic optimization algorithm which is based on
the law of the gravity. Based on the Newton’s second law of
motion, which is called gravitational force, the masses are
sharing information to direct the search towards the best
location in the search space [14]. Rashedi [11] defined the
gravitational force as following;
F (t) = G(t)

( ).

()

()

(x (t) − x (t))

(9)

where G(t) represents the gravitational constant at time t
and it is a function as following;
G(t) = G . exp(−α. )

(10)

where G and a are constants of the G(t). t is the current
iteration and T is the maximum iteration number. In the initial
iterations, G(t) will be change large steps, and the in the last
iterations it will be change small steps. Katırcıoğlu [13] and
Mirjalili [12] proposed adding a chaotic map to the
gravitational constant for reaching better balance exploration

Sinusoidal map

800
600
400
200
0

where n is the number of the prohibited zones in unit i, θ is
the set of units that have prohibited zones, P , and P , are the
lower and upper bounds of the jth prohibited zone.

(12)

= aX sin(πX ) , a = 2.3

Fig. 1. indicates the output graphic of the determinism
systems able to ensure sinusoidal chaotic behaviours.

(7)

P , is the power output of ith unit at time (t−1), UR and
UDR are the up and down ramp rate limits of ith unit.
,

C=X

(6)

i ∈ M, t ∈ N

− P , ≤ DR i ∈ M, t ∈ N

≤

In this study, the Sinusoidal chaotic map has been used.
The range of Sinusoidal chaotic map lies in the interval of (0,1)
and its formulated as the following.
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P,

0

50
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100

Fig. 1. Views of the sinusoidal chaotic map

IV. SIMULATION RESULTS
In this study, chaos based gravitational search algorithm
was implemented to solve the dynamic economic dispatch
problem. In order to show the effectiveness of the proposed
method, it has been tested on 5 units test system which
includes valve-point effects, ramp rate limits and prohibited
operating zones. Also, the transmission losses are considered.
All required system data and B-coefficients are taken from
Ref [9] and system parameters are given in Table I.
TABLE I
SYSTEM PARAMETERS FOR TEST SYSTEM
Hour
a
b
c
e
f
Pmin
Pmax
UR
DR

P1
25
2
0.008
100
0.042
10
75
30
30

P2
60
1.8
0.003
140
0.04
20
125
30
30

P3
100
2.1
0.0012
160
0.038
30
175
40
40

P4
120
2
0.001
180
0.037
40
250
50
50

P5
40
1.8
0.0015
200
0.035
50
300
50
50

Proposed algorithm has been run 30 times and minimum,
average and maximum fuel cost results presented for this case
is given in Table II. According to the Fig. 2, for all trials the
proposed algorithm can produce fuel cost value near to the
best.
TABLE III
MINIMUM, AVERAGE AND MAXIMUM FUEL COST VALUES FOR TEST SYSTEM

30 trials

Results

Minimum fuel cost ($/h)

43073.799

Average fuel cost ($/h)

47356.0000

Maximum fuel cost ($/h)

43103.599

Also, the details of the best solution obtained from
proposed algorithm are given in Table III.

Fig. 2. Fuel cost values obtained 30 trials for test system

TABLE IIIII
BEST SOLUTION OBTAINED FROM PROPOSED ALGORITHM FOR TEST SYSTEM
P1
20.5142
10.0085
10.0000
10.0990
10.0000
39.9999
10.0001
12.7123
42.7107
64.0189
74.9999
74.9909
64.0183
49.6191
19.6314
10.0043
10.0026
10.0023
12.7128
42.6985
39.3530
10.0006
12.4414
10.0014

P2
98.5637
97.8662
98.5332
98.5404
87.5800
99.9499
98.5342
98.5450
105.4832
98.5133
104.0229
124.7139
98.5447
98.5433
98.5404
82.1631
87.5741
98.5212
98.5225
119.9390
98.5432
98.5374
98.5453
75.7913

P3
30.0046
66.5776
106.5692
112.6839
112.6809
112.6664
112.6746
112.6757
112.6599
112.6725
112.6775
112.6785
112.6863
112.6644
112.6765
112.6717
112.6778
112.6810
112.6738
112.6735
112.6849
112.6781
72.6842
32.6869

P4
124.9054
124.9144
124.9129
124.8868
124.9045
133.7225
183.7175
209.7998
209.8204
209.8198
209.8171
209.8079
209.8220
209.8158
202.8314
152.8316
124.8989
165.2229
209.8203
209.8158
209.8193
209.8049
209.8221
209.8246

P5
139.8280
139.7591
139.7669
189.7669
229.5171
229.5204
229.5216
229.5249
229.5262
229.5349
229.5274
229.5288
229.4880
229.5257
229.5315
229.5306
229.5291
229.5234
229.5283
229.5304
229.5011
181.8925
139.7330
139.7601

Ploss
3.8159
4.1258
4.7822
5.9770
6.6825
7.8591
8.4480
9.2577
10.2004
10.5594
11.0448
11.7200
10.5593
10.1683
9.2112
7.2013
6.6825
7.9508
9.2577
10.6572
9.9015
7.9135
6.2260
5.0643

Best fuel cost result obtained from proposed algorithm is
compared with other methods in Table IV. Results in Table IV.
obtained from Ref. [9]. As can be seen in Table IV, proposed
algorithm produces fewer fuel cost value by 43,087.799 ($/h)
than other heuristic algorithms. Convergence curve for
proposed algorithm is given in Fig. 3.

Method

Best fuel cost ($/h)

SA

47356.0000

PS

46530.0000

GA

44862.4200

PSO

44253.2400

ABC

44045.8300

DE

43213.0000

HHS

43154.8500

ICA

43117.0500

SOS

43090.5925

Proposed Algorithm

43073.799

Fuel Cost ($/hr)

H
1
2
3
4
5
6
7
8
9
10
11
12
13
14
15
16
17
18
19
20
21
22
23
24

TABLE IVV
COMPARISON OF RESULTS FOR TEST SYSTEM

Fig. 1. Convergence curve of proposed algorithm for test system

V. CONCLUSIONS
In this study, we have successfully employed the chaos
based gravitational search algorithm to solve the dynamic
economic dispatch problem with the all constraints. Proposed
algorithm has been tested 5 unit test system which includes
valve-point effects, ramp rate limits and prohibited operating
zones. The proposed algorithm has been demonstrated high
quality solution and stable convergence characteristic. Also to
see its effect obtained results are compared with other
metaheuristic optimization methods reported in the literature.
Then it has been run 30 times and close values have been
taken. Finally, the results show that the chaos based
gravitational search algorithm is an alternative and powerful
optimization algorithm for solving dynamic economic
dispatch problem.
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Abstract— Increased energy demand has led to alternative energy
sources such as solar, wind, and biomass, and the efficient use of
these resources. However, it is very important to follow the correct
and reliable way of investing in terms of efficiency and operational
convenience. Electricity from solar energy is used not only in cities
but also in places where population density is low, such as villages,
towns, vineyards. In this study, focuses on accurate and reliable
design for grid-connected solar investments and the selection
criteria of solar equipment. Solar efficiency of the different solar
panels and inverters are calculated for three different areas which
are Isparta Yalvaç, Isparta Aksu and Eskişehir, and some
suggestions are made in order to improve the efficiency. Solar
radiation values are different from each other for these three
areas. By this study, three different solar panels are investigated
and three different PV array/inverter ratios are selected for
inverter sizing in order to compare the results.
Keywords— solar energy, power plant, design, energy, renewable

I. INTRODUCTION
In addition to the benefits of industrialization, which is the
basis of the economies and growth of modern societies, it has
brought with it many problems awaiting solutions. The most
important of these is the increase in energy demand for the
world and our country [5]. It is seen that the most widely used
energy source for electricity generation in the world is coal and
immediately followed by renewable energy sources. The
United States, Germany, China and India supply their
electricity mostly in coal, Russia supplies in natural gas, France
supplies in nuclear energy and Canada supplies in renewable.
The ratio of some countries to electricity production by source
is shown in Table 1.
TABLE I
SOME COUNTRIES ELECTRICITY PRODUCTION RATIO BY SOURCE
Country
2016

Coal

France

2,1%

0,3%

2,3%

77,6%

17,5%

0,2%

Germany

45,5%

0,9%

9,9%

15,5%

28,0%

0,3%

USA
Canada

39,5%
9,9%

0,9%
1,2%

26,8%
9,3%

19,1%
16,4%

13,6%
62,8%

0,1%
0,3%

China

72,5%

0,2%

2,0%

2,3%

23,0%

0,0%

India

75,1%

1,8%

4,9%

2,8%

15,5%

0,0%

Russia

14,9%

1,0%

50,1%

17,0%

17,0%

0,0%

World

40,6%

4,3%

21,6%

10,6%

22,9%

0,1%

Petroleum

Natural
Gas

Nuclear

Renewable

Other

Turkey has seen by the end of 2016; electricity generation is
273.4 billion kWh and consumption is 278.3 billion kWh.
Turkey’s annual electricity energy consumption growth rate
has been around 5.4% on average in the last 15 years. By the
end of 2016, our electricity production was 273.387 GWh,
184.889 GWh from thermal power plants, 67.268 GWh from
hydroelectric power plants and 21.230 GWh from other
renewable energy sources [1]. Turkey is suitable for utilization
of solar energy. The solar energy potential of Turkey is the
equivalent of 1.3 billion tons of oil [3].
In the literature review, eﬀects of environmental factors on
the performance of solar PV system is investigated. The eight
major environmental factors that aﬀect the performance of solar
PV system in existing literatures. There is temperature, solar
irradiance, elevation, wind speed, soiling, precipitation, latitude,
clouds [7]. In addition, Pedersen and others studied on soiling
effect on PV systems. Combining the quantitative dust
measurements and the optical characterization, an
approximately linear correlation between the increase in soil
density and the reduced transmittance is observed [8]. Studies
from various research paper we understood that there may be
some drawback in PV industry like failure of power generation
in cloudy weather, high capital cost, lack of solar cell materials,
complex module manufacturing process, higher tariff, larger
loss, proper architectural design etc. [9].
It is clear that investment in renewable energy power plants,
especially solar energy, will continue. In this study, it is aimed
to analyze solar energy design criteria for a reliable and correct
roadmap.
II. METHOD
Solar energy is one of the best sources of available renewable
energy sources. Solar energy has many advantages such as no
fuel required, quiet, non-polluting, less maintenance etc. For an
accurate and reliable solar energy investment, targets, risks and
opportunities should be assessed firstly. Risks in a project can
be social, economic and political. Government grant for
renewable energy in Turkey should be considered as an
opportunity for a correct investment.
In terms of site selection, there are no precise rules but there
have been some ideas from the experience of past projects. In

this context, there are ten basic criteria such as solar potential
of the region, soil structure, site front, site location and physical
structure, agriculture suitability, shading, pollution and
pollination, grid closeness, weather conditions, transportation
conditions, local government zoning plan. These design criteria
should be taken into consideration when selecting site [4]. Solar
energy potential atlas was first used in the selection of our site.
It was given Figure 1. Considering the other basic criteria,
Isparta – Aksu region was selected. Eskisehir and Isparta yalvaç
regions were selected for comparison.

kWh/m2-year and 1750 kWh/m2-year. Due to solar radiation
value and other reasons, the selection of the place is better than
the other places when the amount of energy produced annually
in the table is taken into consideration.
TABLE II
COMPARISON TABLE OF SELECTED SITES

Isparta
Aksu
Isparta
Yalvaç
Eskişehir

Fig. 1 Turkey solar energy potential atlas [2]

Design
1145
kWp
1145
kWp
1145
kWp

Produced
Performance
Energy
Specific Production Ratio
1717
MWh/year 1499 kWh/kWp/year
78.6%
1711
MWh/year 1494kWh/kWp/year
78.1%
1558
MWh/year 1360 kWh/kWp/year
78.8%

The tilt angle, panel type, cable cross section and cable
length are effective of accurate PV system the design.
According to the analyzes results, the 30 degrees tilt angle
provided by the highest production value in the Isparta Aksu
region. It means the best tilt angle for absorbing solar radiation
is 30 degrees for Isparta-Aksu region. Secondly, panel type
effect on total electricity production is examined. Although,
Mono-crystalline panels have higher efficiency, it is seen that
amorphous silicon solar panels have the highest electricity
production capacity in Aksu region. Poly- crystalline panel type
has the highest electricity production capacity in Eskişehir
region. As a result, the influence of the PV module technology
seems changing according to the region. While the a-si module
is more efficient in Aksu region, the polycrystalline type is
more efficient in the Eskişehir region.
TABLE III
COMPARISON TABLE OF TILT ANGLE AND PANEL TYPE

Fig. 2 Eskişehir region solar energy potential atlas [2]

Isparta Aksu

Tilt Angle

Panel Type
SiSimono
poly A-si

Produced Energy
(MWh/year)

28

30

32

1716

1717

1716

1716

1717

1774

Performance Ratio (%)

78.6

78.6

78.6

78.5

78.6

79.8

Eskişehir
Produced Energy
(MWh/year)
Performance Ratio (%)

Panel Type
Si-poly

A-si

1558

1408

78.8

81.6

Finally, cable length and cable section effect on total
electricity production are investigated. The effect of cable
cross section and cable length is based on losses. Total
electricity generation will increase as cable losses decrease. As
a result, the cable cross section should be high and the cable
length should be designed as short as possible.
Fig 3. Isparta region solar energy potential atlas [2]
It is seen that the value of solar radiation for the Eskisehir
province is between 1400 kWh/m2-year and 1600 kWh/m2-year
and the value of solar radiation for the Isparta province 1600

TABLE IV
COMPARISON TABLE OF CABLE SECTIONS AND CABLE LENGTH
Isparta Aksu

Produced Energy
(MWh/year)
Performance
Ratio (%)

PV Cable Section

When cable length is doubled, ohmic wiring loss is also
doubled as seen in Fig. 6.

PC
Cable
Length
6 mm * L * 2

4 mm

6 mm * L

1774

1798

1796

79.8

80.9

80.8

Schematics representation of energy loss diagrams of cable
section and cable length analysis. Loss diagrams in Fig. 4 and
Fig. 5 shows that SPP, is used 6 mm PV cable, has less ohmic
wiring loss. Total electricity generation is influenced by cable
section. Total electricity generation and comparing could be
seen in Table 4.

Fig. 6 Loss diagrams of a SPP have 6 mm cable section
doubled cable lengths
In addition to all analyses three different PV array/inverter
ratio as shown in Fig. 7, Fig.8 and Fig.9 and three different
inverter manufacturers called A, B and C are selected for
investigating inverter effect. The optimal configuration is
determined sizing between PV array and inverter with the aim
of the highest production of the total PV system [6].

Fig. 4 Loss diagrams of a SPP have 4 mm cable section

Fig. 7 Power sizing characteristics for undersized inverter
Fig. 5 Loss diagrams of a SPP have 6 mm cable section

PV array/inverter ratio for grid connected PV system
influence total electricity production. When PV array/inverter

ratio is 1.39 in Fig. 5, called under-sized, overload loss is 27265
kWh. Overload loss reduces total electricity generation.
PV array/inverter ratio is 1.15 in Fig. 8, called fair-sized,
overload loss is 501 kWh. This value can be ignored.

It is related to inverters performance. Table 5 and table 6
contains total electricity production of different sizing and
manufacturers in selected sites.

Fig. 10 PV array-inverter loss diagram for A inverter

Fig. 8 Power sizing characteristics for fair-sized inverter
When PV array/inverter ratio is 0.97 in Fig. 9, called oversized, overload loss is 0 kWh. However, the cost of investment
is increasing unnecessarily.

Fig. 11 PV array-inverter loss diagram for B inverter

Fig. 9 Power sizing characteristics for oversized inverter
As shown in Fig. 10, Fig. 11 and Fig. 12 total electricity
production depends on manufacturer. The choice of inverter
manufacturer is also effective for total electricity production.
Analysis was performed for three inverters in the three-selected
site and it is seen that the inverter effects are not depend on sites. Fig. 12 PV array-inverter loss diagram for C inverter

-

TABLE V
COMPARE TABLE FOR INVERTER SIZING AND MANUFACTURERS
IN ESKIŞEHIR REGION
Eskişehir

Produced Energy (MWh/year)
Performance Ratio (%)

Inverter size (A)
Undersized
1555

Fairsized
1558

Oversized
1557

78.7

78.8

78.8

Eskişehir

-

Inverter Manufacturer
A

B

C

Produced Energy (MWh/year)

1558

1596

1539

Performance Ratio (%)

78.8

80.7

77.9

TABLE VI
COMPARE TABLE FOR INVERTER MANUFACTURERS IN AKSU
AND YALVAÇ
Project name

Aksu

IV. REFERENCES
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Inverter Type
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III. CONCLUSIONS
Paper explains the tilt angle, panel type, cable cross section,
cable length, PV array/inverter ratio and inverter manufacturer
are effective to the total electricity generation. The main results
concerning creating reliable and accurate roadmap for solar
investments are:
-

-

-

Total electricity generation is influenced by the
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difference between the three regions.
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changing according to the region. While the amorphous
silicon photovoltaic modules are more efficient in Aksu
region, the polycrystalline photovoltaic modules are
more efficient in the Eskişehir region.
The effect of cable cross section and cable length is
based on losses. As the cable cross section increases, the
losses decrease and cable length is directly proportional
to losses.

The incidence of inverter manufacturer selection is also
important for performance ratio alike the total electricity
generation. It is seen that the performance ratio that is
analyzed by the inverter manufacturer does not change
depending on the region.
The parameter, PV array/inverter ratio, effects the total
electricity generation. When the ratio is less than 1.1 as
example overload losses seriously increase. As a result,
total electricity generation decreases. In addition to this,
when the ratio is greater than 1.2, overload loss will be
reduced and set zero. But this time the cost of
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Abstract— In recent years, wind energy has been getting more
interest because of various environmental and economic
considerations. This paper proposes an approach to solve
Economic Dispatch (ED) combining stochastic wind power with
conventional thermal generators in the modern power system. To
solve the ED problem effectively, Salp Swarm Algorithm (SSA)
has been applied to this problem. The Weibull probability
distribution function is used for forecasting wind power output.
The incomplete gamma function (IGF) is used to characterize the
impact of wind power. To validate the effectiveness of the
proposed method, it is tested on various power systems with 6
and 13 power plants with wind power. The results generated by
SSA are compared with Symbiotic Organism Search (SOS)
algorithm. Results obtained from the experiment show that the
SSA algorithm produces better result than SOS algorithm.
Keywords— Economic dispatch, wind power, salp swarm
algorithm, optimization, renewable energy

I. INTRODUCTION
Economic dispatch (ED) problem is a major optimization
problems in electric power system. The prior aim of the ED
problem is to minimize the cost function. Recently, renewable
energy sources are preferred more than fossil fuels because of
the increase in fuel prices and environmental concern. Wind
energy is one of the most important renewable energy sources.
Therefore, wind power sources can include into the classical
economic dispatch problem [1].
Wind power systems have some advantages and
disadvantages. One of the most important benefits of wind
energy system is that there is no other cost in power
generation except for the capital cost and initial cost [2].
On the other hand, the major disadvantage of wind power is
the uncertainty of the wind in nature. Economic dispatch
problem including wind power is stochastic because wind
speed is unknown at any future time. Different probability
density functions have been involved because wind power is
stochastic in nature. [3] In this paper, Weibull Probability
Distribution Function (PDF) is used to estimate wind power
and Incomplete Gamma Function is considered to characterize
the impact of wind power [4]. Hetzer[2]et.all, has been
developed a novel model which includes overestimation and
underestimation costs of available wind power. They have
been considered by introducing reserve cost and penalty cost
into the objective function. Over the last few years, many

optimization techniques have been applied to solve the
economic dispatch problem incorporating wind power system,
such as Hybrid imperialist competitive-sequential quadratic
programming algorithm [5] Brain Storming Algorithm [6]
Wait-and-See approach [7], Here-and-Now approach [8],
Bacterial Foraging Algorithm [9].
Salp Swarm Algorithm is a newly proposed heuristic
algorithm which has been developed by Mirjalili in 2017 [10].
This algorithm is based on swarming behaviour of salps when
navigating and foraging in oceans. Salp Swarm Algorithm is
tested on unimodal and multimodal mathematical functions to
observe behaviour of salps by Mirjalili [10]. The obtained
results show that Salp Swarm Algorithm can improve the
initial random solutions effectively and converge towards the
optimum. There are various studies in different areas related
to Salp Swarm Algorithm such as Ref. [11] and [12].
It is aim to this paper is an economic load dispatch model
including wind power is developed to minimize the fuel cost
of power units. This model includes both thermal power units
and wind power generators. To solve the problem effectively,
Salp Swarm Algorithm is implemented the test system. The
proposed Salp Swarm Algorithm has presented effective
results. Rest of paper is organized as follows. In section II, the
economic load dispatch model will be developed to include
conventional generators and wind power generators. In
Section III, the stochastic wind power is presented. The
proposed algorithm is explained in Section IV. Experimental
results are given in Section V and finally Section VI presents
conclusions.
II. ECONOMIC DISPATCH MODEL CONSIDERING WIND POWER
The objective function of the optimization problem in this
paper is to minimize the operating cost of power generation
power from a combination of wind-powered and conventional
generators. The objective function of the ED problem
including wind power can be described as follows:
min F(J) = J1+J2

(1)

J1 is the fuel cost of the thermal units, J2 is the total cost of
wind power system. The cost function of conventional thermal
units is calculated as given in (Eq.2):

J1= ∑

(2)

(a + b P + c P )

where NG is the number of generating units, a , b , c are
the cost coefficients for the i thermal power generator.
Hetzer et.all. [2] have been developed a model to characterize
the total cost of the wind power as given:
J2 = ∑

WPCost

,

+ WPCost

,

+ WPCost

(3)

,

where WPCost , is directly proportional to output wind
power, WPCost , overestimation cost of wind power and
WPCost , underestimation cost of wind power. According to
[5] WPCost be written as follows:
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P is the total load demand. P is the total loss.
2) Real power generation limit:
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Mean of Weibull distribution is defined as :
µ = cΓ(1+k

(8)

) is implemented as follows :

+ W )[exp(−

,
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) = ( W , − W ) [ exp(−

,

,

can be shown as follows:
× E(Y

∑

III. WIND POWER CHARACTERIZATION
(6)
In economic load dispatch including wind power problem,
it is necessary to characterization of the wind speed because of
the uncertain in nature. It is well established that wind speed
distribution follows Weibull probability density function. The
probability of wind speed v m/s following Weibull PDF with
shape factor(k) and scale factor (c) and shape factor(k) is
given by [14];

)is represented as follows:

Similarly, WPCost

E(Y

× E(Y

1) Load-generation balance:

where P
and P
are minimum and maximum real
(5) power limits of ith generating unit.
In this paper, other losses are omitted.

(q × w )

can be presented as follows:

,

A. System Constrains
This minimization problem is subject to the following
constraints:

)

(11)

where gamma function Γ(x) is described as :
Γ(x) =∫ t
e dt

(12)

Power output of a turbine as a function of wind speed (v)
can be described as :
)] +

( )=

0, for
(

<

for
)

for

and
<

≤

>

≤

≤

(13)

According to Eq. (Eq.13),when wind speed v is below cutin speed v and above cut-out speed v the power output is
,
− Γ (1 + , ( ) , )]
(9) zero. The turbine gives rated power output p between rated
wind speed (v ) and cut-out speed (v ). For these discrete
zones, probabilities are given by [14]:
where cj and kj are the scale factor and the shape factor of
the ith wind unit respectively, which are used in the Weibull
f (p ){p = 0} =Fv (v ) + (1-Fv (v ))
distribution of the wind speed; vr,j is the rated wind speed; vinj
is the cut-in wind speed; vout,i is the cut-out wind speed;
=1-exp [−( ) ] + exp[−( ) ]
(14)
v = v + (v − v )w /w is an intermediary parameter
and
in Ref. [13].
−exp(−

)] + (

,

,
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)

f (p ){p =p
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) - Fv(v )

= exp[−( ) ] − exp[−(

) ]

The overall procedures of the SSA are shown with the steps as
15) follows:

The wind turbine power output is continuous between cutin speed (v ) and rated speed(v ) of wind. The probability
for the continuous region is calculated as [14]:
f (p ) =

*exp −

(

∗

)
(

v +
)

(v − v

Step 2 : Evaluate the fitness of each search agent
Step 3 : Update

values

(16) Step 4 : if i = 1
Update the position of leading salp

IV. SALP SWARM ALGORITHM AND IMPLEMENTATION TO THE
PROBLEM
Salps belong to family of Salpidae and they form a swarm
called salp chain in oceans [10]. Some researchers believe that
the behavior of Salps is related to foraging and navigating.
[11]. Salp chain is divided to two groups: leader and followers.
The leader is at the front of the chain and the rest of salps are
called as followers. The leader moves towards the food source.
The salps move towards to food source when it replaced by
global optimum however, global optimum of optimization
problems is unknown. In this case, it is assumed that the best
solution obtained by now is the global optimum and assumed
as the food source to be followed up by the salp chain [12].
To update the position of the leader the following equation
is proposed.
x = {F + c ((ub − lb )c + lb ) c ≥0.5
{ F − c ((ub − lb )c + lb ) c <0.5

Step 1 : Generate initial salp population
(i =1,2,,n) considering ub and lb

Step 5 : else
Update the position of the follower salp
Step 6 : Change the salps based on the ub and lb of variables.
Step 7 : Return Step 3
Step 8 : Stop.

V. CASE STUDIES AND RESULTS
In this section, Salp Swarm Algorithm is implemented for
solving the economic dispatch that includes wind-powered
generators in addition to the conventional generators. In this
simulation, the maximum iteration number was set to 1000
and the number of search agents considered as 30.The cut in
speed of each wind turbine generator is ( ) =3m/s, rated
wind speed is( ) = 16 m/s, and cut out speed is (
) =25
m/s. The shape factor and scale factor of Weibull pdf are
(17) assumed to be k1=k2 = 2 and c1=9, c2=10 m/s respectively.

The coefficient c balances exploration and exploitation
defined as follows:

A. Case I

To verify the validity of the method in this paper, it is a
modified IEEE 30 Bus 6 Generator test system. The last two
units are replaced by wind generators. Load demand is set to
(18)
c = 2e ( )
283.4 MW. The cost coefficients of first four generators are
taken from [15] and system parameters are given in Table I.
Where l is current iteration, L is the maximum number of
TABLE I
the iteration. The parameter c 2 and c 3 are random numbers
FUEL COST COEFFICIENTS
uniformly generated in the interval of [0,1].
To update the position of the followers, the following
Pimax
Units A
b
c
Pimin
150.0 2.000 0.0016
50
200
G1
equations is utilized (Newton’s law of motion):
x = αt + v t i ≥ 2

(19)

G2
G3
G4

25.0
0
0

2.500
1.000
3.25

0.0100
0.0625
0.00834

20
15
10

80
50
35

Wind power penalty and reserve cost coefficients is
considered as Crwj=3 and Cpwj=1,5 respectively and rated
power of each wind turbine is assumed to be Pr = 3 MW and
total rated output power both of wind farms are 30 MW and
45 MW respectively. Best cost result obtained from SSA and
x = (x + x ) i≥ 2
(20) SOS are presented in Table II. As can be seen in Table II,
SSA produces fewer fuel cost value by 871.5126 ($/h) than
In this work, Salp Swarm Algorithm is implemented
SOS.
economic load dispatch including wind power system. The
main inspiration of SSA is swarming and foraging behaviour
of Salps. The inspiration of SSA can be found in Ref. [10].

Because the time in optimization is iteration, the
discrepancy between iterations is equal to 1, and
considering v
= 0, this equation can be expressed as
follows:

TABLE II
COMPARISION OF SSA AND SOS
P1
P2
P3
P4
W1
W2
Best Cost

SSA
199.9992
20.7131
15.0093
10.0598
14.7746
22.8440
871.5126

SOS
199.2576
20.1657
17.0781
10.3337
13.5769
22.9915
872.0004

B. Case 2
In this case, the test system consist of 13 Generator units. In
the test system, the last two units are replaced by wind
generators. Load demand is set to 1800 MW. The cost
coefficients are taken from [16] shown in Table III.

a
550
309
307
240
240
240
240
240
240
126
126

B
8.10
8.10
8.10
7.74
7.74
7.74
7.74
7.74
7.74
8.60
8.60

C
0.00028
0.00056
0.00056
0.00324
0.00324
0.00324
0.00324
0.00324
0.00324
0.00284
0.00284

Pimin
0
0
0
60
60
60
60
60
60
40
40

Pimax
680
360
360
180
180
180
180
180
180
120
120

Wind power penalty and reserve cost coefficients is
considered as Crwj =15 and Cpwj= 7,5 respectively and rated
power of each wind turbine is assumed to be Pr = 5 MW and
total rated output power both of wind farms are 50 MW and
75 MW respectively. Salp Swam Algorithm is compared to
Symbiotic Organisms Search Algorithm in Table IV.
TABLE IV
COMPARISION OF SSA AND SOS
P1
P2
P3
P4
P5
P6
P7
P8
P9
P10
P11
W1
W2
Best Cost

SSA
475.8474
206.2844
216.6696
155.4389
109.5814
96.7762
158.7907
112.9573
96.5694
41.8412
69.1270
21.6989
38.4175
17679.9123

SOS
558,0615
93,1927
173,6006
97,05160
124,1666
117,3912
113,9037
166,1826
116,7156
88,9793
60,0989
30,3126
60,3340
17868.3881
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Abstract— Power transformers work in many places, from the
production phase of electricity to the transmission and
distribution phases. When different periodic time periods are
taken into consideration, it can be seen that the power
transformers can operate at small powers or very small powers
in some time periods. This small-power operation, which can be
defined even as idling, is counter-productive as a proportional
increase in energy loss. This loss ratio, which is not taken into
account in many cases due to the small power of the work, is a
serious loss and cost outcome when considering a large number
of power transformers and annual periods. In this study, we have
worked on a model in which apparent time periods with little
load are determined by software, and in those periods, the load is
fed by power transformers of smaller power or fewer. With the
model being worked on, reducing the amount of power lost and
energy costs during periods of reduced load is demonstrated by
application and analytical solutions.
Keywords— power transformers, load transfer, energy efficiency

I. INTRODUCTION
As the subscribers who draw electricity from the grid
circuit shows the changes in their energy usages at various
times of the day, weeks, months and years. Especially, public
institutions, industrial facilities, etc. that do not work at night
and on weekends, this difference can approach the whole of
the power demand. This large change in the power demand
leads to different loads of distribution transformers between
idle and full loaded operations.
For low-voltage subscriptions, this change has no negative
effect. The electricity operations or high voltage subscribers
that need to be compatible with this change, assumes the loss
caused by the change in the demand for power.
In addition to the inefficiency of low-power operation in idle,
it is necessary to meet the peak power demands that may
occur in some time periods. In other words, the surplus loss
incurred by not operating the transformer responsibility in its
own power plant without the low power ratio in the empty
space will be reflected as a negative effect on the electricity
cost of this plant.
In this study, a prototype application is implemented in
order to reduce the transformer operation with low or idle
power ratio. In this operation, it is aimed to comply with the
requested power ratio using more than one transformer. The
control layer used for this purpose ensures that the transformer
or transformers are switched on or not, without any energy
interruption. Thus, the extra electrical energy efficiency is

aimed with a control flow that verifies the transformer or
transformers can provide the required appropriate power when
they are in operation.
II. OPERATING CHARACTERISTIC OF TRANSFORMERS
As with all machines that perform energy transfer, in
transformers, not all of the incoming energy can be projected
to the output, and some of it appears as loss. The losses in the
transformers occur as hysteresis and eddy losses on the core
magnetic flux and copper losses on the winding resistances.
Because, magnetic-based hysteresis and eddy losses have little
relation with the load current, they are usually handled in idle
motion power. On the other hand, since copper losses arise
from the load current, it is considered in the loaded work
power. In these expressions, magnetic losses can be defined as
constant losses, and copper losses (1) can be defined as
variable losses due to the load current.

P =I xR

(1)

Despite the fact that the loss power increases, operating a
transformer on the tag power will reach its maximum
efficiency. But in order for this to happen, it is necessary to
have a claim to draw this power from the transformer. If
power is used unnecessarily from the transformer without
power demand, it will be a useless loss of power for the
purpose of non-use [1], [2], [4].
When the power is not pulled, the fluctuating losses based
current of transformers disappear, however the magnetic
power losses keep constant and never change.
This leads to inefficiency by increasing the loss ratio,
especially in the case of large power transformers, if they are
operated in small loads at no load. On the other hand, if the
transformer is operated with a size suitable for the power
demand, the efficiency will also increase because the
transformer works close to the tag power. Even if there is an
increase in energy efficiency of the transformer with the use
of power and energy without any need, the energy efficiency
evaluated at the higher stages will be adversely affected
[3],[5-7], [9].
III. ENERGY EFFICIENCY BASED DUAL TRANSFORMER USAGE
Transformers can be performed as two-stage feeds in highvoltage subscribers who do not work at night and on

weekends, where the actual power demand is reduced,
although it is not possible to ensure maximum efficiency to
work close to tag power due to the large variability in load
demands. In Fig.1 high power consumption, two transformer
power flows, is shown as the control scheme. Here, TR1 and
TR2 can be switched on and off depending on the feedback
information obtained from the load.
Transformers TR1 and TR2 should not have any power
interruption during their operation. For this purpose, shortterm or parallel operation is the subject of the phases of
entering and leaving the circuit. Continuous parallel operation
is not considered suitable for this operation because of the risk
of achieving a minimum power requirement of 1/3 between
transformers, which is required by parallel operating
conditions.

Fig. 1 Energy efficiency based dual transformer control

TF2 =

TF3 =

TF1 =

(2)
+

(3)
(4)

The transfer function for the energy efficiency-based dual
transformer control scheme shown in Figure 1 can be written
as equation (4). The control circuit and the power circuit to
which the appropriate load transfer can be performed for the
transfer function, is given in Fig. 2. Here, transformers TR1
and TR2, fed from the high-voltage busbar, supply the lowvoltage busbar through the switches S1 and S2.
The necessary load transfer and parallel operation between
the transformers is provided by the control circuit of Fig. 3 in
accordance with the control scheme of Fig. 1. Depending on
the current and voltage information detected by this circuit,
the circuit breaker switches which activate or deactivate the
transformers are processed. The PIC controller, which has the
necessary software installed, decides which interrupter will
perform the function in which case and at what time.

Fig. 2 Parallel load transfer of transformers

IV. THE EFFECT OF DUAL TRANSFORMER USAGE ON ENERGY
EFFICIENCY
In Fig. 4, for a load transformer of 500-2000 kVA, a graph
of general  = (% ) change is given. When looking at the
graph, it turns out that if you have a load ratio of 40% or
lower for power transformers, there is a drop-in efficiency that
must be considered.
When a graph for a 2000 KVA transformer is examined, a
loss of 40 KVA is generated when the operation is considered
with a yield of 98% at 1/1 power ratio. Considering that it
operates at 1/4 power ratio, that is, with an efficiency of 86%
for 500 KVA, a loss power of 70 KVA arises. If these power
values given in terms of apparent power are considered to
have a power coefficient of at least 0.8, they will be reflected
as an active loss of a minimum of 80%.
It is recommended to proposed work with a smaller
transformer power transfer when a power ratio of 1/4 or less is
required. If this power transmission is made with a
transformer of 500 KVA operating at 95% efficiency, the loss
power at 70 KVA above can be reduced to 25 KVA. If the
power coefficient is considered to be at least 0.8, the lost

power of 56 KW will be reduced to 20 KW and a loss of 36
KW will be achieved.

has 2000 KVA transformer. Monthly, 22 days X 10 hours
active, 22 days X 14 hours + 8 days x 24 hours passive. Based
on 1/4 power ratio for passive time zones, energy savings of
36 X 500 = 18000 KWH per month and 216000 KWH per
year may be the case.
V. CONCLUSIONS
The efficiency of power transformers used in many places,
from the production stage of electricity to the transmission
and distribution phases, has a significant impact on energy
efficiency. For different establishments and institutions, when
different periodic time periods are considered, it can be seen
that when the transformers are operating at small power ratios,
the loss ratios increase significantly.
To reduce this loss ratio, two transformer models have been
proposed in this study. In the proposed model, a large power
transformer is used when the working power ratio is large, and
a small power transformer is used when the working power
ratio is small. Significant power and energy savings have been
shown to occur at monthly and annual periods with the use of
a small power transformer when the operating power ratio is
small.
The power transmission between two different power
transformers and parallel operating conditions are modelled in
a control flow diagram, controlled by ardunio processor and
power control layers. The system is modeled as a prototype
for the use in real power transformers.
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Abstract— This study aims to estimate the parameters of fuel cost
functions that are used in Optimal Power Flow (OPF) and
Economic Load Dispatch (ELD) problems powerfully. In order
to achieve this, the problem has been considered as an
optimization problem and this problem aims to minimize the
error value between estimated and actual fuel cost values.
Gravitational Search Algorithm has been proposed for
estimation process. In order to evaluate the effectiveness of the
proposed algorithm three different test cases have been used.
Results obtained from proposed algorithm have been compared
other algorithms reported before in the literature. These results
show that the proposed algorithm can produce the parameters
effectively and decrease the error value between estimated and
actual fuel cost values for all test cases.
Keywords— Fuel cost function; Gravitational Search Algorithm;
Parameter estimation; Optimization; Input-Output Curve

I. INTRODUCTION
Optimal Power Flow (OPF) and Economic Load Dispatch
(ELD) calculations are important problems for power system
management and operation [1,2]. Fuel cost function of a
thermal power plant used in calculation of these problems
reflects the economical (input-output) characteristics of
operational condition. The fuel cost function can be described
as convex and non-convex model depending on the working
conditions taken account of. Aging of operating units and
operating temperature influence directly the input-output
curve characteristics and thus OPF and ELD calculations.
Therefore parameters of fuel cost function should be estimated
most accurately and periodically.
From past to the present, researchers have tried to estimate
the parameters of the cost function using static and dynamic
prediction models. Before, mathematical models such as least
square error (LSE) and Gauss–Newton, Bard algorithm,
Marquardt algorithm, and Powell regression algorithm [3,4].
Although these iterative methods have been effective in
finding the parameters of the linear equations, they have failed
in non-convex equations and produced gross errors. Later,
dynamic estimation techniques such as Kalman Filter (KF)

and Square Root Filter (SRF) have been used for estimation of
function parameters more accurately and stable [5,6]. After
the development of modern machine learning algorithms,
algorithms such as Artificial Neural Network (ANN), Genetic
Algorithm (GA), Particle Swarm Optimization, Artificial Bee
Colony and Cuckoo Search (CS) have been applied for
parameter estimation of convex and non-convex functions. All
of these algorithms have produced successful results, and each
new method recommended has improved the results of
reported previous ones generally [7-13].
In this study, the parameter estimation problem is defined
as an optimization problem and it is aimed that minimizing the
estimation error for different fuel cost function types.
Gravitational Search Algorithm (GSA), which is a powerful
optimization method developed by Rashedi et al. in 2009 [14],
has been used for estimation. Obtained results have been
compared with other methods reported before in the literature.
Results show that proposed method reduces the estimation
error by realizing more accurately estimation.
II. MATHEMATICAL MODEL OF FUEL COST FUNCTION
Fuel cost function that describes the input-output
characteristic of a plant can be described as smooth function.
When the valve-point effects are taken into account the model
contains sinusoidal component and parameters so that the
model becomes non-smooth. In this study, only the smooth
fuel cost function is considered and described in three form as
first order (linear), second order (quadratic) and third order
(cubic). These functions are shown in Fig. 1 and defined as
follows.
Linear Form:
=
+
Quadratic Form:
=
+
Cubic Form:
=
+

.

+

j=1,2,….,N

(1)
(2)

.

+

.
.

.

+

+
+

.

+

(3)

where a0, a1, a2 and a3 are function parameters, Ptj is the output
power of j-th generating units rj is the error value of the
equation and N is the total number of generating units. These
functions given in equations above can be written is state
space form as follows.
=
,
+
(4)

( )=

F($/hr)

Cubic

Quadratic

P (MW)

Fig 1. Linear, Quadratic and Cubic fuel cost functions

In this study, GSA algorithm has been applied to find the
optimal values (unknown values) of function parameters given
as X in Eq. 4. In the calculation, the fuel cost function value
with estimated parameters has been computed for each cycle
and the error value has been found by subtracting this
estimated value from real value of fuel cost function given as
follow. The calculation is continued until the absolute
summation of error values (Rj vector) reaches the smallest
acceptable value.
= (
(5)
)− (
)

III. GRAVITATIONAL SEARCH ALGORITHM
Gravitational Search Algorithm (GSA) is one of the most
powerful optimization algorithm produced in 2009 by Rashedi
et al [14]. Due to its simple structure and produces successful
results in different fitness functions, is used by researchers in
solving many optimization problems. The algorithm has been
designed based on the Newton’s law of gravity and the notion
of mass interactions. In the GSA algorithm agents are adopted
as objects and their masses corresponds to performance
measurement of objects. All the objects in the search space
have the gravity force on each other. Thus, the objects move
towards the heavier mass object in space. Naturally, the object
with a heavy mass moves slower than the lighter one.
According to the GSA, it is considered a system with N
agents, the position of the j-th agents can be defined as follow.

= ( ,…,
…., )
(6)
where xjm is the position of the j-th agent at the m-th
dimension. The gravitational force acting on mass j from the
mass i at the specific time t and dimension m is defined as
follow.
( )×

( )

( )

(

( )

(9)

( )

where
is the inertial mass of the j-th agent.
The speed and position of the j-th agent for next time
interval is calculated as follows.
( + 1) =
× ( )+ ( )
(10)
( + 1) = ( ) + ( + 1)
(11)
The fitness evaluation is used to calculate the gravitational
and inertia masses given as follows.

Linear

( )= ( )

agents, Rji(t) is the eucladian distance between j-th and i-th
agents and δ is a small constant.
The total force that acts on agent j in a dimension d is
calculated as follow.
( )=∑
( ), ≠
(8)
where randi is a random number between 0 and 1.
The acceleration of the agent j in dimension d is calculated
as follow.

( )−

( ))

(7)

where G(t) is the gravitational constant at time t, Mpj(t) and
Mai(t) are passive and active gravitational masses of related

Mjjd(t)

( )=

( )=

( )

∑

( )
( )

( )

( )

( )

(12)
(13)

where fitj(t) is the fitness value of the j-th agent, best(t) and
worst(t) are minimum and maximum fitness values in agents
population at time t respectively. The general flow diagram of
the GSA is shown in Fig 2.
Generate Initial population

Evaluate the fitness for all
agents
Update the G, best and worst of
the population
Calculate M and a for each
agent

Update velocity and position

NO

Meeting the end
of criterion
YES
Return best solution

Fig 2. The flow diagram of the GSA Algorithm [14]

IV. EXPERIMENTAL RESULTS
In this study, the GSA has been applied to find the optimal
parameters of fuel cost function of a plant. The plant has five
generating units. In the experiments, three different fuel types,
which are coal, oil and gas has been considered and
parameters have been found for each of them. Experiments

have been investigated for three cases, which are linear,
quadratic and cubic form of fuel cost function. Results
obtained from these cases have been given as follows.
Implementation of the algorithm has been done by using
Matlab Mathworks on an Intel Core-I5 processor with 3.2
GHz frequency and 8 GB RAM. For each test cases, results
have been compared with Cuckoo Search (CS) [13], Artificial
Bee Colony (ABC) [12], Particle Swarm Optimization (PSO)
[12] and Least Square Error (LSE) [12] methods reported
before in order to evaluate the effectiveness of the proposed
algorithm.
Test Case 1: In this case, parameters of linear form of the
fuel cost function have been estimated. The plant consists of

five generating units with 10, 20, 30, 40 and 50 MW.
Parameters estimated by using GSA have been given in Table
1. Actual fuel cost values and absolute error values have been
given in Table 2 by comparing other methods.
According to Table II, when fuel cost values is computed
by using parameters estimated by proposed algorithm, it can
be clearly seen that minimum absolute error is obtained with
32.621 GJ/H for coal fuel type, 34.577 GJ/H for oil fuel type
and 34.4103 GJ/H for gas fuel type. Thus, thanks to the
parameters found in the proposed algorithm, the fuel cost
values are approximated to their actual values.

TABLE I
PARAMETERS ESTIMATED FOR LINEAR FUEL COST FUNCTION

Unit
No
1
2
3

Parameters
a0
a1
a0
a1
a0
a1

Algorithms
GSA

CS

ABC

PSO

LSE

45.1981
10.5601
47.6359
11.0287
48.3967
11.2204

43.566
10.597
62.559
10.655
62.899
10.860

45.2120
10.560
47.652
11.031
48.399
11.221

60.006
10.190
66.001
10.570
66.002
10.780

63.236
10.170
66.160
10.631
66.700
10.830

TABLE III
FUEL COST AND ERROR VALUES FOR LINEAR FUNCTION

P(MW)
Unit 1

Coal

|∑error|
P(MW)
Unit 2

Oil

|∑error|
P(MW)
Unit 2

Gas

|∑error|

Factual(GJ/H)
10
20
30
40
50

176.62
256.40
361.50
467.60
579.50
Factual(GJ/H)

10
20
30
40
50

184.750
268.200
377.700
488.800
606.000
Factual(GJ/H)

10
20
30
40
50

187.200
272.800
384.300
497.200
616.500

GSA
151.470
256.913
362.356
467.800
573.242

Festimated(GJ/H)
CS [13] ABC [12] PSO [12] LSE [12]
149.532 150.812 161.905 164.936
255.498 256.412 263.803 266.636
361.464 362.012 365.702 368.336
467.430 467.612 467.600 470.036
573.396 573.212 569.498 571.736

GSA
157.9233
268.2107
378.4981
488.7855
599.0729

Festimated(GJ/H)
CS [13] ABC [12] PSO [12] LSE [12]
169.109 157.962 171.701 172.470
275.659 268.272 277.400 278.780
382.209 378.582 383.100 385.090
488.759 488.892 488.800 491.400
595.309 599.202 594.499 597.710

GSA
160.6013
272.8058
385.0103
497.2148
609.4193

Festimated(GJ/H)
CS [13] ABC [12] PSO [12] LSE [12]
171.498 160.609 173.802 175.000
280.097 272.819 281.601 283.300
388.696 385.029 389.401 391.600
497.295 497.239 497.200 499.900
605.894 609.449 604.999 608.200

GSA
25.820
0.0004
0.502
0.0027
6.296
32.621

Error (Factual-Festimated)(GJ/H)
CS
ABC
PSO
27.088
25.808
14.715
0.902
0.012
7.403
0.036
0.512
4.202
0.170
0.012
0.000
6.104
6.288
10.002
34.301
32.632
36.322

LSE
11.684
10.236
6.836
2.436
7.764
38.956

GSA
26.8266
0.0107
0.7981
0.0145
6.9271
34.577

CS
15.641
7.459
4.509
0.041
10.691
38.341

ABC
26.788
0.072
0.882
0.092
6.798
34.632

PSO
13.049
9.200
5.400
0.000
11.501
39.151

LSE
12.280
10.580
7.390
2.600
8.290
41.140

GSA
26.5987
0.0058
0.7103
0.0148
7.0807
34.4103

CS
15.702
7.297
4.396
0.095
10.606
38.096

ABC
26.591
0.019
0.729
0.039
7.051
34.429

PSO
13.398
8.801
5.101
0.000
11.501
35.130

LSE
12.200
10.500
7.300
2.700
8.300
40.928

TABLE IIIII
PARAMETERS ESTIMATED FOR QUADRATIC FUEL COST FUNCTION
Unit No

Algorithms

Parameters
a0
a1
a2
a0
a1
a2
a0
a1
a2

1

2

3

GSA

CS

ABC

PSO

LSE

96.5023
7.5932
0.0413
101.5021
7.8751
0.0443
101.02
8.1433
0.0433

96.540
7.575
0.042
100.887
7.890
0.045
99.239
8.138
0.045

96.6046
7.5874
0.0414
101.5360
7.8779
0.0442
101.8179
8.0991
0.0439

96.279
7.592
0.042
101.000
7.800
0.046
102.000
7.900
0.048

95.856
7.374
0.047
100.710
7.670
0.049
101.100
7.881
0.049

TABLE IVV
FUEL COST AND ERROR VALUES FOR QUADRATIC FUNCTION
P(MW)
Unit 1

Coal

|∑error|
P(MW)
Unit 2

Oil

|∑error|
P(MW)
Unit 3

Gas

|∑error|

Factual(GJ/H)
10
20
30
40
50

176.62
256.40
361.50
467.60
579.50
Factual(GJ/H)

10
20
30
40
50

184.750
268.200
377.700
488.800
606.000
Factual(GJ/H)

10
20
30
40
50

187.200
272.800
384.300
497.200
616.500

GSA
176.5680
264.9006
361.5001
466.3666
579.4999

Festimated(GJ/H)
CS [13] ABC [12] PSO [12] LSE [12]
176.480 176.619 176.358 174.252
264.800 264.913 264.765 261.968
361.500 361.487 361.500 359.004
466.580 466.341 466.562 465.360
580.040 579.475 579.952 581.036

GSA
184.6855
276.7337
377.6466
487.4243
606.0667

Festimated(GJ/H)
CS [13] ABC [12] PSO [12] LSE [12]
184.248 184.735 183.600 182.346
276.525 276.774 275.400 273.862
377.718 377.653 376.400 375.258
487.827 487.372 486.600 486.534
606.851 605.931 606.000 607.690

GSA
186.7855
281.2150
384.3086
496.0661
616.4876

Festimated(GJ/H)
CS [13] ABC [12] PSO [12] LSE [12]
185.145 187.799 185.780 184.824
280.111 281.36 279.121 278.368
384.137 384.301 382.022 381.732
497.223 496.022 494.484 494.916
619.369 616.523 616.507 617.920

GSA
0.0520
8.5006
0.0001
1.2334
0.0001
9.7862

Error (Factual-Festimated)(GJ/H)
CS
ABC
PSO
0.140
0.001
0.262
8.400
8.513
8.365
0.000
0.013
0.000
1.020
1.259
1.038
0.540
0.025
0.452
10.100
9.81
10.117

LSE
2.368
5.568
2.496
2.240
1.536
14.208

GSA
0.0645
8.5337
0.0534
1.3757
0.0667
10.094

CS
0.502
8.325
0.018
0.973
0.851
10.669

ABC
0.015
8.574
0.047
1.428
0.069
10.133

PSO
1.150
7.200
1.300
2.200
0.000
11.850

LSE
2.404
5.662
2.442
2.266
1.690
14.464

GSA
0.4145
8.4150
0.0086
1.1339
0.0124
9.9844

CS
2.055
7.311
0.163
0.023
2.869
12.421

ABC
0.599
8.560
0.001
1.178
0.023
10.361

PSO
1.420
6.321
2.278
2.716
0.007
12.741

LSE
2.376
5.568
2.568
2.284
1.420
14.216

TABLE V
PARAMETERS ESTIMATED FOR CUBIC FUEL COST FUNCTION
Unit No

1

2

3

Parameters
a0
a1
a2
a3
a0
a1
a2
a3
a0
a1
a2
a3

Algorithms
GSA

ABC

PSO

LSE

122.5891
3.7679
0.1775
-0.0014
129.8792
3.671
0.1946
-0.0015
129.5326
3.9608
0.1931
-0.0015

124.5362
3.4859
0.1872
-0.0015
129.2351
3.4859
0.1872
-0.0015
126.0143
3.8044
0.1896
-0.0015

120.241
3.979
0.184
-0.002
130.278
3.542
0.200
-0.002
128.376
4.146
0.188
-0.002

123.180
3.535
0.193
-0.002
128.640
3.746
0.199
-0.002
128.400
4.046
0.195
-0.002

TABLE VI
FUEL COST AND ERROR VALUES FOR CUBIC FUNCTION

P(MW)
Unit 1

Coal

|∑ error|
P(MW)
Unit 2

Oil

|∑ error|
P(MW)
Unit 3

Gas

|∑ error|

Factual(GJ/H)
10
20
30
40
50

176.62
256.40
361.50
467.60
579.50
Factual(GJ/H)

10
20
30
40
50

184.750
268.200
377.700
488.800
606.000
Factual(GJ/H)

10
20
30
40
50

187.200
272.800
384.300
497.200
616.500

GSA
176.6205
257.7438
357.5425
467.6001
579.5001

Festimated(GJ/H)
ABC [12] PSO [12] LSE [12]
176.6152 176.806 176.227
257.1342 260.557 258.274
357.0932 361.951 359.721
467.4922 471.446 470.968
579.3312 579.500 582.415

GSA
184.4990
268.7312
373.2656
488.7919
605.9998

Festimated(GJ/H)
ABC [12] PSO [12] LSE [12]
184.7391 184.076 184.301
269.1631 268.200 269.562
373.5071 373.010 374.223
488.7711 488.863 488.084
605.9551 606.119 600.945

GSA
186.900
273.5770
380.2508
497.6085
616.3374

Festimated(GJ/H)
ABC [12] PSO [12] LSE [12]
187.1883 187.101 186.804
274.6323 274.326 274.688
380.5613 381.000 382.452
497.1703 498.074 500.496
616.6593 616.500 619.220

Test Case 2: In this test case, parameters for the quadratic
fuel cost function form have been estimated. The plant has
five generating units with 10, 20, 30, 40 and 50 MW again.
The parameters estimated by proposed algorithm and other
methods have been given in Table III. Fuel cost and absolute
error values by using these parameters have been given in
Table IV comparatively.
As can be seen in Table IV, fuel cost values calculated
with parameters obtained from proposed algorithm for three
cases are less than others. In the same manner, absolute error
values with 9.7862 GJ/H for coal type, with 10.094 for oil
type and with 9.9844 GJ/H for gas type have been produced
by GSA. This means that, it is possible to get closer to actual
fuel cost values by using GSA.
Test Case 3: In this test case, cubic fuel cost function form
has been used for parameter estimation in all fuel types. The
plant has five generating units with 10, 20, 30, 40 and 50 MW
as in other test cases. The parameters estimated by proposed
algorithm have been given in Table V and fuel cost and
absolute error values by using these parameters have been
given in Table VI by comparing with other methods.
It can be clearly seen in Table VI that the proposed
algorithm produces better results than other methods for all
fuel types. Error values calculated with parameters, which are
estimated by proposed algorithm, are less than other methods
with 5.302 GJ/H for coal fuel type, with 5.2248 GJ/H for oil
fuel type and with 5.6973 GJ/H for gas fuel type. Thus, even
for this case, fuel costs calculated with parameters estimated
by GSA are closer to actual fuel cost values for three fuel
types.

Error (Factual-Festimated)(GJ/H)
GSA
ABC
PSO
LSE
0.0005
0.0048
0.186
0.393
1.3438
0.7342
4.157
1.874
3.9575
4.4068
0.451
1.779
0.0000
0.1078
3.846
3.368
0.0001
0.1688
0.000
2.915
5.302
5.4224
8.641
10.329
GSA
0.2510
0.5312
4.4344
0.0081
0.0001
5.2248

ABC
0.0109
0.9631
4.1929
0.0289
0.0449
5.2407

PSO
0.674
0.000
4.690
0.063
0.119
5.547

LSE
0.449
1.362
3.477
0.716
5.055
11.059

GSA
0.3000
0.7770
4.0492
0.4085
0.1626
5.6973

ABC
0.0167
1.8323
3.7387
0.0297
0.1593
5.7767

PSO
0.099
1.526
3.300
0.874
0.000
5.799

LSE
0.396
1.888
1.848
3.296
2.720
10.148

V. CONCLUSIONS
In this study, parameters of fuel cost function, which are
used for solving optimal power flow and economic dispatch
problems, have been estimated correctly. The Gravitational
Search Algorithm has been used for estimation. The smooth
fuel cost function forms such as linear, quadratic and cubic
have been considered. In the experiments three different
plants have been used and each plant consists of five
generating units. Obtained results show that the proposed
algorithm produces better results and decrease the error
between estimated and actual fuel cost values for all test cases
and for all plants with different fuel types.
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Abstract— In three-phase power systems, the total loss of the
unbalanced loaded three phases is greater than where each phase
is equally loaded. To overcome this situation, the loads on the
phases should be balanced as much as possible. Considering this
critical issue, this paper presents a method for balancing the phase
loads in order to reduce the increased line losses due to unbalanced
loading of phases in a feeder. For this aim, the effects of
unbalanced loads on line losses are investigated and an algorithm
for balancing the phase loads is developed. The proposed method
is tested in MATLAB/Simulink and results show that the the
imbalance of the load between the phases is minimized
successfully and thus the line losses are decreased considerably.
Keywords— Phase balancing, Load sharing algorithm, Line losses

I. INTRODUCTION
Load demand and sensitivity of loads in power network are
increasing rapidly. In order to meet this demand power quality,
minimum loss and lower cost are important issues for
distribution utilities [1]. A balanced three-phase system is
characterized by the same load and voltage in all the three
phases. During unbalanced operation mode, voltage is not
equally distributed in the phases. Unbalanced operation modes
in electrical networks are caused by the following reasons [2]:
•
•
•
•

Unequal loads in various phases,
Partial operation of lines and other elements in the network,
Different line parameters in different phases,
Asymmetric parameters of untransposed transmission line.

According to Legeyt Fortescue’s paper, a three-phase system
can be expressed as symmetrical components that are positive,
negative and zero sequences [3]. Existence of zero and negative
components in an electrical network indicates that the system
is unbalanced.
Unbalanced networks may cause an increase in energy losses
and the risk of failures. In addition, it may negatively affects
the power quality of the system [4].
An unbalanced voltage has distorting effect on efficiency of
induction motors. The negative sequence currents flow with
positive sequence current and that causes overheating which
means extra loss and reduction on efficiency [5].
Negative and zero components occur when the loads in three
phases in a feeder are not equal as seen in Fig. 1. This causes
an increase in the losses in the system and some critical
problems in the protection system [6].

Fig. 1 Unbalanced loaded three phase system and its components [7]

In an electrical power system, the operation cannot be
performed without losses because of Joule’s Effect and that loss
on the grid is proportional to the square of the phase currents
[8]. Therefore, the phase currents should be balanced for
minimizing the losses. According to The World Bank database,
electric power transmission and distribution losses are about
8.2% for entire world and 15% for Turkey [9].
In order to balance loads, the amount of consumption of each
load should be known. In traditional networks, there is a limited
monitoring opportunity in low voltage distribution systems.
However, thanks to advances in smart metering systems
nowadays, the consumption of each load can be known and the
unbalance of network can be calculated. According to this
calculation, the unbalance of the system can be minimized [10].
Considering such issues summarized above, this paper
focuses on analyzing the line losses caused by unbalanced load
conditions in a power network and proposes an algorithm to
balance the loads between the phases.
II. PROPOSED METHOD FOR LOAD BALANCING
As mentioned in the previous section, the three phase loads
should be balanced as much as possible. In literature, there are
some other methods for balancing loads such as using fuzzy
logic algorithm [11] or balancing phases with energy storage
[4]. In this paper, we propose a novel method for balancing the
phase loads in order to reduce the increased line losses due to
unbalanced loading of phases in a feeder. To simplifying the
algorithm and considering power factor limits of the loads, the
proposed method is mainly based on active power consumption
of loads. The method has an iterative algorithm, steps of which
are given in Fig. 2.

Load array for each phase is created in form of 10x2 matrixes
for 30 loads. The first column is for load number and the second
is for load consumption. Then, total power for each phase is
calculated from the second column of load array. Then, these
values determined for each phase are compared and sorted.
After sorting the sums of phase loads, the last element of the
most loaded phase array is transferred to the least loaded phase.
In order to decide whether the iteration will repeat or not, the
average unbalance for the arranged loads is compared with a
pre-defined error margin. Equation (1) expresses how the
average unbalance is defined, where A, B and C represents the
total load of each phase. Accordingly, if the calculated value is
bigger than the error margin, the algorithm repeats former steps
again.
𝑎𝑣𝑟𝑢𝑛𝑏𝑎𝑙𝑎𝑛𝑐𝑒 =

|𝐴−𝐵|+|𝐴−𝐶|+|𝐵−𝐶|
3

(1)

The iteration ends up depending on two cases as following:
 The average imbalance for the arranged loads is
less than the error margin.
 Maximum iteration number is reached.

Fig. 2 Flow chart algorithm for the proposed system

By executing the above algorithm, it is defined that which
load will be assigned to which phase. Thus, the total load is
distributed equally between the phases after this regulation.

Fig. 3 Simulink model of the proposed method

III. SIMULATION MODEL
In order to test the proposed method, a simple power system
is designed in MATLAB/Simulink that consists of a threephase generator with 400V voltage and 50 Hz frequency values,
power lines with 0.08ohm resistances, and 30 loads with
different values. Fig 3 presents the block diagram of the model
and Fig. 4 illustrates the load connections in detail. As seen
from the figure, three switches for each load group is connected
to each phase. According to the algorithm result, transfer of the
load to another phase can be done via these switches.

Fig. 4 Simulink model of the loads

As the initial condition, the consumption of loads and phase
distribution arrays for unbalanced situation are assumed as in
Equation (2), where P gives the active power values as kW of
each load from 1 to 30 respectively and C defines which load is
connected to which phase.
S = [P , C]

(2)

where;
P = [ 5; 2; 3; 2; 1; 2; 3; 2; 2; 3; 7; 1;
9; 4; 5; 5; 3; 8; 2; 1; 3; 2; 1; 2;
2; 3; 2; 1; 3; 1];
C = [ a; a; a; a; a; a; a; a; a; a; b; b; b;
b; b; b; b; b; b; b; c; c; c; c; c;
c; c; c; c; c];
IV. SIMULATION RESULTS
Once the simulation model is created, several studies are
performed by using it. Table I shows that the total power
consumption of the system is 85611.54W, 4093.69 W of which
is line losses due to unbalanced loads.
The RMS voltage values for each phase on the load side are
given in Table II respectively for unbalanced loads.
After the algorithm proposed in this study is applied; the
obtained result for phase distribution of loads are given
respectively as;


[a; a; a; a; a; a; a; a; a; a; b; b; b; b; b; a; b; c; c; c; c; c;
c; c; c; c; c; c; c; b ]

TABLE I
POWER CONSUMPTIONS AND LOSSES OF EACH PHASE FOR UNBALANCED
SITUATION

Phase
A
B
C
SUM

Total
Consumption
(W)
24.086,59
42.112,72
19.412,23
85.611,54

Load Side
Consumption
(W)
23.216,77
39.453,82
18.847,26
81.517,85

Losses (W)
869,82
2658,9
564,97
4.093,69

TABLE II
RMS VOLTAGE VALUES ON THE LOAD SIDE FOR UNBALANCED LOADS

Phase
A
B
C

Voltage (V)
222,66
216,41
224,27

Before applying the proposed load arrangement according to
the algorithm; current and voltage waveforms are unbalanced
as seen in Fig. 5.a and Fig. 5.b.
Once the proposed load sharing algorithm is executed, the
current and the voltage waveforms are obtained more
sinusoidal and balanced as seen in Fig. 6.a and Fig. 6.b.
Furthermore, Table III shows new load values for each phase
and the total power consumption of the system after the loadsharing algorithm is activated. As seen, the total load of the
system is distributed almost equally between the phases and the
line losses decreases to 3701.81W. In addition, the RMS
voltage values for each phase on the load side are given in Table
IV respectively for balanced loads.

(a)

(b)

Fig. 5 Simulation results before the proposed algorithm is applied (a) Three-phase currents (b) (a) Three-phase voltages

(a)

(b)

Fig. 6 Simulation results after the proposed algorithm is applied (a) Three-phase currents (b) (a) Three-phase voltages
TABLE III
POWER CONSUMPTIONS AND LOSSES OF EACH PHASE AFTER THE PROPOSED
METHOD IS APPLIED

Phase
A
B
C
SUM

Total
Consumption
(W)
28.694,36
28.679,68
28.691,70
86.065,74

Load Side
Consumption
(W)
27.459,93
27.446,51
27.457,49
82.363,93

Losses (W)
1.234,43
1.233,17
1.234,21
3.701,81

TABLE IV
RMS VOLTAGE VALUES ON THE LOAD SIDE FOR BALANCED LOADS

Phase
A
B
C

Voltage (V)
221,06
221,07
221,06

One of the limitation that is ignored in the simulation model
presented in this study is the voltage drop occurred on the line.
This is the reason why the currents seen on the Simulink results
is different a bit from the currents theoretically calculated for
the total load as 90 kW. In the Simulation model, we assigned
all load powers for 231 Vl-n but the real voltages at the load side
are about 221 Vl-n due to voltage drop on the lines.
V. CONCLUSIONS
This paper focuses on the balancing the phase loads on a
three-phase power system. For this purpose, a new method is
proposed. In order to test and analyze the method, a
MATLAB/Simulink model is designed. According to the

simulation results, the unbalanced loads of approximately 90
kW are successfully balanced and the loss of 4093,69W is
reduced to 3701,81W that means approximately a 9.5%
decrease in losses. In addition, voltages of each phase on the
load side are balanced too.
The operating time of algorithm is important for load
balancing systems. Elapsed time for each iteration is about 0.16
ms for computer that we used. (Intel ® Core ™ i5-3230M CPU
2.60 GHz 2.60 GHz 4.00 GB RAM).
The proposed method can be developed in such ways; taking
reactive power into the algorithm and form load arrays for
variable load number.
In conclusion, the load sharing method proposed decreases
the line losses and supports the quality of power. Furthermore,
it may help distribution companies for system planning.
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Abstract— In this study, the quality classification of the tea
plants grown in the Eastern Black Sea region of Turkey was
investigated by using e-nose system. Black tea, as we know, is
often consumed in daily life, including hot and cold types. It is
often mistaken to make decision making and measurement
knowledge of human in the production processes of this
beverage. In here, the using of electronic nose has been proposed
to prevent this problem. The e-nose gives information about the
quality of the hot tea by measuring the volatile organic
compounds of the brewed tea. Six different tea species have been
classified in this study. Normalization was applied to the data to
prevent data repetition and increase data consistency. When the
all attributes obtained from the data are examined, the highest
classification success is achieved with using the integral of data.
k-Nearest Neighborhood and Support Vector Machine
algorithms were used to classifying the data. 10-fold crossvalidation method was used to evaluate the classification success.
The highest classification success was achieved 69.2% with kNearest Neighborhood algorithm.
Keywords— E-nose, tea, classification, k-Nearest Neighbourhood,
Support Vector Machines

I. INTRODUCTION
Tea will have an important place in our lives. There are
cold varieties of this drink as well as hot varieties. Tea drink is
produced from tea plant with the same name. Technology is
used to produce tea drink. However, traditional methods are
used to classify them. These traditional methods take
advantage of human senses. For this reason, too many errors
are made during the classify process during production.
E-nose is a technological tool that resembles human nose.
This tool has many sensors. These sensors interact with
Volatile Organic Compounds (VOB) to give information
about sample odour. For example, by means of the odour
information can be determined the type of odour and odour
intensity. Within the e-nose; sensor unit, electronic unit and
pattern recognition unit. In the sensor unit is the sample smell
trigger the sensors. Sample measurements are made at this
unit. The electronic unit consists of converters, filters and
oscillator circuits. In this unit Electrical signals are produced.
The pattern recognition unit is part that is classified of sample
odour [1].
In a study using e-noses, the odours from 9 different objects
were classified. Artificial Neural Networks have been used to
classify these smells. Tansig is used in the activation function,
and logsig functions are used in the hidden layer [2].

In the other study, traditional Indian tea was tried to be
classified using e-nose. In this study, 174 tea samples were
used. These tea samples are classified into classes using
Support Vector Machines (SVM). 80% of the data were used
as training data and 20% as test data. In this study, One versus
One and One versus Rest gave better results than the others
[3].
In a study with QCM sensor, the quality of Black Indian
Tea was estimated. In this study, samples belonging to 4
different teas were used. Radial basis function artificial neural
networks are used as classifier. The cross-validation method is
used to determine the classification accuracy [4].
In a study done, the quality evaluation of the black tea with
e-nose was performed by using SOM techniques. The SOM
technique is a special form of artificial neural networks.
Unsupervised training was used during the training. In this
study, quality evaluation was carried out for 4 different teas
[5].
In this study six different tea were used. The teas used are
locally grown tea in Turkey. These teas are classified using enoses. To classify; mean value, integral, derivative, standard
deviation, maximum and minimum values of the data are used.
k-Nearest Neighbor (k-NN) and SVM are used as the
classification algorithm. Classification success was assessed
using a 10-fold cross-validation technique.
II. MATERIAL AND METHOD

A. Data Set
The data set used in this study was obtained, the tea grown
in the Eastern Black Sea Region in Turkey. The grown tea
plant is processed in the factory after it is harvested. During
the processing of teas in the factory, classify is done by people.
The teas used; They belongs to Ofçay brand; Çamlıca Filizi,
Hazine, Everyday, Regular teas the others Bergamot tea of
Deren brand and Tomurcuk tea of Çaykur brand.
In this study the experimental setup used was carried out
within the project of 2009.112.004.3 project supported by the
BAP unit of Karadeniz Technical University. The block
diagram of the experimental setup used is given in Fig. 1.
In sensor chamber within Metal Oxide Semiconductor
(MOS) sensors were used. These sensors are TGS 880, TGS
825, TGS 830, TGS 826, TGS 2610, TGS 2620, TGS 2602 and
TGS 2104.

reference gas must be extracting from the ambient air in order
to increase the measurement sensitivity of the sensors and to
avoid any adverse effects. For this reason, this process is
performed using equation (1).

Fig. 1 Block diagram of e-nose [2].

When sample odour is taken from following these steps;
First, pre-cleaning is performed for 60 seconds to clean the
sensor chamber. Ambient air was used as the reference gas in
the pre-cleaning process. After pre-cleaning, the sample smell
is sent to the sensor chamber for 50 seconds. The sample odour
reaching the sensor chamber is trapped in the sensor chamber
for 30 seconds. Finally, the trapped sample is send out with the
reference gas for 125 seconds to complete the process.
Some measurement used as standard throughout the
experiments are given in Table I.
TABLE I
EXPERIMENTAL MEASURMENTS

Element

Quantity

Dry Tea
Water

3 gr
27 gr

Boiled Water

100°C

Brewing Time

15 minutes

Test Temperature

± 60°C

Throughout the experiment, National Instruments DAQ
6259 data acquisition card was used to obtain numerical
information from the sensor. In the experiments, the sampling
frequency is 1 Hz. Twenty-one experiments were conducted
for a tea species. In the scope of the study, 126 experiments
were conducted. MATLAB program has been used in system
processes.

B. Preprocessing
In the study, there were 6 different black tea classifications.
In the classification process the data were obtained by e-nose.
Some pre-processing has been applied to facilitate the
processing of the obtained data in the computer and to increase
the classification accuracy. These preprocessing are subtraction
of ambient air, reference correction, conductivity conversion,
and normalization.

𝑉𝑐,𝑜,ℎ (𝑡) = 𝑉𝑛,ℎ (𝑡) − 𝑉𝑜,ℎ (𝑡)

(1)

𝑉𝑟,𝑑 (𝑡) = 𝑉𝑐,𝑜,ℎ (𝑡) − 𝑚𝑖𝑛(𝑉𝑐,𝑜,ℎ )

(2)

Where 𝑉𝑐,𝑜,ℎ (𝑡) is the sensor data obtained by extracting
the reference gas, 𝑉𝑛,ℎ (𝑡) is the raw sensor data, and 𝑉𝑜,ℎ (𝑡)
is the sensor data of the ambient air.
2) Reference Correction: Sensors used in the E-nose
circuit have small manufacturing errors. As a result,
measurements made with MOS sensors differ slightly from
standard measurements. These deviations can be reduced by
reference correction. This process expressed by equation (2).

In the equation (2), 𝑉𝑟,𝑑 (𝑡) is the reference corrected sensor
data, 𝑉𝑐,𝑜,ℎ (𝑡) is the reference gas subtraction sensor data, and
min (𝑉𝑐,𝑜,ℎ ) is the minimum voltage value of sensors.

3) Conductivity Conversion: Conductivity conversion is
the transformation of the voltage signals obtained from
sensors into the conductivity value. Conductivity values are
often used in e-nose studies [6]. This process expressed by
equation (3).
𝑆𝑠,𝑣 (t) =

𝑉𝑟,𝑑 (t)

(𝑉𝑐 − 𝑉𝑟,𝑑 (t)) 𝑅𝐿,𝑆

(3)

In equation (3), 𝑆𝑠,𝑣 (t) represents the conductivity data,
𝑉𝑟,𝑑 (t) is the reference voltage of the sensor data, 𝑅𝐿,𝑆 is the
series load resistance of the sensors, 𝑉 𝑐 is the supply voltage
of the sensors.
4) Normalization: There can be big differences between
the data obtained from the sensors. Classification performance
can be adversely affected due to these differences. In the
classification process, data is normalized so that all sensors
have equal weight. The normalization process used in this
study is done by equation (4).

𝑁𝑠,𝑣 (t) =

𝑆𝑠,𝑣 (t)−min(𝑆𝑠,𝑣 )

max(𝑆𝑠,𝑣 )−min(𝑆𝑠,𝑣 )

(4)

Equation (4) is the 𝑁𝑠,𝑣 (t) normalized data, 𝑆𝑠,𝑣 (t) is the
converted sensor data, and 𝑚𝑎𝑥(𝑆𝑠,𝑣 ) and 𝑚𝑖𝑛(𝑆𝑠,𝑣 ) are the
maximum and minimum values of the responses of the
sensors.

C. Feature Extraction

Feature extraction process is the selection of the best
1) Subtraction of Ambient Air: The ambient air is a representative information of data set. Therefore, success rate
reference gas used during experiments. During the experiment, of classification increases and the process time reduces. The
ambient air as well as sample odour enters the sensor unit. The features extracted from 8 sensors used in this study are
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derivatives of signals at rise time, derivatives of data at odour
keeping time, the derivatives of the sensor data during descent
time, integrals of all data, skewness coefficients, maximum
values, minimum values and variances.

This work was carried out in order to determination of the
qualities of tea grown in Eastern Black Sea by e-nose.

D. Size Reduction

A. Preprocessing

There are many different methods for dimension reduction
of data in literature. One of widely used dimension reduction
method is the Principal Component Analysis (PCA). PCA
reveals the similarities and differences within the data.
Therefore, high dimensional data can be more easily separated.
In addition, the data can be more uncorrelated with the PCA.

In this study some preprocess was applied to the data
obtained from the e-nose. First, the ambient air was removed
from all odour samples to minimalize effects of ambient air.
Then, reference correction process performed on ambient airremoved data. Therefore, it was ensured all sensors in same
conditions. Finally, reference corrected data was applied
conversion conductivity. The figure obtained when
pretreatments are made is shown in Fig. 2.

E. Classification of Data
Classification algorithms has great importance of
classification success rate. Classification performance of
classifiers can be depended on data type. While an algorithm
has high accuracy on a data, this algorithm can be failed on
another data. More than one algorithm must be used to
achieve optimum classification process. Therefore, sample
smells were tried to be classified by k-NN and SVM
algorithms. The results of these two algorithms are compared.
1) k-Nearest Neighbourhood (k-NN): The k-NN algorithm
is one of the most frequently used classification algorithms. In
this algorithm, class information is determined by measuring
the distances of the data whose classes are definite. With this
method, it is assumed that the unknown class is included in
the data class which is the most neighbourhood of the class [7].
While calculating the distance between two data in the kNN algorithm, many distance measurement methods such as
Euclid, Manhattan, Minkowski are used. In this study, the
Euclidean distance given by Eq. (4) is used.

𝑝

𝑑(𝑖, 𝑗) = √∑(𝑥𝑖𝑘 − 𝑥𝑗𝑘 )
𝑘=1

2

(4)

In equation (4) the distance between i and j points is
calculated. p is the number of features.
2) Support Vector Machine (SVM): In this method of
classification, hyperplanes (linear or non-linear) are used to
divide data into categories optimally and work in the form of
structural risk minimization in statistical learning theory [8].
The main problem here is to choose the most appropriate one
to distinguish data from each other. In other words, it is to
maximize the distance between support vectors of different
classes.
Selection of kernel function and optimum parameter are
important for performance of SVM algorithm. In literature as
kernel function, polynomial, linear, sigmoid and radial basis
kernel functions are mostly used.

Fig. 2 Preprocessed Tomurcuk Tea

B. Feature Extraction
Feature extraction process is started after the preprocessed
on the obtained data. In this study, many attributes of sample
data have been extracted. The extracted attributes are shown
in Table II. Table II gives a code for each attribute.

C. Classification
Classifications were performed with k-NN and SVM
algorithms using the attributes obtained from the data of tea.
Classifiers success rates are determined with using 10-fold
cross validation method. The results of the classification
accuracies are given in Table III.
Table IV shows processing time of classification with high
classification success.

TABLE II
USED FEATURES
Feaatures Code

Used Features

1

Derivation of rise time

2

Derivation of keeping time

3

Derivation of descent time

4

Integral of all data

5

Energy of all data

6

Kurtosis of all data

7

Skewness of all data

8

Maximum value of all data

9

Minimum value of all data

10

Variance of all data

11

Mean value of all data

12

Standard deviation of all data

13

Entropy of all data

14

PCA applied data of all features

15

1, 2, 3, 4, 9, 10 coded features are the PCA
applied data
TABLE III
CLASSIFICATION SUCCESS

Used Features
1,2,3
1,2,3,4
1,2,3,4,5
1,2,3,4,5,6
1,2,3,4,5,6,7
1,2,3,4,5,6,7,8
1,2,3,4,5,6,7,8,9
1,2,3,4,5,6,7,8,9,10
1,2,3,4,5,6,7,8,9,10,11
1,2,3,4,7,8,9,10,11
1,2,3,4,7,8,9,10
1,2,3,6
1,2,3,7
1,2,3,4,8
1,2,3,4,9
1,2,3,9
1,2,3,4,9,11
1,2,3,4,5,9,11
14
15
1,2,3,4,6,7,8,9, 10,11,12,13

Classification Success (%)
k-NN
SVM
k=1 k=3 k=5
54.0 45.2 44.4
52.4
45.2 52.4 47.6
51.6
40.5
50
47.6
56.3
46.8 51.6 45.2
57.1
53.2
54
47.6
61.9
50.8 51.6
46
59.5
50.0 50
46.8
54.8
69.2 50.8 47.6
51.6
50.8
50
52.4
54.8
54.8 54.8 53.2
54.0
56.3 55.6 51.6
56.3
47.6 51.6 46.6
57.1
53.2
54
54.8
57.1
35.7
46
45.2
54.8
31.7 45.2
46
53.2
31.7 53.2
50
54.0
29.4 42.9 45.2
47.6
34.9 48.4 46.8
52.4
44.4 42.9 39.7
44.4
43.7 44.4 38.9
46.8
51.6 34.9 33.3
56.3

TABLE IV
CLASSIFICATION TIME
Classification
Algorithm

Highest
Classification
Success (%)

k-NN

69.2

SVM

61.9

Used Features

1,2,3,4,5,6,7,
8,9,10
1,2,3,4,5,6,7

Classification
Time (sec)

3.0731
2.8279

IV. CONCLUSIONS
In this study, studies were carried out in order to classify
teas in different regions of the Eastern Black Sea using e-nose.
For this purpose, preprocessing of raw materials has been
applied primarily. Feature clusters have been created from
preprocessed data. Dimensions were reduced using PCA in
the generated attribute clusters. The classification accuracies
were compared by creating different combinations of sub-sets
belonging to the obtained attributes. As a result of best
classification success rates are obtained with using derivation
of smells rise times, keeping times and descent. In addition to
these features, integration, energy, kurtosis coefficient,
skewness coefficient, maximum and minimum values and the
variance of variables are improved performance to.
When k-NN and SVM algorithms are compared, it is seen
that the highest classification success in this data set can be
obtained as 69.2% by using k-NN.
When the classification times were examined, the durations
were close to each other. Small differences between the time
periods have changed depending on the number of features
used.
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Abstract— Induction motors are frequently used in industrial and
domestic applications. For this reason, an improvement in
performance values has a great saving in terms of energy savings.
In order to be able to improve the performance values, it is
necessary to be done with care from the beginning to the end of
the design period of the motor. In recent years, a noticeable
improvement in motor performance has been achieved, especially
with the improvement of materials used in motors. In addition,
performance enhancements are provided by using optimization
methods for the parameters of stator and rotor slot dimensions.
Also, stator winding structures have been changed to reduce the
losses and increase the efficiency value.
In this paper, the variation of the stator outer diameter value and
the stator inner diameter value ratio (KD) obtained at the
beginning of the induction motor design process was investigated.
Although this ratio is not considered much during design, but it
has a great influence on the motor volume. Other parameters of
the motor were taken constant during analysis. The analyses were
carried out on a 5.5 kW and 10 kW squirrel cage induction motor.
According to the results obtained, decrease in the outer diameter
of the stator was accompanied by increase of the KD ratio. The
decrease in outer diameter resulted in a reduction in stator back
iron height, resulting in an increase in the magnetic flux density
values in the stator back iron parts. There was also a certain
increase in the weight of the back iron with the increase of the
outer diameter. In the case of stator back iron and iron losses,
there is no visible change due to the increased value of the
magnetic flux density and the decreased weight. The efficiency
value also remains constant.
Keywords— Induction motor, Stator outer diameter, Stator inner
diameter, KD ratio, Performance analyses.

I. INTRODUCTION
Induction motors are widely used in domestic, commercial
and various industrial applications. Mostly, the squirrel cage
induction motor is used because of its simplicity, robustness
and low cost, which has always made it very attractive, and it
has therefore captured the leading place in industrial sectors.
High efficiency motors lead to significant reductions in energy
consumptions and also reduces the environmental impact.
Sustainable use and investments also demands increased motor
reliability. An important measure for wide market acceptance
of high efficiency motors is availability of harmonized
standards, dealing with motor performance testing, efficiency
classification, and display of ratings [1].

The design of electrical machines involves several fields of
physics, electromagnetism, thermic, mechanics, and acoustics.
For a multiphysics model machines there are three approaches:
the first is the analytical approaches: based on the analytical
solution or equivalent circuit, quick and easy but the lowest in
terms of accuracy. The second one is semi-analytical approach
based on the nodal modeling or permeances network, the
principle of nodal modeling method is to simplify the study of
a system equivalent circuit. The most common formulation is
one in which Kirchhoff’s current law is used to establish a
system of nodal equations, the second method based on a
decomposition of the magnetic field of the machine into
elements. Permeances network less accurate and needs offline
FEM results to evaluate the unknown air-gap permeances. The
last one represents the state-of-the-art in the numerical
magnetic field computation relating to electrical machines,
FEM 2D or 3D is a numerical method to solve the partial
differential equations (PDE) that expresses the physical
quantities of interest. Give a more accurate result co analytical
modeling, which can be regarded as a simplification of the PDE
[2].
The selection of the frame size normally dictates the outer
diameter of the stator laminations. Each manufacturer has
standard lamination dimensions by frame size and poles. For a
typical 4-pole motor, the stator inner diameter is approximately
2/3 that of the stator lamination outer diameter. The inner
diameter of the rotor lamination may be affected by mechanical
considerations, such as the need for a specific shaft diameter.
After the initial lamination diameters are determined, the
number of stator slots, the stator-rotor slot combination, and
grade of electrical steel must be determined. These choices are
influenced by the kW/HP rating, rpm, winding type, rotor
construction, and performance criteria [3].
In this study, the ratio between stator inner diameter and
stator outer diameter have been changed and it has been
investigated that effect of this ratio on motor performance. By
changing this ratio, the stator outer diameter values were
changed and all the other parameters belonging to the motors
were kept constant. Thus, only the effect of stator outer
diameter on the motor performance has been investigated.

II. DESIGN PROCEDURE OF INDUCTION MOTOR
The design of an induction motor aims to determine the
induction motor geometry and all data required for
manufacturing to satisfy a vector of performance variables
together with a set of constraints. Because induction motors are
now a well-developed technology, there is a wealth of practical
knowledge, validated in industry, on the relationship between
their performance constraints and their physical aspects.
Moreover, mathematical modeling of induction motors using
circuit, field or hybrid models provides formulas of
performance and constraint variables as functions of design
variables [4].
The design process may start with design specifications and
assigned values of: rated power, nominal voltage, frequency,
power factor, type (squirrel cage or slip-ring), connection (star
or delta), ventilation, ducts, iron factor, insulation, curves like
BH, losses, carter coefficient, tables like specific magnetic
loading, specific electric loading, density etc. Then, design
constraints for flux densities, current densities are specified [4].
The basic steps of the design process summarized below [3]:
1) Review customer specs and standards
2) Chose frame size & enclosure
3) Dis2  L estimate
4) Lamination diameter selection
5) Choose stator/rotor slot combination
6) Electrical steel selection
7) Winding configuration
8) Rotor construction
9) Flux density calculations
10) Performance analysis

A. Design Formulas
The design process of induction motors begins with
obtaining the Dis2  L expression. Main dimensions of an
induction motor are shown in Fig. 1 [5]. Output coefficient C0
is obtained by following Equation (1).

Fig. 1 Main dimension of induction motor

C0  11  Bav  ac  k ws / 1000
(1)
Here, Bav is average flux density in air gap (or specific
magnetic loading), ac is ampere conductor per meter of stator
periphery (or specific electrical loading), and kws is stator
winding factor. The length is calculated by Equation (2) [6].
    Dis
L
(2)
2 p
where Dis is stator inner diameter, λ is the stack length to pole
pitch ratio, p is number of pole. The Dis2  L is computed using
Equation (3):

1 60 K E  Pn
(3)
 
C0 n1   cos 
where n1 is the synchronous speed, Pn is rated power, η is
efficiency, cosφ is power factor, KE is design constant. The flux
per pole Ø is calculated by Equation (4) [4].
  L  Bav
(4)

106
Dis2 L 

where τ is the pole pitch and it is given by Equation (5) [4].
  Dis

(5)
p
From past experience (or from optimal lamination concept),
the ratio of the inner to outer stator diameter Dis/Dout, bellow
100 kW for standard motors is given in Table I and the ratio is
given by Equation (6) [6].
TABLE I
INNER/OUTER STATOR DIAMETER RATIO

2p
Dis/Dout

2
0.54-0.58

4
0.61-0.63

6
0.68-0.71

8
0.72-0.74

Dis
(6)
Dout
Despite the use of Equation (6) in many design books,
Boldea and Nasar [6] stated that this ratio can also be found by
Equation (7). In Equation (7), Kaspect is defined as the slot height
hs to slot width bs ratio and it has been stated that the value of
Kaspect changes between 3 and 6. In Equation (7), Ns is number
of stator slot, Bg is air-gap flux density, Bts is stator teeth flux
density αi is flux density shape factor.
2  K aspect   
B g  i  B g
Dout
(7)
 1
 1 
  
Dis
Ns
 Bts  2 p Bts
KD 

III. USED MOTORS
Two motors with different powers were used for the analyses.
The parameters of the motors are given in Table II. The KD
ratio of the 5.5 kW motor was 0.62 while the KD ratio of the 10
kW motor was 0.562. These values are seen to be consistent
with the KD values given in Table I. In the analysis, the stator
inner diameter value for the first motor was fixed at 111.6 mm
and the stator inner diameter value for the second motor was
fixed at 135 mm. However, all of the other parameters of the
motor is kept constant. KD values were changed to change the
stator outer diameter values of both motors.
TABLE II
PARAMETERS OF USED MOTORS

Motor Parameters
Rated power Pn [kW]
Synchronous speed [rpm]
Number of pole 2p
Line supply voltage V1 [V]
Supply frequency f1 [Hz]
Number of phases m
Phase connections
Targeted power factor
Targeted efficiency [%]
Number of stator slot Ns

Motor 1
5.5
1800
4
460
60
3
Star
0.83
89.5
36

Motor 2
10
3000
2
400
50
3
Delta
0.95
90
48

Number of rotor slot Nr
Stator inner diameter Dis [mm]
Stator outer diameter Dout [mm]
Stack length L [mm]
KD

28
111.6
180
131.5
0.62

44
135
240.2
300
0.562

This caused the stator outer diameter to decrease from 250 mm
to 232.758 mm.
TABLE III
STATOR OUTER DIAMETER VALUES FOR MOTOR 1 AND MOTOR 2

KD
0.61
0.62
0.63

The stator outer diameter values obtained according to KD
values are given in Table III for motor 1 and motor 2. A crosssectional view of the 10 kW motor is shown in Fig. 2. In this
model, the ratio between the outer diameter of the stator and the
inner diameter of the stator is increased up from 0.54 to 0.58.

Motor 1
Dout (mm)
182.950
180
177.142

KD
0.54
0.55
0.56
0.57
0.58

Motor 2
Dout (mm)
250
245.450
241.071
236.842
232.758

Fig. 2 Cross-section of 10 kW induction motor

IV. RESULTS AND DISCUSSION
In these analyses, all the design parameters are fixed values
except for the motor outer diameter in order to monitor only the
impact of the stator outside diameter. The stator outer diameter
values obtained according to the variation of the KD coefficient
are given in Fig. 3 for 5.5 kW and 10 kW motors.

5.5 kW motors. The variation of KD-stator back iron height is
given in Fig. 4.

10 kW
5.5 kW

245

31
hcs (mm)

235
225
215

26
21

205

16

195

11

185

6

175

10 kW
5.5 kW

36

255

Dout (mm)

When Fig. 3 is examined, a decrease in stator outer diameter
values occurs due to the increase of KD values. A decrease of
6.89% for the 10 kW motors and a decrease of 3.17% for the

0,54

0,55

0,56

0,57

KD

0,58

Fig. 3 KD versus Dout graphs
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0,54

0,55
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Fig. 4 KD versus hcs graphs
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10 kW
5.5 kW

1,6

103
98
93
88
78

1,2

0,8
0,54

0,55

0,56

0,57

KD

0,58

0,61

0,62

0,63

Fig. 5 KD versus Bcs graphs

When the Fig. 5 is examined, the stator back iron flux density
value shows an increase for both motor types. This has occurred
due to reduced height of the stator back core. For a 10 kW
motor, while the hcs value was 36.5 mm, the flux density value
was obtained 0.6867 T. If the hcs value was 27.879 mm, the flux
density value increased by 29.88% to 0.892 T.
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Fig. 7 KD versus stator iron loss graphs
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Fig. 6 KD versus stator back iron weight graphs

When Fig. 6 is examined, the decrease in the stator back iron
height decreases the material used in the stator back iron. This
has resulted in a reduction in weight. The weight for the 10 kW
motor has decreased from approximately 65 Kg to 50.6 Kg. A
decrease of 25.82% has occurred for 5.5 kW motor. The change
between KD and total iron loss is given in Fig. 7.

Stator iron losses in induction motors are obtained by
multiplying both the stator core weight value and stator
magnetic flux density value. Fig. 7 shows that the stator iron
losses increase by about 10 W for a 10 kW motor and only by
1 W for a 5.5 kW motor. This can be explained by the decrease
of the back iron weight value due to the decrease of the stator
back iron height value (hcs) for both motors and the increase of
the flux density values of the stator back iron parts due to the
decrease of the hcs value. The stator outer diameter impact on
motor efficiency is shown in Fig. 8.
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When Fig. 4 is examined, there is a decrease in the hcs values
for both motors. This has occurred due to reduced outer
diameter of the stator. The 10 kW motors had a decrease of
23.62% while the 5.5 kW motors were 24.57%. The variation
between KD ratio and stator back iron flux density is given in
Fig. 5.
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Fig. 8 KD versus efficiency graphs

When Fig. 8 is examined, almost no change in efficiency
values occurs. This is because only the stator outer diameter
value changes and many parameters remain constant in the
analysis. In particular, stator and rotor copper losses remain
constant and changes in iron losses of 10 W and 1 W cause the
motor efficiency to remain constant.
V. CONCLUSION
In this study, the effect of the ratio of induction motor stator
inner diameter to stator outer diameter on the motor
performance was investigated. According to obtained results,
the value of stator outer diameter decreased with increasing KD
value. Because of this reason, the stator back iron height value
is decreased and the magnetic flux density value in these parts
is increased. A decrease has occurred in the motor weight with
the decrease of the outer diameter sizes. The efficiency values
for both motors have not changed because of the other

parameters of the motors are kept constant except the stator
outer diameter and due to the small change in iron losses.
In view of the obtained information, it is obvious that the
most important factor in selecting the outer diameter of the
motor will be the motor cost.
Large outer diameter motors have higher moment of inertia.
But the amount of extra core is increasing the motor cost. In
small diameter motors, the obtained torque may not have the
force and the moment to move the load. For this reason costperformance analysis needs to be done well for the motors.
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Real-Time Implementation of an Adaptive Fuzzy
Fractional Sliding Mode Control for Speed Control
of BLDC Motor
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Experimental results, compared with the results of
conventional PID, confirm that the proposed sliding mode
controller can provide good tracking performance and is
robust against uncertainties and disturbances. To test the
speed of an electromechanical system, Eker İ. was tested a
sliding-mode control approach that is described in the form of
sliding surface proportional + integral + derivative (PID) [13].
It is stated that the proposed sliding mode controller is
determined to provide stability of the total dynamics during
the reaching phase and the sliding phase. The stability of the
system has been proven by Lyapunov theorem. It has also
been noted that the chattering effect is exceeded by using a
hyperbolic function for the sliding surface. Xiaojuan and
Keywords— BLDC motor, Fractional sliding mode control, Liu[14] introduced a new adaptive fuzzy sliding mode control
Adaptive fuzzy fractional sliding mode control, Speed control
approach. Two types of sliding mode control methods have
been used in their work, which are based on equivalent control
I. INTRODUCTION
and based on the reaching phase of the AFSMC algorithm. It
BLDC motors are widely used in many areas of industry, is also stated that the output value of the sliding mode
especially in applications requiring speed and position control. controller is changed according to the value range of the
Due to the nonlinear structure of systems that perform speed switching function and the system stability is improved by
and position control using BLDC motors, control is difficult. removing the chattering effect. Simulation results comparing
the controllers designed for this reason are required to respond the fuzzy sliding mode control scheme to show the
to this difficulty and need to work efficiently. There are many effectiveness of the proposed structure and the improvement
studies in the literature for speed control of BLDC motors [1- of the dynamic performance of the system are given. Wang et
10].
al. proposed Hybrid terminal sliding mode control method for
In real dynamical systems, sliding mode control method, sensorless position control of an electric vehicle using a
which has the ability to remove the effects of uncertainties brushless DC motor [15]. In the method they used, the back
caused by model errors and undesirable disturbing effects that EMF sensing approach were analyzed and improved.
affect the system response, has been widely used and modified. Improvement efforts have not only removed the chattering
Choi et al. [11] proposed Global SMC to control second-order effect of a zero crossing signal but also it was improved
time-varying systems with parameter uncertainties and reliability and stability. The dynamic performance of the
disruptive effects. The proposed controller has applied to the proposed structure was tested with experimental results and
BLDC engine with indeterminate loads. Experimental results efficiency was shown in terms of stability and energy saving.
of the proposed controller are very similar to the results of the
simulated and closed form equation and they show that they
In this study, a BLDC motor was tested for speed control
show the best performance compared to other SMCs. In [12], for low and medium speeds. Fractional order sliding mode
an SMC-fuzzy speed control approach is proposed. A control and adaptive fuzzy fractional order sliding mode
constantly changing term is used instead of the "sgn" function control methods are applied separately. Experimental results
to remove the effect of the chattering. A fuzzy control term show that the adaptive fuzzy fractional sliding mode controller
has been used to improve the dynamic response of the system has better performance than the fractional sliding mode
and to reduce the steady state error in the boundary layer. control.
Abstract— In this study, the fractional order sliding mode control
(FOSMC) and adaptive fuzzy fractional order sliding mode
control (AFFOSMC) methods for speed control in Brushless DC
motors and their effectiveness have been tested in real time. The
brushless DC motor used in the experimental work has 80W
power and has the ability to reach 11000 RPM without load. In
the BLDC motor used as test setup, fractional order sliding mode
control and adaptive fuzzy fractional order sliding mode control
methods were applied and speed control was performed at low
speed (10 RPM) and medium speed (1000 RPM). Experimental
studies were performed to compare the performance of the
reference tracking and error elimination of both controllers, and
the graphs of the results were presented.

II. BLDC MOTOR MODEL AND FRACTIONAL CALCULATION

1.

Bm tends to go too small and even zero,

Taking into account the DC motor equations, the transfer
function of the BLDC motor is obtained. DC motor voltage
equations can be expressed as follows.

2.

J m R  Bm L

3.

K t K e  RBm

V L

di
 iR  E
dt

E  Ke

d
dt

(1)

and very small values are neglected, the transfer function
expressed in Eq. (13) can be written as in Eq. (14).

(2)

G ( s) 

If Eq. (2) is substituted in Eq. (1) and the current expression is
denoted by Eq. (1);

di
d
L  V  iR  K e
dt
dt

d 2
d
iK t  J m 2  Bm
dt
dt

(4)

and, If equation (3) and equation (4) are rewritten in s-form to
obtain the transfer function,

LsI ( s )  V ( s )  RI ( s )  K e s ( s)

(5)

KtI ( s )  J m s 2 ( s )  Bm s ( s )

(6)

R
1
*
Kt Ke R

and the transfer function is rewritten;
G (s) 

(7)

K t [V ( s )  K e s ( s )]
 J m s 2 ( s )  Bm s ( s )
R  Ls

(8)

KtV ( s)  Kt Ke s (s)   (s)[ J m s  Bm s][R  Ls]

(9)

s

 ( s)
V ( s)

(s)[J m s  Bms][R  Ls]  Kt Ke s(s)
2

Kt



Kt
[ J m s  Bm ][ R  Ls ]  K t K e

V ( s)



Kt
[ J m s  Bm ][ R  Ls ]  K t K e

(12)

The expression is obtained. Thus, the transfer function of the DC
motor can be written as follows.

(s)

Kt
V(s) LJms  (JmR  BmL)s  RBm  Kt Ke

(15)

Mechanical and the electrical time constants;

 m

L
RJ m ,
 e
R
Kt K e

(16)

1
Ke
G ( s) 
2
 m e s   m s  1

(17)

equality is achieved. Equations (16) show the difference
(10) between DC motor and BLDC motor. The mechanical and
electrical time constants in the motor model are very
important. From the symmetrical structure of BLDC motors,
(11) Eq. (16) is obtained as follows.

is obtained. If equation (11) is rewritten using s ( s )   ( s )

 ( s)

RJ m L 2 RJ m
s 
s 1
Kt Ke R
Kt Ke

if the expressions are written in Eq. (15)

is obtained. Using this equation in Eq. (6)

2

1
Ke

is obtained. Where ‘Kt’ is torque constant (mNm/A), ‘Ke’ is
electrical torque (Vsec/rad), ‘Bm’ is friction coefficient
(Nm/(rad/sec)), ‘R’ is resistance between phases (Ω), ‘L’
phase inductance (mH) and ‘Jm’ motor inertia (Kgm2).

and if equation (5) is rearranged to obtain I(s)

V ( s )  K e s ( s )
I ( s) 
R  Ls

(14)

Eq. (14) is multiplied by the following expression,

(3)

is obtained. The expression of the mechanical part of the
BLDC motor;

V (s) 

Kt
LJ m s  J m Rs  K t K e
2

 m 

J
R
RJ m
 m
Kt Ke
Kt Ke

(18)

Since there are 3 phases in symmetrical structure, mechanical
and electrical constants;

 m

L
J m 3R
, e 
3
R
Kt Ke

(19)

(13) It is specified by the equations. In addition, the relationship
between electrical and mechanical torques can be expressed
by using the electric energy and mechanical power equations
Equation (13) is simplified under the following assumptions,
as follows:

G(s) 



2

3*E*I 

2
* N *T
60

(20)

E T
2
 *
N I 60 3

Ke  Kt *

(21)

2
 K t * 0.0605
60 3

(22)

1
0.06173
G(s) 
0.00659*54.19*106 * s2  0.00659* s 1

G (s) 

16.19
0.357 *10 * s 2  0.00659 * s  1

Equation (27) indicates the transfer function of the BLDC
motor used.
III. CONTROL

The mathematical model of the BLDC motor was obtained
according to the values given in Tables 1 and 2. Ke, τm and τe
values require calculation.

Specification
24
11000
286
9510
43.6
3.37
355
17.3
76%

The system to which the sliding mode controls method is
applied and the error signal can be defined as follows;
̈( ) +

Table 2: Characteristic features of Maxon BLDC motor (118889)
S. No.
1
2
3
4
5
6
7

Parameter (unit)
Terminal resistance
phase to phase - Ω
Terminal inductance
phase to phase - mH
Torque constant mNm/A
Speed constant - rpm/V
Speed/torque gradient rpm/mNm
Mechanical time
constant - ms
Rotor inertia- gcm2

Specification

0.226

̈= ̇=

( −

(29)

If this system given from the second order is transformed
into a first order system with ̇ = transformation;

̇

=

0

−

1

+

0

(30)

)

(31)

(32)

and the sliding function ( ) can be determined as follows,

6.59
20

J 3R
2 *106 *3*1.39
Ke  m 
 0.06173 Vsec/rad
Kt m 20.5*103 * 0.00659

( )− ( )

= { : ( , ) =0}

465
31.5

J m 3R
 0.00659 s
Kt Ke

(28)

( )=

If the sliding surface is defined as follows:

20.5

If the following calculations are made according to the values
given above;

m 

̇( ) +

( )=

̇

1.39

L 0.226 *10 3
e 

 54.19 *106
3R
3 *1.39

In this section, the mathematical equations designed
controllers and their block diagrams are given.

A. Sliding Mode Control

Table 1: Maxon BLDC motor operation features (118889)
Parameter (unit)
Nominal voltage - V
No load speed - rpm
No load current - mA
Nominal speed - rpm
Nominal torque - mNm
Nominal current - A
Stall torque - mNm
Starting current - A
Maximum efficiency

(27)
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2.1. Brushless DC motor (Maxon motor - EC 32),

S. No.
1
2
3
4
5
6
7
8
9

(26)

(23)
(24)
(25)

These values are substituted in Eq. (17) and G (s) is obtained
as follows.

=

−

( )=

⎫

( )=
( )

=

⎬
⎭

=

= ( )− ( )

(33)

(34)

The solution to be obtained if the sliding function is derived
and equated to zero is called the equivalent control. If the
derivative of the equation (33);
=

( )

−

( )

(35)

is obtained.

= ̇ = ( , )+

(36)

If Equation (34) and Equation (36) are written in Equation
(35);
( )

=

− ( ( , )+

(37)

)

The ( =
) value, which makes the equation (37) zero,
is equal to the equivalent control.
( )

=

( )

=

− ( ( , )+

)=0

− ( ( , )

(38)
(39)

If a Lyapunov function is selected as follows;
=

for stability;

>0

̇ =−

and

̇ =
̇

(40)

(41)

<0

and if the derivatives in Equation (40) and Equation (41) are
equalized,
(42)

̇ =−

In the solution of this equation
̇+

(43)

=0

is obtained. Here (D) determines the speed of approach of the
system states to the sliding surface.
If ( ̇ ) in Equation (35) is replaced by Equation (43) to
obtain the control signal,
( )

− ( ( , )+

)+

=0

(44)

+

=0

(45)

As a result of a short mathematical operation, the control
signal is obtained as follows.
=

+

=

+∆ +

=

+

=

+

(47)

Where
is the component of the mean value of the total
control signal and ∆ is the high frequency component of the
total control signal.
In this case a filter such as the following can be designed
for the estimated equivalent controller ( ).
and

(48)

=

where 1 τ denotes the value of the cut-off frequency of the
filter. The main purpose of a low-pass filter design is that the
characteristics of a control system are determined by lowfrequency components. High frequency components come
from generally modeled components.
If Equations (48) are rewritten using Equations (46) in the
light of these definitions,
,

=

+

(49)

it is necessary to check the speed of error and error in order
to obtain a robust control. In this case ( ) can be determined
as follows.

(50)

= ̇+

By substituting Equation (50) in Equation (49), the control
signal of the sliding mode control (SMC) obtained as follows.

If Equation (44) is rewritten using Equation (39);
−

If the matrices of ( , ) and B in the equivalent controller
equation expressed by Eq. (39) are not known at all, or if little
is known, it is impossible to calculate ( )or will be very
different from real ( ). For the estimation of ( ); moving
from the physical meaning of the effect of the equivalent
controller, it can be said that the equivalent control is the
average value of the total control. In this case, the equivalent
control would be appropriate to design with a low pass filter
which determines the average of the entire signal instead of
the rapidly varying high frequency components in the total
control signal.

(46)

where = ( ) . In this way, the effect of the chattering in
the system will be removed by adding the ( ) sign, which is
a continuous sign to the equivalent control signal ( ) .
However, to eliminate the difficulties that may arise during
the calculation of the equivalent control expression ( ) the
equivalent controller estimate can be used instead of the
equivalent control expression ( ).

=

+ ( ̇+

(51)

)

B. Fractional Order Sliding Mode Control
Fractional calculation is a generalization of derivatives and
integrals with a notation such as
for non-integer parts. In
this notation, a and t are the bounds of the operation and ∈
. If the sliding mode control signal obtained from Equation
(51) is written as follows using fractional calculation,
=

+ (

+

)

(52)

the control signal of the fractional order sliding mode
control is obtained in this way.

C. Adaptive Fuzzy Fractional Order Sliding Mode Control
The design parameter (G) defined in Equation (34) must
have an optimum value. The inputs of the fuzzy identification
algorithm are (ε) and (ε̇ ) . The membership value are
determined according to the Fuzzy sets. G (k + 1) will be
calculated using these membership values based on how much
(G ) needs to increase or decrease. At the last stage, G (k + 1)
will be calculated by an adaptation law and an adaptive fuzzy
fractional order sliding mode controller (AFFOSMC), which
is the final control approach, will be obtained. The parameters
of the fuzzy identifier are set using a recursive least square
(RLS) recursive method. The block diagram of the adaptive
fuzzy fractional order sliding mode controller is given in Fig.1

( )

=

… ( )

( )

…

(58)

( )

The RLS algorithm and update formula are given below.
( )= ( ) [
( + 1) = 1

( ) ]

+

( − ( )

(59)
(60)

) ( )

( + 1) = ( ) + ( )( ( + 1) −

If the rule of Equation (53) is rewritten;
IF ( ) =

Then

( )=

(61)

( ))

( )−

( )

(62)

( ) is the identifier model output for only rule .
Where
Our controllers that are tuned are given by,
( + 1) =

∑

∑

(

)

(63)

where, the certainty of the premise membership function
for a rule implies the certainty of the membership function
because of the existence of a single entry.

Figure 1. Structure of Adaptive fuzzy fractional order sliding mode
control (AFFOSMC)

i th rule that determines the output function of identifier
model is;
IF

( )=

Then

( + 1) =

( )+

( )

(53)

Where ( ) is the system output and ( ) is the fuzzy
design parameter. and ( = 1,2, … , ) are the parameters
( + 1) identifier
of the results.
is linguistic value,
model output for only rule . By using Center-Average
Defuzzification, the following descriptive model output is
obtained:
( + 1) =

∑

∑

(

)

(54)

In order to simplify this expression, the following definition
is made.
=∑

(55)

( + 1) =

(56)

Then general model;

where ( + 1) is the identifier model output. σ and λ are
defined as,
=[ …
… ]
(57)

( ) =

(64)

( )

For the fuzzy controller a certainty equivalence approach is
used. If the system operates according to the i.th rule and there
is little or no influence from the other rules, then ( ) = ( ).
As a result, the following equation is achieved.
( )=

( + 1) =

( )+

( )−

( )
(65)

If we choose k and k for i = 1,2, … , R, then the pole of
the closed loop system is at 0.1 and the steady state error
between x (k) and x(k)becomes zero. If the z-transforms of
x (k) and x (k) are X (k) and X (k) respectively,
( )

( )

(66)

=

The indirect adaptive scheme to be used for the controller
can be determined as follows.
=

.

(67)

Here, for each = 1,2, … , , the a and b estimates
determined by the identifier are used. In order to make the
( + 1) =
steady state error zero, k must be large and
( ) and ( + 1) = ( ) =
( ) for (i = 1,2, ..., R).
From Equation (65);
k =

.

(68)

Equation (67) and Equation (68) can be used to design a
controller that includes an indirect adaptive scheme. and
for each i. will be determined by the identifier and
and
will be updated for each i.
IV. EXPERIMENTAL RESULT

10

Reference
Measured

Speed (rpm)

Speed (rpm)

In this section, the controllers are compared in terms of the
rise time, reference tracking and the ability to reduce the error.
The square and trapezoidal speed references for the speed
control of the BLDC motor are used and the experimental
results are given in Figures 2-9.
In the first experimental study, 10 rpm square speed
reference is chosen for testing FOSMC and AFFOSMC. As
shown in Fig. 2 and Fig.4, FOSMC has a faster rise time than
the AFFOSMC at the start of BLDC motor movement.
However, when the square reference changes, AFFOSMC
gives fast rise time and overshoot.

In addition, the AFFOSMC has performed better than the
FOSMC in terms of reference tracking.
The results for square speed reference at 1000 rpm are
given in Fig. 3 and Fig. 5. The rise time of the AFFOSMC
for this reference is approximately 0.5 seconds. FOSMC's rise
time is approximately 1.5 seconds and with having less
overshoot.
In the second experimental study, the trapeze speed
reference with slow changes was chosen and the experimental
results are given in Figure 6-9. As shown in Fig. 6 and Fig. 8,
the AFFOSMC has a better rise time than the FOSMC for 10
rpm trapeze speed reference and is more successful tracking
the reference. In addition, the FOSMC controller has
overshoot. Finally, the results for the 1000 rpm trapeze speed
reference are given in Fig.7 and Fig.9. Although they have
similar performance in terms of reference tracking, the
AFFOSMC is faster than the FOSMC controller in terms of
rise time.
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Figure 2. Fractional order sliding mode 10 rpm square ref.
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V. CONCLUSIONS
In this study, an adaptive fuzzy fractional order sliding [7]
mode controller was tested for the speed control of the
brushless DC motor and the experimental results are presented. [8]
The experimental results show that the AFFOSMC shows
better performance with smaller speed error, better rise [9]
time and reference tracking when it compared to the
responses of FOSMC.
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Abstract— In this study, a different approach has been tested to
improve the performance of the sliding-mode control method,
which is an effective control method against the uncertainties
caused by model errors, and to reduce the effect of the
chattering. The performance of the proposed adaptive fuzzy
fractional order sliding mode control (AFFOSMC) approach is
tested in the trajectory tracking control of a quadrotor. A
fractional order sliding mode control (FOSMC) method was also
applied to compare the control effectiveness with the same
references. Simulation results are presented to demonstrate the
effectiveness of the proposed adaptive fuzzy fractional order
sliding mode control approach.
Keywords— Adaptive fuzzy fractional sliding mode control,
Quadrotor, Trajectory tracking

I. INTRODUCTION
Quadrotors are an aircraft that can be driven by four rotors.
The mechanical structure of propellers is simpler than an
ordinary helicopter. However, the control is quite difficult
because the Quadrotor has an unstable structure.
Thanks to the progress in control engineering to deal with the
inherent instability of quadrotors, their use in military,
security and surveillance systems has begun to increase.
In order to improve control performance due to nonlinear
system dynamics, nonlinear robust control methods for
quadrotors tested and developed by researchers. The sliding
mode control (SMC), which is one of the robust control
methods, defined by its simplicity, robustness, reduced system
dynamics, limited time convergence and stability
characteristics. In recent years, the sliding mode control
approach has been successfully applied in industrial
applications, motor drives, mobile robots, unmanned
underwater, air and land vehicles, space vehicles and many
other systems [1-7]. However, the chattering effect seen in
this control method can lead to the stimulation of un-modeled
dynamics and may even cause high-frequency oscillations
which can mechanically damage the system. There are
different methods and approaches to remove the chattering
effect of the sliding control approach. These methods include;
a boundary layer is formed around the sliding surface by using
the "sat" function instead of the "sgn" expression in the
control mark defined as us = -K * sgn (s) [8]. A smoother
manifold is obtained using the term "cos" [9] or "sin" [10]
instead of “sgn”. Adaptation of the “K” gain depending on
the sliding surface or error [11], adding an additional control

signal to the equivalent control signal and us signal [12]. In
addition to these approaches, the smoother calculation of
sliding surface "s" is an effective method to eliminate the
effect of chattering [13]. One of the methods used for this
purpose is the adaptation of the coefficient "G" in the slip
surface expression which is defined as “ = ̇ +
”.
Furthermore, in recent years there has been a growing interest
in fractional calculations, and one of the newest and most
successful methods used to reduce the chattering effect, which
is the biggest problem in the sliding-mode control approach, is
to calculate the sliding surface in fractional orders. As a result,
by determining the gain expression of the error sign in the
definition of the slip surface with the adaptive fuzzy controller
and calculating the derivative expression from the fractional
scale, it is possible to remove the effect of the chattering and
can be obtain a smoother sliding surface and control signal.
In this case, if the sliding surface properly defined, the
adaptive fuzzy fractional sliding mode control (AFFOSMC)
approach can remove the chattering effect without reducing
the robustness of the traditional sliding-mode control
approach.
In this study, an approach is proposed to reduce the
chattering effect of the SMC method, which is one of the
robust control methods, and the effectiveness of the method is
tested in simulation environment for trajectory tracking
control of a Quadrotor.
II. QUADROTOR’S DYNAMIC MODEL AND FRACTIONAL
ORDER CALCULATIONS
In Fig 1., the inertia axis of the quadrotor is represented by
=
, ,
and body axis
= [ , , ] and the
relationship between them is expressed by the rotation matrix
: → .

Figure 1. The quadrotor axis.

The position of the quadrotor is defined as ξ = (x, y, z) , the
angles = ( , , ) , the linear velocities = ( ̇ , ̇ , ̇) and
the angular velocities = ( , , ) .
The dynamics of quadrotor can be written as follows.
̇=
̇ =−
̇=
̈=
̈=− ̇
̇ =

−
⎫
∗
− + ⎪
⎪
, ̇=
−
⎬
∗ ̇− + ⎪
⎪
∙ ( )
⎭

(1)

f

=

G=

I(Ω ∗ e )(−1)

bω

(2)

where “ω ” represents the angular velocity of the i th rotor and
“ f ” represents the lift force. Gyroscopic torques can be
calculated as follows;
ω

(3)

torque expressions are as follows;
τ
τ
τ

=

b(ω − ω )
b(ω − ω )
d(−ω + ω − ω + ω )

(4)

Where "d" is the drift factor and "b" is the thrust factor. Thus,
the general expression of the dynamic model of quadrotor can
be obtained as follows [14].
ẋ
ẏ
ż

v̇

v̇
v̇

ϕ̇
θ̇
ψ̇
ṗ

q̇
ṙ

=
=
=

v
v
v

Quadrotor's reference position and attitude angles and their
error signs can be expressed as follows;
ξ (t) = [x (t), y (t), z (t)]
η(t) = [ϕ (t), θ (t), ψ (t)]
E = [ξ − ξ , ξ̇ − ξ̇ ] ,

(6)

E = [η − η , η̇ − η̇ ]

(7)

the derivatives of Eq. (7) are;

Where “m” denotes the mass of the Quadrotor, “I” inertia,
“sk( )” skew-symmetric matrix (a, b ∈ ℝ → sk(a)b = a ∗
b), “G” gyroscopic torques, “g” gravity, τ = [τ τ τ ]
torques and “T” the total thrust force;
T=

Where ℧ = −ω + ω − ω + ω and “Ix,y,z” refers to the
inertia of the quadrotor body on the x, y, z axes.

T
m
T
= −(cos(ψ) sin(θ) cos(ϕ) + sin(ψ) sin(ϕ))
m
T
=
cos(θ) cos(ϕ)) − g
m
=
p + sin(ϕ) tan(θ)q +cos(ϕ)ta n(θ) r
=
cos(ϕ)q − sin(ϕ) r
=
sin(ϕ) sec(θ) q + cos(ϕ) se c(θ) r
I −I
I
τ
=
qr +
q℧ +
I
I
I
I −I
I
τ
=
pr +
q℧ +
I
I
I
I −I
τ
=
qp +
I
I
= −(sin(ψ) sin(θ) cos(ϕ) − cos(ψ) sin(ϕ))

⎫
⎪
⎪
⎪
⎪
⎪
⎪
⎪
⎪
⎪
⎬
⎪
⎪
⎪
⎪
⎪
⎪
⎪
⎪
⎪
⎭

Ė = A E + B (ξ̈ − ξ̈ ) ,
where A ∈ ℝ
0
⎡0
⎢
0
A =⎢
⎢0
⎢0
⎣0

0
0
0
0
0
0

and B ∈ ℝ

1
0
0
0
0
0

0
1
0
0
0
0

∗

(8)

are as fallows,

0
0 0 0
⎡0 0 0⎤
0⎤
⎥
⎢
⎥
1⎥
0 0 0⎥
, B =⎢
(9)
0⎥
⎢1 0 0⎥
⎢0 1 0⎥
0⎥
⎣0 0 1⎦
0⎦
The equations given in relation to ξ̈ and η̈ de in Eq. (1) can be
regarded as cascade-connected structures in which the
quadrotor is combined with the rotation matrix of the attitude
control (inner loop) and position control (outer loop)
subsystems [15]. In this case we can consider the Quadrotor as
a structure formed by combining two different linear systems
via a non-linear term. The sign which is defined as the virtual
control signal is defined as γ = [γ , γ , γ ] ∈ ℝ . Instead of
the terms ξ̈ and η̈ in Eq. (8), their expressions in Eq. (1) can be
written to obtain an open-loop control structure.
Ė = A E + B γ − ξ̈
Ė = A E + B (I

+ B ( Re − ge − γ)

(τ − η̇ ∗ Iη̇ − G) − η̈ )

(10)

where f∆ (T, γ, e ) = B ( Re − ge − γ) is the coupling term
between the inner and outer loop structures [16]. The virtual
control signals can be written as follows, taking into account
the work done by Kendoul et al [16].
γ =

γ =
(5)

0
0
0
0
0
0

∗

Ė = A E + B (η̈ − η̈ )

(cos(ψ ) sin(θ ) cos(ϕ ) + sin(ψ ) sin(ϕ )) ⎫
⎪
(cos(ψ ) sin(θ ) cos(ϕ ) − sin(ψ ) sin(ϕ ))
⎬
⎪
γ = (cos(θ ) cos(ϕ )) − g
⎭

(11)

Eq. (11) can be rewritten as fallows,
T = m γ + γ + (γ + g)

ϕ = sin (

θ = tan (

sinψ −

cosψ +

cosψ )

⎫
⎪

⎬
sinψ )⎪
⎭

(12)

In Eq. (12), the f∆ coupling term can be temporarily ignored
so that Ė = f and Ė = f .

If =
transformation is performed in Eq. (21) to
obtain the equivalent control;

=

III. CONTROL
In this section, the mathematical equations of the designed
controllers and their block diagrams are given.

A. Sliding Mode Control
The system to which sliding mode control is applied can be
defined as follows [17].
̇( ) +

(13)

( )=

If a first degree system is created by performing ̇ =
transformation;
( −

̈= ̇=
̇

̇

=

0

−

1

+

0

(15)

The sliding surface to be defined for SMC is;
(16)

= { : ( , ) =0}

The sliding surface of the x-axis can be defined as follows
(the equations are given only for the x-axis in terms of
simplicity of operation),
−

( )=

⎫

( )=
( )

=

= ( )− ( )

(17)
(18)

⎬
⎭

=

Eq. (17) is derived and equated to zero to obtain equivalent
control;
=

( )

−

( )

(19)

Eq. (19) can be rewritten as fallows,
(20)

= ̇ = ( , )+

If Eq. (19) is rewritten using Eq. (18) and (20)
=

( )

)=0

− ( ( , )

(22)

(23)

− ( ( , )+

=

>0

and

Stability condition;
̇ =−

̇ =
̇

(24)

(25)

<0

In this case, if Eq. (24) and Eq. (25) are taken together,
(26)

̇ =−

Eq. (26) can be rewritten as fallows;
̇+

(27)

=0

If Eq. (27) is rewritten using Eq. (21) and Eq. (23), the
control signal is obtained.

( )− ( )
( )− ( )
( ) − ℎ( )

=

( )

− ( ( , )+

Where (D) expresses the speed of approach of the system
(14) states to the sliding surface.

)

The error signs of the SMC structure to be used in the control
of the quadrotor on x, y and h axes are;
( )=
( )=
( )=ℎ

( )

is obtained and the Lyapunov function for stability analysis
of the system is determined as follows;;

Figure 2. Quadrotor control block.

̈( ) +

=

)

(21)

−

+

(28)

=0

The following expression is obtained as a result of a short
mathematical operation.
=

+

(29)

=

+∆ +

(30)

=

+

where = ( ) . Thus, the effect of cracking in the system
will be reduced with the
term added to
. However,
while
is calculated, if ( , ) and B are not exactly known,
or if they are less known, then the equivalent controller
estimator approach can be used instead of the calculated value
of
. If the physical effect of the equivalent control in the
system is considered, it can be considered that the equivalent
control is the average value of the total control signal. In this
case, it is appropriate to design the equivalent control with a
low-pass filter, which determines the average of the total
control signal.
where ∆ is the high frequency components of the total
control signal and
is the component representing the
average value of the total control signal. In this case, a filter
such as the following can be designed for the equivalent
controller estimate ( ).
and

=

(31)

The characteristic of a control system is determined by its
low frequency components. High frequency components are
generally generated by the modeled components. After these
definitions, Eq. (31) is rewritten by considering Equation (29),

=

+

,

=

(32)

+

To obtain a robust control ( ) can be determined as follows.
(33)

= ̇+

If Eq. (33) is substituted in Eq. (32) to obtain the control
signal of the sliding mode control (SMC);
=

+ ( ̇+

(34)

)

B. Fractional Order Sliding Mode Control
Fractional calculations allow the derivation and integral to
be computed with non-integer orders. Fractional calculation is
expressed by an operator such as
. Where a and t are the
limits of the operation and ∈ .

If the derivative expression in equation (34) is computed
fractionally,
=

+ (

+

(35)

)

So that the fractional order sliding mode control signal is
obtained.

C. Adaptive Fuzzy Fractional Order Sliding Mode Control
In this stage, error (ε) and change of error (ε̇ ) will be
subjected to fuzzification process and membership functions
will be determined according to the fuzzy sets. According to
the membership level, ( ) will be determined and then the
new value λ (k + 1) will be calculated. Later, with the
adaptation law, (k + 1) will be re-adapted and the control
signal will be obtained. The fuzzy identifier parameters are set
using Recursive Least Square (RLS). The block diagram of
the adaptive fuzzy fractional siliding mode controller is given
in Fig.3

(k + 1) =

∑

∑

(

)

(37)

Algorithm and updating formula used when calculating a
and b parameters by Recursive Least Square (RLS) method
are given below.
g(k) = P(k)G[ρI + G P(k)G]

(38)

σ(k + 1) = σ(k) + g(k)(x(k + 1) − G σ(k))

(40)

IF x(k) = A then

(41)

P(k + 1) = 1 ρ (I − g(k)G )P(k)

(39)

If the rule in Eq. (36) is rewritten;
(k) = k x

(k) − k x(k)

Where (k) is the fuzzy controller output for rule i. th. In
this case, the fuzzy controller output can be set as follows.
(k + 1) =

∑

∑

(

)

(42)

The certainty equivalence approach is the basis for the
fuzzy controller. Another assumption is (k) = (k) and
(k) = (k). If the system works according to i. th. rule
and little or no influence from other rules, then x(k) = x (k).
As a result, the following equation is obtained.
(k + 1) = a b (k) + b [k x

(k) =

(k) − k x (k)]
(43)

If k and k are determined for i = 1,2, … , R, the steady
state error between x (k) and x(k) becomes zero. If the ztransforms of x (k) and x (k) are respectively X (k) and
X (k);
( )

( )

(44)

=

The indirect adaptation law to be used in controller design
can be determined as follows.
k =

.

(45)

Here the a and b estimates determined by the identifier are
used. If k is sufficiently large and (k + 1) = (k) and
x (k + 1) = x (k) = x (k) for (i = 1,2, ..., R), the steady
state error becomes zero.
Figure 3. Adaptive fuzzy fractional order sliding mode control structure

i th rule of the identifier model is as follows.
IF x(k) = A then

(k + 1) = a x(k) + b

(k)

(36)

where (k) is the fuzzy design parameter and x(k) is the
system output. a and b (i = 1,2, … , R) are the parameters of
the results. (k + 1) identifier model output for only rule
and
A is linguistic value. With the Center-Average
Defuzzification method, the identifier model output is
generated as follows:

=

.

(46)

Eq. (45) and Eq. (46) specify the controller designer for the
indirect adaptive structure and the identifier will provide the
values ai and bi for each i value, where k1i and k2i values can
be updated for each i.
IV. SIMULATION RESULTS
The oblique circular trajectory identified as the first
reference contains soft changes in the X, Y, and H axes. The
zigzag trajectory, designated as the second reference mark,
contains sudden changes in the X and Y axes and has a
constant 1 meter value in the H axis. Simulation results for
FOSMC and AFFOSMC for both references are given in

w

Figures 4-7. As shown in Fig. 4a and Fig.5a; it seems that
AFFOSMC has not overshoot; it catches the reference earlier
than FOSMC and is more successful tracking the reference.
From the graphs given in Fig. 4b and 5b for the x, y and h
axes; it appears that the AFFOSMC controller is much better
in terms of the amount of detachment from the reference
signal and the delay time.

From the graphs given in Fig. 4c and 5c; the oscillations
occurring in the control signals generated for the inner loop
control structure are a major problem in terms of stabilization
of the system and trajectory tracking of the quadrotor. In this
respect AFFOSMC has advantages such as reference tracking
success and rise time compared to the FOSMC controller.
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From the 3D graphics in Figures 6a and 7a; at the
instantaneous turning points of the reference, both controllers
exhibited similar performance, but AFFOSMC seems to be
more successful than FOSMC in terms of time to orbit after
these turns. From Figures 6b and 7b it is seen that FOSMC
has a rise time to H axis of about 7 seconds and AFFOSMC
has about 6 seconds. It is also seen that AFFOSMC followed
the reference with fewer errors than FOSMC.

In the fig. 6c and 7c; Graphs show that AFFOSMC produces
control signals with lower amplitude and oscillation than
FOSMC. In particular, the oscillation generated in the
FOSMC for the gamma 1 sign are not present in the
intermediate control mark produced by AFFOSMC, which
causes the quadrotor to leave the trajectory during reference
tracking.
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V. CONCLUSIONS
In this study, an adaptive fuzzy fractional order sliding
mode control approach is presented and tested for trajectory
tracking of a Quadrotor. The proposed control structure is
compared with the FOSMC to demonstrate its effectiveness.
The simulation results show that AFFOSMC is more
successful than FOSMC in producing error elimination and
less oscillatory control signals. it is planned to experimentally
test the control structure proposed in our future studies.
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Abstract— In this paper, an Adaptive Backstepping Controller
(ABC) is proposed to control the trajectory of a two link robot
manipulator arm (TLRA). As a nonlinear control method, the
backstepping control (BC) approach has been derived with an
adaptive integrator algorithm to deal with parameters
uncertainties of the kinematics of the system via an adaptation law
that derived based on Lyapunov Stability Theorem. Also, the
ordinary Backstepping Controller (BC) is applied for the same
trajectory to show the effectiveness of the ABC in terms of
trajectory tracking performance and error elimination capability.
Demonstrative simulation has indicated the priority of the
proposed controller.
Keywords— Backstepping control, adaptive control, two link
robot manipulator.

I. INTRODUCTION
From the improvement of the technology, some robotic
systems such as flexible manipulators and tree-like robotic
structures have been adapted to the automotive, medication and
food service industries. As an useful and unseparable section of
robotic systems, the TLRA plays an important and effective
role in which many complex and sensitive tasks must be
realised with high-precision and minimum trajectory tracking
error. However, the TLRA is at loggerheads with payload
variations, external disturbances, frictions, parameter
uncertainties and sensor noises, etc [1]. Due to these
undesirable effects on the manipulator, many control
algorithms have been proposed to adopt the system to these
changes by some researches.
For the beginning, control applications of TLRA are the
linear controllers such as PI, PD and PID that can be designed
easily by means of trial and error [2-3]. However, this
controllers have some disadvantages due to having constant
control parameters as , and
as well as having linear
behaviour on nonlinear systems where the parameter adaptation
is needed and effective control performance are expected.
Therefore, these linear control methods are not a good
preference for TLRA that has parameter variations and
unmodeled disturbances. As a nonlinear control method, the
Fuzzy Logic Control (FLC) algorithm is a rule-based control
method and can be used in linear and nonlinear systems
especially in which the system can not be modelled
mathematically [4-5]. Although, the FLC does not need to

mathematical model of the system clearly, it is an unpractical
control methodology on some systems whose stability must be
proven by Lyapunov Stability criteria. On the other hand, the
Sliding Mode Controller (SMC) is famous for its useful
properties such as disturbance rejection, robustness to
parameter variations and easy implementation, etc [6-7].
However, the SMC is a kind of nonlinear controller and its
stability can be proven using Lyapunov theorem, it has an
unwanted motion called chattering. Due to this ill-effect of the
controller, the SMC will be not a good preference for some
systems whose systems dynamics demand sensivity and
continuity. The backstepping controller (BC), as an another
nonlinear control method, is a Lyapunov Stability-based
controller and designed depending on the system dynamics [8].
Due to its useful properties such as recursive control structure
and being a stability-based controller, the BC has been used in
more control applications in which all the system dynamics of
a system are known clearly. The main objective of the BC is
that the control signal is achieved step by step via chain rule
and each rule stabilizes the another one. In the end, the main
control signal is derived as well as proven. Despite being a
nonlinear control method, the BC is inadequate to deal with
parameter variations that occur generally during the load
changes, disturbances and ill-defined system dynamics.
Consequently, the BC has been modified as an Adaptive-BC
(ABC) which compensates parameter variations in the system
dynamics automatically [9-10].
In this paper, the BC and ABC have been derived
mathematically in order to control TLRA. Due to parameter
uncertainties, the BC is designed with an adaptation law
depending on the Lyapunov Theorem to increase trajectory
tracking performance of the system. Then, both controllers are
applied to the TLRA and the simulation results are compered.
II. DYNAMICS OF TWO LINK ROBOT MANIPULATOR
In this paper, a TLRA that is presented in Fig. 1 is considered
as a case study. For this system, we need to determine all
necessary equations to design a closed-loop control system.
The total kinetic energy of the system can be expressed as [11];
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where is joint position vector, is the total inertia and
principal moments of inertia.
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Then, the torque equations of the system can be written as given
below.
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III. CONTROLLER DESIGN
In this section, the control algorithms of the both controllers
have been presented.

A. Backstepping Controller Design
First, the state-state representation of the system can be
written as given below;

Fig. 1 A TLRA representation

In addition, the inertia matrix can be written as;
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Then, we can write the Christoffel variables as given below;
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where h can be written as;
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The potential energy of the system can be written as;
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whose system equations can be represent as;
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From Eq. (20) and neglecting friction effects, Eq. (19) can be
written as,
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where
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. Then, Eq. (21) can be written as;
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The first step is to calculate error and its derivative [12],
=
−
(23)
̇ = ̇ −
also, a virtual tracker signal is generated as given below.
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Since the control input has an unknown parameter as a
multiplier, we will deal with it later. First, we will write just
to make calculations easier.
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To proof the stability of the system, a well-defined positive
definite Lyapunov function can be described as in Eq. (27).
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Then, taking time derivative of Eq. (27), Eq. (28) is achieved.
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Substituting Eq. (24) into Eq. (28), Eq. (29) can be written.
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From above, the general expression of the Lyapunov equation
can be achieved as in Eq. (30).
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From Eq. (30), the control signal can be obtained as given
below;
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can be obtained. From Eq. (40) and (41), Eq. (42) can be
achieved as;
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where the control signal can be written as given below,
=
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From the Eqs. (16)-(17), the ABC is designed by using
system’s mathematical model [13]. Then, an adaptation law has
been derived to update the parameters of system, which is not
well known.
In addition to traditional BC, we add parameter error to the
calculations as described in Eqs. (33)-(34).
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B. Adaptive Backstepping Controller Design
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To obtain adaptation laws for the system, Eq. (39) can be
written as;
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Now, we fulfil the Lyapunov stability criteria. Also, the control
block diagram of the ABC is given in Fig. 2.
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To proof the stability of the system, a well-defined positive
definite Lyapunov function can be described as in Eq. (37).
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Then, taking time derivative of Eq. (37), Eq. (38) is achieved.
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From Eq. (38), the general expression of the Lyapunov
equation can be achieved as in Eq. (39).
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Fig. 2 The control block diagram of the ABC

IV. SIMULATION RESULTS
In this part, the simulation results of the ABC and BC have
been presented in Fig. 3 and Fig. 4 respectively.
In Fig. 3, although the ABC has more overshoot than the
traditional BC, the proposed controller has better trajectory
tracking performance than the BC. Also, the ABC has less rise
time and be able to overcome parameter variations when
compared with the BC as seen in the simulation results.
Moreover, the ABC has generated control signal with lower
chattering level that causes some ill-effect on the system such
as deviation, fatigue and temperature rise of the motor windings
for both joints. Also, when the error figure shows that the ABC
has eliminated the steady-state error nearly at 16 seconds.
In Fig. 4, despite having less overshoot, the BC has nearly

1.2

1

1

0.8

0.8
Positions (m)

Positions (m)

1.2

0.6
0.4
0.2

2

4

6

8

1.2

0.2

10

Time (sec)

12

14

16

18

20

-0.2
0

1

0.8

0.8

0.6
0.4
0.2

6

8

2

4

6

8

10

12

14

16

18

20

10

12

14

16

18

20

Time (sec)

0.4
0.2
0

2

4

6

8

10

Time (sec)

12

14

16

18

20

-0.2
0
16

16
Control Signal 1
Control Signal 2

14
12

12

10

10

8
6
4

6
4
2

0

0
4

6

8

10

Time (sec)

12

14

16

18

Control Signal 1
Control Signal 2

8

2

2

Time (sec)

14

Torques (Nm)

Torques (Nm)

4

0.6

0

-2
0

2

1.2

1

-0.2
0

Joint 1 Reference
Simulation
Joint 2 Reference
Simulation

0

Error Levels (m)

Error Levels (m)

0.4

Joint 1 Reference
Simulation
Joint 2 Reference
Simulation

0
-0.2
0

0.6

20

-2
0

2

4

6

8

10

Time (sec)

12

14

16

18

20

Fig. 3 The step reference tracking results for ABC

Fig. 4 The step reference tracking results for BC

4 % percentages trajectory tracking error for the second joint of
the TLRA that is marked with blue colour as seen in the figure
when it compared with the result of the ABC. In addition,
because the BC is not able to deal with parameter uncertainties,
it is seen from the error figure of the BC that the controller is
not able to eliminate steady-state error and thus, some

significant deviations have occurred from the reference
trajectory. Also, when the error figures are compared for both
controllers, the BC has produced insufficient torque value for
Joint 2 to track the given reference position.

V. CONCLUSIONS
In this paper, the ABC has been designed and validated with
simulation studies on a TLRA to indicate how parameter
adaptation acts on a system whose system dynamics are
sensitive to parameter variations. Also, the proposed control
algorithm has been compared with the BC to show the
effectiveness of the ABC. The simulation studies show that the
ABC has better performance than the BC in terms of trajectory
tracking, error elimination and is adequate to cope with
parameter uncertainties. Moreover, the ABC has better steady
state performance with having less overshoot/undershoot
compared with the BC. To sum up, the proposed controller has
better responses than the BC to control the trajectory of the
TLRA.
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Abstract— In this paper, the computed torque control method
(CTC) has been presented for a two link robot manipulator
(TLRM) to generate the needed torque value for the actuators of
the system. First, to derive the torque equations, the system model
is clearly described. Second, the general torque equation of the
system is achieved based on the kinematics of the system that
consists of the nonlinear terms derived from the system’s
nonlinearity. Then, to show the control performance of the
proposed controller, the PID control method is used for the same
sinusoidal reference signal. The simulation results have indicated
that the CTC has shown better performance than the PID
controller for generating the needed torque value for the system.
Keywords— Computed torque control, nonlinear control, two link
robot manipulator

I. INTRODUCTION
Over the control history, many control algorithms have been
proposed to control nonlinear systems, effectively. Thus, both
linear [1-3] and nonlinear [4-7] control methods have become
very important tools to realize a precise and high performed
control application. As a nonlinear system, the TLRM has been
investigated by many researchers in order to validate their
control studies. Therefore, many control studies on the TLRM
have been proposed with the knowledge of the system
dynamics.
The CTC provides more precise, lower feedback gains and
energy efficient control procedure for robots whereas this
control method depends on the robot dynamics that require the
knowledge of the system [8]. Therefore, some studies on
designing of the CTC method have been presented by some
researches. As an example, Jain and Chhabra have presented a
study on computed torque control of the TLRM [8]. First, they
have derived the nonlinear equation of motion of the system.
Then, they have used the PID and CTC methods to control
system. The simulation results have indicated that the CTC
algorithm has satisfactory trajectory tracking performance
when compared with the PID controller. Song et al. have
published a study on controlling the TLRM via the CTC
method which is designed based on the Fuzzy Logic (FL)
approach to deal with unmodeled and modelled uncertainties of
the system [9]. First, they have derived dynamic model of the
system and modelled it with nonlinear dynamic terms. Then,
they have designed the proposed control strategy to indicate the
FL approach effectiveness based on Lyapunov stability
theorem. The simulation results have shown that the designed

control algorithm is adequate to deal with parameter variations
and unmodeled/modelled system uncertainties. Shang and
Cong have developed a new CTC method to realize trajectory
tracking control of a high-speed planer parallel manipulator in
real time experiment based on replacing the linear conventional
PD controller into the equation of control algorithm [10]. The
presented method is to increase the control effort of the
conventional CTC method. The experimental results indicate
that the developed control method is prior to the CTC method
in terms of overcoming modelling errors and nonlinearity of the
system. J. A. Shah and S. S. Rattan have presented a study on
dynamic analysis of a TLRM by means of CTC. The CTC
method is combined with the PID controller so as to enhance
control ability of the designed control method [11]. The
simulation results show that the proposed controller has
satisfactory error elimination capability as well as good
trajectory tracking performance.
In this paper, the CTC method has been presented to control
the trajectory of the TLRM. The control method has been
derived depending on the system dynamics of the TLRM. Also,
to illustrate the priority of the proposed controller, the PID
controller is applied. The simulation results show the
effectiveness of the proposed controller.
II. MATHEMATICAL MODEL OF TWO LINK ROBOT
MANIPULATOR
In this paper, a TLRM is considered as a case study. Also,
the TLRA is presented in Fig. 1.
For this system, we need to determine all necessary system
equations to design a closed-loop control system. First of all,
the total kinetic and potential energies of the system can be
expressed as given below [12];
=
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where is joint position vector, is the total inertia and
is
principal moments of inertia. Depending on the definition of
total kinetic energy and Euler-Lagrange’s equation, the
mathematical model of the TLRM can be achieved as given
below [13].
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where is the inertia matrix, is Coriolis and centripetal
forces, represents the friction matrix and is the gravity
matrix of the system.

where
= −
is the error between reference and
measured joint displacements,
and
are positive and
diagonal matrices, ( , ̇ ) represents the nonlinear terms of
the system and can be written as;
( , ̇) = ( , ̇) +

+ ( )

(7)

here, the PV gains are generally selected for = 1 that is called
critical damping. Thus,
=2
can be written for both
joint. Moreover, the control block diagram of the proposed
controller has been given in Fig. (2).

Fig. 1 A TLRM representation

III. CONTROLLER DESIGN
In this section, the control algorithms of the both controllers
have been presented.

A. PID Controller Design
The PID controller is a linear control method that it is used
for many years and many control applications due to its useful
properties such as does not require the knowledge of the system
dynamics, can be designed and applied easily to any system.
First, the space-state representation of the system can be
written as given below;
=

( ) ̈ + ( , ̇) ̇ + ( ̇) + ( )

(4)

From Eq. (4), the conventional PID controller can be
written as in Eq. (5).
=

e+

̇+

B. Computed Torque Controller Design

(5)

The CTC method is a nonlinear control algorithm as well as
a model-based controller. Therefore, to design the CTC, the
systems’ dynamics must be known [12].
First step is to derive general expression of the CTC, the
system dynamics must be given. Thus, the state-space
representation of the system can be written as given below.
=

( ) ̈ + ( , ̇) ̇ + ( ̇) + ( )

(6)

=

( ) ̈+ ̇

(7)

From Eq. (6), the well-known CTC algorithm can be expressed
as [13]:
+

+ ( , ̇)

Fig. 2 The control block diagram of the CTC method [13]

IV. SIMULATION RESULTS
In this part, the simulation results of the both control
algorithms have been demonstrated in Fig. 3 and Fig. 4,
respectively. To show the performances of the both controller,
the sinusoidal reference with 0.5 amplitude has been applied to
the Joint 1 and Joint 2.
In Fig. 3, the PID controller’s results have been presented
with trajectory tracking, error level and the generated control
signal figures. First of all, the PID controller has explicit
trajectory tracking error while tracking the sinusoidal reference,
especially controlling the Joint 1 that needs bigger torque
magnitude than the other joint due to carrying the mass of the
all systems. Also, the PID controller is inadequate to overcome
parameter variations that is available on the TLRM. Although,
the PID controller is able to track the reference trajectory
between 20-50 seconds for Joint 2, it is not able to drive the
system to the reference trajectory for Joint 1 due to its
insufficient control effort.
In Fig. 4, the simulation results of the proposed controller are
given. In the first figure, trajectory tracking results of the CTC
is presented. When the figure is compared with the results of
the PID controller, the CTC has better trajectory tracking
performance with minimum deviations. Also, the CTC is able
to generate the needed torque value for both joints to realize
smooth and nearly vibration-free control for trajectory tracking.
Besides, the CTC has lower overshoot/undershoot and error
level than the PID controller. Despite having bigger control
signal magnitudes, the proposed control algorithm is adequate
to deal with parameter variations due to friction effect,
unmodeled system dynamics and mass changes.
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V. CONCLUSIONS
In this paper, the CTC method is proposed and applied to the
TLRM that has parameter variations in the system dynamics, to
realize trajectory tracking control under sinusoidal reference
that is changing with respect to time. Then, the proposed
control method is compared with the conventional PID
controller. The simulation results indicate that the CTC has
significant trajectory tracking performance and is good at error
eliminating whereas the PID controller has steady state error
and bad trajectory tracking performance. Also, the CTC is prior
to the PID controller in terms of rise time and settling time. As
a result, the CTC is a good preference for the systems whose
system dynamics are sensitive to the parameter variations and
must be controlled with minimum error.
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Abstract— Studies on renewable energy sources supplied motor
applications can be widely observed in literature. As the
researchers are especially focused on design and control of such
systems, in this study performance analysis of a switched
reluctance motor (SRM), which is supplied by photovoltaic (PV)
system, is performed for different operating conditions. Results
are discussed by using the obtained graphs.
Keywords— Switched reluctance motor, photovoltaic system,
renewable energy, distributed generation, MATLAB.

I. INTRODUCTION
Due to energy demand increases rapidly, it is necessary to
integrate renewable energy sources as photovoltaic (PV)
systems to conventional generating units to meet this demand.
As the such systems has limited capacity of energy generation,
it is vital to analyze load characteristics in detail for using the
generated energy most efficient. In addition, it is important to
determine properties and operational performance of load while
supplied by a renewable energy source. Photovoltaic systems
are being studied widely in literature. The recent studies are
varies among design [1]-[2], analysis [3] and grid integration
[4]-[7] issues. These studies are both on single phase and three
phase systems. Similar as this study, there are also valuable
works on PV supplied motor applications. While the most of
these studies are focused on the water pumping systems [8][12], researchers also investigated control techniques and
performances of systems with motor loads [13]-[16].
In this paper, a switched reluctance motor that is energized
by a PV system is analyzed. As there are studies on PV supplied
reluctance motors in literature [17]-[18], in this study analysis
is performed in two parts. In the first part of study, possible
effects of the energy source, which is PV system in this study,
are investigated, where in the second part effects of possible to
occur at any point of the whole system are examined.
II. PV SYSTEM MODELLING
Photovoltaic panels are formed by connecting photovoltaic
cells series and parallel, which are created by semiconductor
materials. General structure of a PV cell is given in Fig. 1. [19][21].

Fig. 1. PV cell structure

According to the given equivalent circuit, mathematical model
of a PV cell can be described as:

 q V  IRs  kT  V  IRs
I PV  I g - I d 1  e
-1 Rp



(1)

In this equation, IPV shows the current, V shows voltage at
the terminal, electron charge is shown by q, Boltzmann
constant is shown by k and T shows ambient temperature,
which is in terms of Kelvin.
According to the purpose of study, a PV system is designed
under MATLAB / Simulink platform. Internal structure and
block representation of PV panel is shown in Fig. 2 and Fig. 3
respectively.

Fig. 2. Internal structure

Fig. 3. PV block

IV. SYSTEM DESIGN
According to the aim of this study, designed whole system
structure is shown in Fig. 7.

PV system is designed as shown in Fig. 4.

Fig. 4. Designed PV system

Each PV panel has properties that shown in Fig. 5.
Fig.7. Study system

The study system is consist of PV system, switched
reluctance motor and converter unit as main components. In
addition, there are controller blocks and display units as
secondary ones.
V. RESULTS
Fig. 5. PV panel properties

III. SWITCHED RELUCTANCE MOTOR
Switched Reluctance Motors have advantages such as highspeed operation, high degree of independence between phases,
short end-turn, and low inertia [22]. Because of such
advantages, switched reluctance motors are being widely used
in industrial and agricultural applications. General structure of
an 8/6 switched reluctance motor is given in Fig. 6.

Simulation parameters are adjusted for the system given in
Fig. 7 and system is observed during simulation. There are two
main analysis that performed according to the aim of study.
These can be classified as observing the effects of PV system
and effects of faults.

A. Analysis of PV system effects
PV system energy generating performance depends on some
parameters strictly. Irradiance and shading can be defined as
the most important parameters. Different values of irradiance
are applied to PV system and effects of such variation are
observed by using the graphs. Fig.8 represents the change of
irradiation and Fig.9 shows impact of the generated DC voltage
from PV system.

Fig. 6. Structure of the 6/4 pole SRM [23]

Such motors are defined by ratio of their stator poles to rotor
poles. In this study, system is designed by using a 6/4 switched
reluctance motor. The electromagnetic torque Te that can be
obtained from the motor is given as:

1 dL ( , i )
Te  i 2
2
d

(2)

where i is the current in amperes and θ is rotor angle.
Fig.8. Irradiance change

Fig.9. Output DC voltage of PV system

DC output voltage is applied to converter unit and possible
effects of the changes are observed. Fig.10 shows the current,
torque and speed graphs respectively. Graphs show the RMS
values.

Fig.11. Fault conditions graphs

Current and torque are unable to be restored their pre-fault
values. This can be proposed as the most significant inference
for the fault condition. On the other hand, speed is not affect
during fault, as simulation results show.
VI. CONCLUSIONS
Increment in electrical energy demand, directs customers to
use it at most efficient way. According to this necessity,
both sources and loads have to be analyzed in detail. If the
loads are supplied by the renewable energy sources,
appropriate analysis become vital. In this study, a SRM
supplied by a PV system is analyzed. Analysis is performed
in two sections to observe the source and load side effects.
Results are discussed by using the graphs that obtained from
various points of whole system. Although the system is
designed as proper as possible, it may be differences at
results when compared by an actual installed physical
system. According to this disadvantage, authors are in
progress of constructing a physical system as a future work
for validation of proposed paper. Analysis results of actual
system will be compared with this study and results will be
shared by researchers.

Fig.10. Response of SRM parameters

It is clear from figures that current and torque values are
affect from change of generating values, where motor speed is
more stable.

B. Analysis of faults’ effects
It is possible to occur any types of faults in a system. In this
study, effects of a three phase to ground fault that possible to
occur at input terminals of the SRM are investigated. Irradiance
is kept constant at 1000 W/m2 value during the fault condition
analysis to observe effects of faults clearly. Fault is applied to
system at 0.5th and restored at 1.2nd second. Fig.11 shows the
current, torque and speed graphs respectively during fault
conditions.
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Abstract— Lung cancer is one of the cancer type which is seen
mostly. It appears in spherical form in radiographs. Ribs overlap
with the lung tissue so it is important to detect and suppress ribs
to see nodules in radiographs more better. The JSRT database is
used for this work. It is digital database with and without chest
lung nodules. It has 247 images. Firstly, a threshold value is
determined by looking all images to eliminate non-lung tissues
except ribs outside of the lung. Thus, segmentation of lung is
completed. Then, median filter is applied to the images and the
difference of median filtered images and segmentated images are
obtained to extract rib area. Binarization is applied to the images
to see ribs more better. Some lung tissue is connected the ribs so
to decrease amount of these tissues, some opening and closing
operations are applied to the images. Finally, template matching
is applied to the images to get only ribs. Thus, every rib bone’s
position are recorded for supressing them later. Totally, two
templates are used and these templates are chosen from a random
image. One of the rib bones from left side of lung and one of the
rib bones from right side of the lung are used as a template. Rib
bone template which is chosen from left side of the lung is used to
extract rib bones from left side of the lung and rib bone template
which is chosen from right side of the lung is used to extract rib
bones from right side of the lung. After template matching nonrib tissues are removed and ribs are successfully detected.
Keywords— Rib detection, Lung segmentation, Template
matching, Lung Nodules, JSRT Database

I. INTRODUCTION
Lung cancer is one of the cancer type which causes deaths
mostly according to the World Cancer Report[1]. Chest
radiology is one of the most common diagnosis method for lung
cancer because of its less cost and less radiation according to
the other methods like computed tomography[2]. Lung cancer
appears in spherical form in radiographs. Lung nodules overlap
with ribs, so it is important to detect and suppress ribs to see
nodules more better. The purpose of this study is make
segmentation of lung region and to detect rib bones of the lung.
To make segmentation of lung region is necessary because
tissues outside of the lung is not of our interest. To detect rib
bones is also necessary because after detecting rib bones’s
positions, rib suppressing will have done to these positions, so
doctors or related experts will have recognized nodules more

easily and overlapping problem with ribs and tissues will have
removed. This algorithm will have helped to doctors to decide
more better decisions to recognize nodules. JSRT database is
used in this work[3]. There are many rib detection and lung
segmentation methods in the literature[4-9]. JSRT database
contains 247 chest x-rays, among which, 154 x-rays are
abnormal and 93 x-rays are normal. All x-ray images have a
size of 2048×2048 pixels and a gray-scale color depth of 12
bits. All algorithm in this paper is actually a preprocessing step.
Preprocessing is a very core step in the image processing. It
enhances characteristics of the image and helps to get better
result after the preprocessing. Therefore, preprocessing
operations are done. Firstly, segmentation is applied to the
images to segment only lung area because outside of the lung
area is not our interest. A threshold value is chosen by looking
all images and pixels under threshold value get black. Thus,
segmentation of lung region is completed. Then, median filter
is applied to smooth the images[10]. Only rib area is extracted
taking difference of median filtered images and segmentated
images[10]. After that, binarization is applied to the images to
see ribs more better[10]. Rib area is extracted, but there are still
noises in the images like some tissues connected to the ribs. To
eliminate these noises, firstly, some morphological operations
like opening and closing and then template matching are
applied. Totally two templates are used and these templates are
chosen from a random image. One of the rib bones from left
side of lung and one of the rib bones from right side of the lung
is used as a template. Rib bone template which is chosen from
left side of the lung is used to extract rib bones from left side of
the lung and rib bone template which is chosen from right side
of the lung is used to extract rib bones from right side of the
lung. After template matching non-rib tissues are removed and
ribs are successfully detected. Also, rib bone’s positions are
recorded to supress them later. In this work, an automatic
algorithm is developed for lung segmentation and rib detection.

II. METHOD AND EXPERIMENTAL RESULTS
A random chest radiograph image is shown in Figure 1 and
following method is applied to all images. To segment only
lung area, a pixel value 45 was chosen as a threshold value and
all pixel value under 45 changed with 0 value like in Figure 2.
As seen in Figure 2, segmentation of lung region is done
successfully. There are only small noises in the image.
Segmentated image is obtained and 200x200 median filter is
used to smooth the image. The difference of median filtered and
segmentated image is shown in Figure 3. Then, binarization is
applied. A threshold value which is 0.0005 is chosen for
binarization. If pixels with the luminance less than 0.0005, their
new pixel value is 0 and if pixels with luminance greater than
0.0005, their new pixel value is 1 like in Figure 4.

Figure 3. Difference of Med. Filt. and Segmentated Image

Figure 1. Original Image

Figure 4. Binarization Applied Image

Figure 2. Segmentated Image

By completing binarization operation, rib are extracted
successfully, but there are some tissues connected the ribs.
Some morphological operations like closing and opening is
applied to eliminate non-rib tissues and to obtain more smooth
rib structure. Firstly, closing operation is applied. Line-shaped
structure element with a radius of 20 pixels is created for this
operation and gaps get filled like in Figure 5. As seen in Figure
5, gaps in rib structure is filled and more smooth rib structure
is obtained. Then, opening operation is applied. Line-shaped
structure element with a radius of 40 pixels is created for this
operation and line having a radius less than 40 pixels is

removed like in Figure 6. As seen in Figure 6, most noises are
removed after opening operation.

of the lung is used to extract rib bones from right side of the
lung. For the left side of the lung, template is shown to the
image pixel by pixel. A threshold value is determined to detect
rib bones. In every iteration, overlapping amount of template
and image is looked. If this amount is bigger than threshold
value, rib bones are detected. If template overlap with a rib
bone, rib bone’s position are recorded and rib bone is extracted
by eliminating remaining tissues. The same operation is applied
for the right side of the lung. After template matching rib bones
are extracted successfully as seen in Figure 7.

Figure 5. Closing Operation Applied Image

Figure 7. Template Matching Applied Image

Figure 6. Opening Operation Applied Image
There are still some tissues connected the ribs. To remove these
tissues, template matching is applied. By applying template
matching both these tissues are removed and rib’s positions are
recorded to supress them later. Image’s size is decreased to gain
time for this operation. As explained in the introduction part,
totally two templates are used. One of the rib bones from left
side of lung and one of the rib bones from right side of the lung
is used as a template. Rib bone template which is chosen from
left side of the lung is used to extract rib bones from left side of
the lung and rib bone template which is chosen from right side

III. CONCLUSIONS AND FUTURE WORK
Lung segmentation and rib detection is done with an automatic
algorithm in this work. Outside of lung region is not of our
interest because of this, lung region is segmentated.
Segmentation is done successfully. Ribs are extracted and their
positions are recorded successfully to supress them later in
future work. However, end points of all ribs and some part of
ribs aren’t successfully detected. In future work, the algorithm
will have developed to detect ribs more successfully and ribs
will have supressed which their position are known so rib bones
will have not overlapped with nodules. Thus doctors or related
experts will have found nodules more easily and made more
true decisions.
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Abstract— During the crane control operators move together with
the payload and therefore they do change their positions in respect
to get the best convenient position. When the operators change
their position, they must be aware of changing commands to get
correct movement of crane trolley and bridge. This thesis has
investigated the crane control systems to provide fix movement
directions from the fixed joysticks irrelevant to the operator
position. For this purpose, prototype crane and the radio remote
control system have been designed. 3-axis digital compass was
used to determine the position of the crane operator in respect to
reference position. With this position information, the crane
control joystick signals were arranged to provide motor turnings
in respect to position of the operator. The test results have shown
that the designed system operate correctly and successfully.
Therefore, the system is user friendly and provides safe crane
working place.

oscillatory response, relatively little consideration has been
given to the way in which operators issue those commands [3].
Fig. 1 is a block diagram that shows the fundamental
components of crane control. The operator commands the crane
by using some form of interface. Examples include pushing
buttons on control pendants, pushing levers on a control or
using joystick to the controller.
The crane will then behave per the physical dynamics of the
system. It is of interest to note that there exists a feedback loop.
The behaviour of the crane is observed by the operator; the
operator then reacts accordingly by interacting with the
interface, thereby closing the loop. The components of total
crane control, indicated by the larger dashed box in Fig. 1 are
the operator, interface, and the controller [1].

Keywords— Radio control, radio signals, overhead crane,
safe crane control, user friendly

I. INTRODUCTION
There are various type of cranes and the overhead cranes are
the mostly used one in industry. Overhead cranes play an
integral role in the construction and the other industries. These
machines are used to lift, move, lower and raise the objects.
Cranes have become the most essential and important
mechanism in construction and the other sites. Generally,
cranes consist of a hoist placed on a trolley, which moves on a
bridge in left or right direction, and a carriage of the bridge that
provides forward and reverse movement of the crane. The other
parts of the cranes are hook, wire ropes/chains, sheaves, runway
rails, and crane control units. Working in crane sites has always
been considered as hazardous also

A. History of Remote Control
Significant effort has been made to develop control schemes
to reduce the oscillatory response from both issued commands
and external disturbances.
Operators who operate a crane utilizing convenient
oscillation suppression technology generate safer and more
efficient crane motions than operators without such pay [2].
While significant strides have been made to improve the
operational efficiency of cranes by controlling their dynamic

Fig. 1 Crane operator, interface, and controller

B. Previous Works
In the field of human computer interaction research, there
has been great interest around computer user interfaces, and
how people interact with digital media. In many ways, the
design of an intuitive crane-control interface parallels the
design of user interface. Ensemble classifiers can be combined
under two categories as static structures and dynamic structures.
Under the headings of static combination, structures can be
designed as hierarchical or parallel.
In Johnny Lee’s work [4] interfaces described here interfaceless. That means interface that leans heavily on the physical,
tangible, and manipulate world as opposed to relying on the
user to understand the concept of abstraction that is commonly
seen in graphical user interfaces today under the headings such
as manipulating the training examples, manipulating the input
features, and manipulating the output targets [4].

Johnny Lee first gained widespread fame on the internet for
his videos on hacking the Wiimote for low-cost user interfaces.
The Wiimote is a video game controller that comes standard
with the Nintendo Wii video game console. He utilized the
infrared sensors in the Wiimote to track the movement of
fingers, which are illuminated by an IR-LED array and reactive
material attached to the fingers. This idea is used for a lowbudget implementation of a multi-touch user interface. The
display can be, modified per head movement and is a low-cost
alternative to expensive virtual reality systems [5].
Interestingly, in Lee's research group, Raskar et al. combined
RFID tags and photo sensors to project information in the
physical world so that objects become self-describing and
interactive with the user [6].
The Sixth Sense, created by [7], is a wearable gesture-based
interface consisting of a camera, a projector, and colored
markers worn on the fingers. Images are displayed on any
stable surface by the projector. The user can interact with the
image using finger gestures, which the camera can detect due
to the colored markers.
In similar work, Jeffrey Han [8] focused on implementing
low-cost solutions to largescale, multi-touch, rear-projection
displays. Multi-touch displays are display surfaces whereby
user(s) can manipulate the displayed objects by touching the
screen in a gestural way. For example, rotating an object can be
accomplished by moving one finger in a circular motion around
another finger.
The “Siftables", created by Merrill et al. are displays
mounted inside small plastic blocks that have numerous sensors.
They also have networking capabilities that allow them to
communicate with other Siftables. It makes for a more intuitive
interface that exploits human's natural skill of manipulating
objects with their hands to effortlessly sift and sort information.
For example, an ow chart can be created by arranging Siftables
in a geometric pattern; to add more color to a picture, one can
emulate pouring paint into a container by tilting one Siftable
that represents color, into a neighboring Siftable [7].
There is also related research that focused on industrial
applications. Kazerooni et al. championed “Extenders", in
which both a human and a robot apply significant force to a
payload, with the robot amplifying the human effort, much like
the way power steering amplifies the steering effort exerted by
a driver. A working prototype of an arm-based extender was
built for the application of material handling [9].
The “Magic Glove", is a concept that is like the glove control
interface discussed here. A key difference is that the magic
glove utilizes pressure sensors to measure the amount of force
applied to a payload. This information is then sent as an RF
signal to actuators that provide a proportionate amount of
assistance to the wearer [10].
For a human operator, rigid body behavior is much easier to
predict than oscillatory behavior. The result of an intuitive
interface is that it reduces the manual dexterity required for safe
and efficient operation.
Wand control is a retro-reflective ball mounted to the end of
a hand-held pole. A machine vision system is used to determine

the position of the wand in real-time. The position of the wand
is then used as the command signal to drive the crane [1].
Glove control is monotonically black, which is contrasted
with a circular retro-reactive marker attached to the top-side of
the glove. A machine vision system is used to determine the
position of the glove in real-time. The position of the glove is
then used as the command signal to drive the crane [1].
Radio-Frequency based control is Real-Time-LocationSystem based on Radio-Frequency Identification technology is
used to track the position of a small tag held in the operator's
hand. The position of the tag is then used as the command signal
to drive the crane [1].
II. MATERIAL AND METHOD
This chapter introduces which material is used in this
experiment and also, how the design is implemented on the
prototype device. Additionally, what is the algorithm behind
the interface between crane prototype and radio remote
controller.
A remote controller is a part of our control system which is
used to operate the device wirelessly from a distance.
The remote controller which is used our experiment consist
of an LCD panel, HMC5883L 3-axis digital compass and
nRF24L01 wi-fi module, and these are mounted on a gaming
console which is shown Fig. 2 and Fig. 3.

Fig. 2 Prototype crane

Fig. 3 Hardware configuration of prototype crane

Structure of the prototype crane is designed at “Autodesk
Fusion 360”. The structure includes complete crane system and
its construction consisting of rails, columns, trolley, hoist unit,
wheels and other components.

After the design completion, the next process is to get all
components of the prototype crane from a 3-D printer. For this
printing job Prusa I3 3D printer was used.
In these type 3D printers filament material is used as a base
material. This printer has approximately 19x20x17 cm working
dimensions, and have 20A power supply. In this way the frame
of the crane system was completed. The trolley of the crane was
also printed with a 3D printer with different filaments.
After the completion of the construction, the electric
components were installed. Two 1000 RPM Reducer DC
Motors were installed on the end carriages of overhead crane
construction to actuate the bridge. Same motors were also used
to actuate trolley of the prototype overhead crane. Finally, a 600
RPM DC motor was used to control hoist unit of trolley.
These motors were driven with L298N Duel Motor Driving
Card. This card can drive two motors at the same time. The
bridge and trolley motors were driven with one L298N. Two
motors connected in parallel drive bridge and the other two
motors, which are also connected in parallel, used to drive the
trolley.
The other 600 RPM motor driven by Arduino unit is used to
provide up and down movements of the trolley hoist. Fig. 4
shows additionally wi-fi module and the other motor
connections at the actuator side.

Fig. 5 Transmitter part of the radio remote control unit consisting of hand held
device

III. RESULTS
All microcontroller units were programmed to provide
related prototype crane movements. The crane operator
provides all crane commands. Fig. 6 gives different crane
movements in respect to operator position.

(a)

Fig. 4 Arduino Mega, Bridge Motors, L298N Drive Card Connection and
NRF24L01 Wi-Fi Module receiver side

The prototype crane is controlled with a radio remote control
and the commands from the operator, which are provided by
means of the transmitter unit, has to be transferred to the
receiver unit placed at the crane hoist electrical panel. The
signal transmission between transmitter and the receiver is
through RF based communication. For this purpose,
NRF24L01 Wi-Fi Module was used.
One of NRF24L01 was used in the receiver and the other one
used in the transmitter of the radio remote control unit. The only
difference is the written code which is defined at the Arduino
Uno and Mega.
The turning direction of these motors changes related to
position of the operator in respect to crane. The position of
operator in respect to crane is decided by use of HMC5883L 3Axis Digital Compass. This digital compass is placed within
the transmitter part of the radio remote device, so that
movements of the crane operator can be followed up. Fig.5
shows the connections between transmitter, Arduino Uno,
NRF24L01 Wi-Fi Module and HMC5883L 3 Axis Digital
Compass.

(b)

(c)

When the operator is in a position as given as in Fig. 6(d),
moving the joystick to the right direction as in Fig. 7(a) the
bridge motor accelerate at the +z axis. In this position if we
move the joystick back as given in Fig. 7(b) the trolley motor
accelerate at the -x axis. If we continue moving joystick to left
direction as in Fig. 7(c) the bridge motor accelerate to -z axis.
Finally, in the same position of the operator when we move the
joystick forward direction as in Fig. 7(d) the trolley motor
accelerate to +x axis.
(d)
Fig. 6 Operator positions related to gantry crane

(a)- Right

(b)-Back

(c)-Left

(d)-Forward

If we analyse the result of prototype crane we can easily see
that there is no any condition about y axis. Here, as seen from
illustrations in Fig. 6 y direction is related with hoist up and
down directions. It is clear that hoist movements are
independent of operator standing positions. All changings are
related with at x and z axis movements of crane trolley and the
bridge.

IV. CONCLUSIONS
In this application with standard hand held control devices
For example, by looking the hoist from one direction, trolley the commands are fixed and they always activate the same
moves right with right movement of joystick actuated by the motors at the same directions. In many cases, operators try to
operator. When the operator changes his position and looks the get the best position to follow up the moved material. When the
hoist at opposite direction, normally trolley moves left when operator changes his position, he has to be aware of changing
the operator moves the joystick to the right direction in respect commands in order to get correct movement of trolley and
to new position of the crane operator. However, here with crane. In this thesis, a radio remote control prototype device has
correct calculation of operator position this is prevented and the been designed to provide crane movements in respect to
trolley moves right with right push of the trolley joystick. With operator position.
The prototype controller always checks the position of the
the standard radio remote control units crane motor turning
operator in respect to the defined reference position and arrange
directions do not change with the position of the operator.
If we accept Fig. 6 as our working space, and the Fig. 6 (a), the motor turning directions according to the current crane
(b), (c) and (d) shows different position of the operator in operator position. To calculate the relative movement an
respect to crane. Fig. 7 also shows different radio remote HMC5883L electronic compass was used. The communication
controller joystick positions. According to this information; if between the transmitter and the receiver of the radio remote
the operator stands at a position as given Fig. 6(a)”, moving the control unit was provided with NRF24L01 Wi-Fi module. The
joystick to the right as in Fig. 7(a)” trolley motor accelerate at trolley and the crane end carriage motors are accelerated were
the +x axis. In this position if we move the joystick back as in an L298N dual motor drive card. The designed prototype crane
Fig. 7(b) the bridge motor accelerate at the +z axis, and moving and the radio remote control unit have been tested and the
joystick at left as in Fig. 7(c)” trolley motor accelerate to -x axis. obtained results have shown that crane trolley and bridge
Finally, when we move the joystick forward as in Fig. 7(d)” the moves in a way that trolley or bridge moves to the right
bridge motor accelerate in -z axis in this position of the operator. direction when the operator moves the joystick to right
When the operator changes his position to stand as given in direction, as irrelevant to his standing position. It would be
Fig. 6(b), moving the joystick to the right as in Fig. 7(a)” bridge good idea to place a switch at the transmitter of the radio unit
motor accelerate at the -z axis. In this position if we move the to select or deselect this option. Either in this way operator can
joystick back as in Fig. 7(b) trolley motor accelerate at the +x carry on with their standard habits or they enjoy the new safe
axis. If we continue moving joystick to left as given in Fig. radio control facility. This prototype system is certainly user
7(c)”, the bridge motor accelerate to +z axis. Finally, when we friendly. The used transmitter was obtained from a gaming
move the joystick forward as Fig. 7(d)” the trolley motor console. However, the idea is straight forward and it is easy to
transform available modules.
accelerate at -x axis in this position of the operator.
When the operator is in a position as given in Fig. 6(c)”,
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Abstract— These non-linear loads, which are used extensively
today, cause voltage waveform distortions and harmonics to
occur. For this reason, the linkage, control and modulation
techniques used in linear systems are insufficient to provide high
power quality. In order to obtain high power quality, it is
necessary to eliminate the harmonics that nonlinear loads will
generate. In this work, a method is proposed to eliminate
harmonics caused by nonlinear loads fed by a three-phase
inverter. In this method, the voltage that falls on the load is taken
by feedback and converted to the synchronous reference frame of
the desired harmonic level to the stationary reference frame first
and then to create a control algorithm that will reset this value.
That is, using the synchronous reference frame, the constant
values, they will be tried to be eliminated by a PI controller. A
voltage vector on the stationary reference frame can be defined
in the synchronous reference frame. Since a magnitude defined in
a synchronous reference frame rotating at its own frequency will
have a constant value, the control operations become simpler.
When Matlab / Simulink package program is used in the
simulations, the space vector modulation technique (SVPWM) of
the inverter is applied.
Keywords— Harmonics, Nonlineer loads, Inverter, Power
quality

I. INTRODUCTION
The increase in sensitive and critical loads today also brings
with it the problem of providing the high power quality that
these load groups require. Since most such electrical loads are
non-linear loads, the linkage, supervision and modulation
techniques used in linear systems are insufficient to provide
high power quality. In order to obtain high power quality, it is
necessary to compensate harmonics that will be generated by
non-linear loads [1].
By working at high switching frequency, low inverter
output impedance can be obtained. Harmonics at this point can
be minimized. However, this will increase switching losses.
Also in high power applications (> 20kVA) the switching
frequency is limited to 1-2 kHz. This prevents the generation of
low output impedance [2].
Active and passive filters are often used to provide desired
wave shapes and power quality at the inverter outputs.
However, these filters increase the complexity, large volume,
and cost of circuitry while increasing electrical losses [3,4].
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There are also methods that compensate for harmonics
using different control methods. Although nonlinear control
methods such as fuzzy control, slip control and "dead-beat"
control algorithms can provide good results, these methods
make the system more complex [5-8].
A method to compensate harmonics caused by nonlinear
loads by using Fourier series has already been proposed. In this
method, the detected harmonics are regarded as error signals
and passed to the PI controller, so that the harmonics are tried
to be reset in the continuous state. However, this method
requires additional writing that detects harmonics. In order to
compensate harmonics of unbalanced and non-linear loads, a
synchronous reference frame is used. Here, the harmonics
arising from unbalanced loads are converted to the
synchronous reference frame by the Park vector transform, and
the algorithms which compensate here are used [9,10].
II. HARMONIC EFFECTS
Harmonic effects are observed over the circuit in Fig. 1. A
three-phase bridge rectifier is used for the nonlinear load at the
inverter output. Here, space vector PWM (SVPWM) technique
is implemented to inverter. With SVPWM technique, it is
possible to obtain desired amplitude and frequency three-phase
voltages in two-level and multi-level inverter outputs. Since it
is a direct programming technique, it is very suitable for digital
implementations [11].
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Fig. 1. Non-linear load connected to three-phase inverter.

If no harmonic elimination method is used, the voltage
obtained at the inverter output, the harmonic spectrum of this
voltage and the total harmonic distortion (THD) are shown in
Fig. 2.
The parameters of the simulated system are as follows:

Lf = 0.88 mH, Cf = 250 F, Li = 1 mH, Lo = 0.5 mH,

Van  V1 sin (et )  V5 sin (5et )  V7 sin( 7et )  V11 sin(11et )  V13 sin (13et )  ...

(1)

Ro = 16.133 ohm, Vrms = 220 V

Vbn  V1 sin  e t  2 / 3  V5 sin( 5 e t  4 / 3)  V 7 sin( 7 e t  2 / 3)
 V11 sin(11 e t  4 / 3)  V13 sin(13 e t  2 / 3)  ...

(2)
V cn  V1 sin(  e t  4 / 3)  V5 sin( 5 e t  2 / 3)  V 7 sin( 7 e t  4 / 3) 
V11 sin(11 e t  2 / 3)  V13 sin(13 e t  4 / 3)  ...

(3)
In this case, the vector of stationary reference frame
becomes:


Vabc  V1e
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 V13 e

j (13et  )
2

(4)

Fig. 2. Effect of nonlinear load on inverter output voltage.

Fig. 2. shows the voltage drop on the load, harmonics of
this voltage and THD only for phase "a" when no harmonic
elimination is performed. As can be seen, the nonlinear load
caused harmonics to appear at the inverter output. Due to its
close proximity to the main hormone, the 11th and 13th
harmonics are also observed, although they are mostly
generated by the 5th and 7th harmonics. THD for this voltage
signal is outside the acceptable range of 15.2%. According to
the IEEE-519 voltage harmonic standard, THD for voltages
less than 69 kV is set at 5% maximum. Information on this
standard is given in the table below [12].
TABLE I.

VOLTAGE% THD LIMIT TABLE ACCORDING TO IEEE-519
STANDARD.

A voltage vector on the stationary reference frame can be
defined in the synchronous reference frame . Since a
magnitude defined in a synchronous reference frame rotating at
its own frequency will have a constant value, the control
operations take on a simpler structure.
For main harmonic control, the rotating reference frame is
used at the synchronous speed falling against the main
frequency. In this case, it is ensured that the voltage vector is
transformed into the first synchronous reference frame by
multiplying the vector component , which is formed of the
main harmonic voltages indicated as V1 in the stationary
reference frame . In this case, the voltage vector of the first
synchronous axis is:

V e1 abc  e  jet (V1e


Voltage

% THD

V11 e

< 69 kV

5

(5)

69 kV – 161 kV

2.5

> 161 kV

1.5
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j ( 6et  )
2

 V11 e


 j (12et  )
2

 V13 e


j (12et  )
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(6)

III. HARMONIC ELIMINATION USING SYNCHRONOUS
REFERENCE FRAME
In this method, the voltage on the load is taken by feedback
and converted to the synchronous reference frame of the
desired harmonic level to be eliminated first to the stationary
reference frame, and to create a control algorithm to reset this
value. That is, using the synchronous reference frame, the
constant values of the harmonic components of the voltage are
found, and they are tried to be eliminated by a PI controller.
In a system with a three-phase balanced load, the
instantaneous phase-neutral voltages of harmonics order 1, 5,
7, 11, 13 can be expressed as follows:

As can be seen, the value of the main harmonic voltage in
the voltage vector at the 1st synchronous axis has a fixed value.
A similar method can be used for transforming to synchronous
reference frame s 5 and 7. The calculated voltage vector (Vabc)
j 5 t
 j 7et
for this is multiplied by e e and e
. At the end of this
multiplication, the following equations are obtained.
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2
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As can be seen from these equations, in the voltage
equations of the 5th and 7th synchronous reference frame s,
these harmonic values remain constant. The block diagram of
the control algorithm is shown in Fig. 3.

As a result, the 5th and 7th harmonics are eliminated as
shown in Fig. 4. As can be seen in the figure, THD was
significantly reduced to 1.9%.
V. CONCLUSION
In this method, the inverter output voltage is compared with
the synchronous axis according to the desired harmonic to be
eliminated, and the control signal to eliminate this value is
obtained by the conventional PI controller and applied as the
inverter voltage setting value. With the control algorithm
applied, the harmonics desired to be eliminated have been
successfully eliminated.
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Abstract— Today’s technological developments have led the
automated computer-based applications to take place of human
power in many areas especially in various branches of the
industry. Applications such as fingerprint and face recognition,
license plate recognition are examples of computer-based digital
image processing applications that are very common in recent
years. These computer-based systems enable the detection of
anything without personal perception unlike human eye. These
consequences increase the probability of accurate detection
besides the decrement in both time and cost. One of the most
common applications of digital image processing in the literature
is the applications in the agricultural area. In this study, the
determination of soil color, which is very important in soil
science, is performed by using digital image processing
techniques. Determination of the soil color will clue about the
physical, chemical and biological properties of the soil, which will
enable to establish accurate agricultural applications. Nowadays,
the application of soil color determination is mostly performed
by reading from a scale by a human-based process. In addition to
differences in visual perception among humans, the destruction
of the soil layers during the collection of samples reduce the
accuracy of process. In the proposed study, images of only the
soil layers are taken in the natural environment instead of taking
the soil samples and the soil color analyses are performed by
using digital image processing techniques. In accordance with
this purpose, the values of hue (H), saturation (S) and value (V)
in the HSV color space are obtained to determine the dominant
colors in soil layer. The proposed system also provides a flexible
analysis of additional features such as the grain sizes within the
soil.
Keywords— Digital image processing, computer-based detection,
color map, soil color map, HSV color space

I. INTRODUCTION
In soil science, the soil color is very important in terms of
defining the physical structure of the soil and classifying the
soil. The soil structure, and therefore the soil color, varies
with climatic conditions, soil aeration and oxidation state. For
example, while the black pigment in the soil shows the
existence of humus, red, yellow and reddish brown pigments
show oxidation. Defective oxygen in the soil is evident in gray
and blue colors [1]. Hence, it is strictly necessary to analyze
the soil before the agricultural applications and determine the
component contents in order to be able to cultivate in
accordance with the soil. Accordingly, fertilization and other
operations are then determined.

Today, soil color assignation is performed by taking
samples from the soil and determining the color parameters
with the help of a colorimeter. In this case, it is undoubtedly
important not to destruct the natural structure of the soil and
the transitions between the soil layers for an accurate analysis
of the soil. Analyzing the soil, it is seen that the soil color
changes both horizontally and vertically as well as vertical
change in the soil profile is used to distinguish soil horizons
[2].
The Munsell color system is the most common system in
used for the soil color identification [3-5]. The Munsell color
system is developed to describe colors and to show the
relationship between colors in a rational way [6]. Each color is
defined in three dimensions as hue, saturation and value, and
numerical scales are assigned for each dimension in this
system. This system introduces a color circle including five
primary colors as red, yellow, green, blue, and purple by
dividing this circle into twenty equal-distance-parts. The
equal-distance-parts in this circle are red-yellow, yellow-green,
green-blue and blue-purple, respectively.
Although the Munsell color system is the most common
system used for the soil color assignment, this system has a
number of disadvantages [7-10]. Many of these disadvantages
are due to differences in human-perception. Besides, the fact
of the soil layer destruction causes the original structure of the
soil not to be correctly transferred to the measurement
environment, making the accuracy of the obtained results
debatable.
In this study, we propose a digital image processing method
that removes the disadvantages of the existing system to
determine the soil color. The proposed method has two
important advantages with respect to the conventional
methods. First of all, the soil samples are collected in their
natural environment without deteriorating the natural structure
and the color components. The saturation and brightness of
these components are determined by digital image processing
methods. Since the soil samples are not obtained physically in
the proposed method, the original structure of the soil is
protected one by one. Therefore, the evaluations made by the
proposed system, reflect an individual truth. Secondly, the
color of the soil is determined more precisely than the color
range that the human eye can perceive. Besides, the problem
of perception difference that can change from man to man is
also removed.
This paper is organized as follows: The database and the

HSV color space is explained in Section 2 while the
experimental studies are defined in Section 3. Finally, the
main conclusions are presented in the last section.
II. MATERIALS AND METHODS

A. Database
The accuracy of soil color analysis can reduce because of
mixed soil layers or soil layer destruction occurs by a humanbased sample collection. Hence, a database of only the soil
layers in the natural environment instead of taking the soil
samples is used in this paper. This database is constructed by
throwing a digital camera down from a hole on the ground,
and images of soil layers are taken. The Fig. 1 shows five
sample soil layers with different colors.

the moisture level of the soil and/or the amount of organic
matter within the soil, and the chroma gives information about
the water regime [1].
Color spaces like RGB (Red – R, Green – G, and Blue – B)
and HSV (Hue – H, Saturation – S, and Value – V) in digital
image processing are different types of color modes defined
for various purposes [12]. The HSV color space, shown in Fig.
3, can typically be used for soil color specification since it
shows similarity with the Munsell color system. The hue
component of the HSV color space is defined as same as the
hue component in the Munsell color system while the
saturation and the value components of the HSV color space
correspond to the chroma and the value components in the
Munsell color system, respectively.

Fig. 3 The HSV cylinder [13]
Fig. 1 Sample soil layers with different colors

B. HSV Color Space
The Munsell color system is generally used for soil color
specification [3-5]. The Munsell color system, introduced by
Albert H. Munsell in 1905, states that the visual features of a
color can be defined by its hue, value, and chroma
components [6]. As shown in Fig. 2, the hue component
indicates the main tone of the color as red, orange, yellow,
green, blue, or purple. The value, varies from the lowest black
in the vertical plane to the uppermost white, is the component
that defines the lightness or the darkness of the tone while the
chroma, constantly changing from the neutral center to the
maximum saturation on the outer edge, shows the saturation
of the tone [6].

The default color space defined for a color image is the
RGB space while the usage of the HSV color space is more
useful for color description [12]. Hence, conversion from
RGB to HSV space is initially necessary. For the
components , ,
∈ [0, 1] , the hue component is
computed as given in (1):
=

≤
>

360° −

(1)

where and refer to the hue component and the wavelength
of the main color, respectively, and the wavelength
is
computed as given in (2):
= cos

∙ (

(

)

) (
(

)

)∙(

)
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The value ( ) and the saturation ( ) components of the
HSV color space are computed as given in (3) and (4),
respectively.

=

=

( , , )

( , , )

( , , )

(3)
(4)

The hue, saturation, and value planes and the RGB color
map is shown in Fig. 4.

Fig. 2 Munsell Color System [11]

Digitization the soil color using the Munsell color system,
the hue shows the main color of the soil where the value signs

Fig. 4 The RGB colormap and the H, S,V-planes

III. EXPERIMENTAL STUDY
The basic elements of soil color specification are the color
tone, the moistness, and the physiology of the soil; and the
soil color specification is realized by comparing the sample
color with the colors in the Munsell color scale [1]. However,
this human-based scheme of specification is not effective
since the color range of the Munsell color scale is limited to a
number, and the color perception of the soil sample is humandependent. Hence, an automatic computer-based soil color
specification scheme is proposed in this paper. In accordance
with this purpose, the soil samples in RGB color space are
converted into the HSV color space. In the HSV space, the
histograms of the hue, the value, and the saturation
components describe the basis color, moistness, and the
physiology of the soil sample, respectively.
The colormaps of five different soil samples shown in Fig.
2 are presented in Figs. 5-9, respectively.

Fig. 8 The colormaps of the fourth sample

Fig. 9 The colormaps of the fifh sample

Fig. 5 The colormaps of the first sample

Fig. 6 The colormaps of the second sample

Fig. 7 The colormaps of the third sample

IV. CONCLUSIONS
In this paper, an automatic computer-based soil color
identification system using digital image processing
techniques is proposed. This system converts the soil samples
in RGB color space into the HSV color space, and the
histograms of the hue, the value, and the saturation
components are extracted. The hue and the saturation images,
and also their histograms show the basis color and the color
tone of the soil sample, respectively. In addition to those, the
value image shows the changes on physiology of the soil
layers while the physiology of the soil sample is described by
the histogram of the value image.
Analyzing the colormaps of the first sample in Fig. 5, it is
seen that the histogram of the hue image takes place on about
the middle of the red-yellow part, and the histogram of the
saturation image is mostly on the right side of the center. This
histogram information obtained from the hue and the
saturation components show that the color of the first soil
sample is brownish yellow as it is already shown in the
original image of the sample. The value image of this sample
shows that the upper horizon of the soil is green which
corresponds to the 5-7.5 part on the value histogram. This
value part for a brownish soil indicates the existence of midlevel organic matter on the corresponding horizon. The pinker
(7.5-10 part on the value histogram) middle horizon of the
value image shows that it has a lighter color than the upper
horizon, and it means that the middle horizon of this sample is
wet.
The colormaps of the second sample given in Fig. 6 show
that the histograms of the hue and the saturation images are
left-aligned indicating the sample color is reddish. The value

image of this sample shows that the upper horizon of this soil
sample consists of lower-level of organic matter than the first
sample has. The pinker lower horizon of the value image
shows that the lower horizon of this sample is wet.
The colormaps of the third sample given in Fig. 7 show that
the histogram of the hue image is on about the middle of the
red-yellow part and the histogram of the saturation image is
centered indicating the sample color is brownish. The value
image of this sample shows that the upper horizon of this soil
sample consists of mid-level of organic matter, the middle
horizon is wet, and the lower horizon consists of low-level
organic matter.
The colormaps of the fourth sample given in Fig. 8 show
that the histogram of the hue image is on the left-side of the
red-yellow part and the histogram of the saturation image is
quite high indicating the sample color is exact red. The blue
part of the value image shows the low-level organic matter
within the upper horizon of this sample, and the rest pink
regions are the indicators of high moisture of the sample.
The colormaps of the fifth sample given in Fig. 9 show that
the histogram of the hue image is on the purple-red part and
the histogram of the saturation image is left-aligned indicating
the sample color is brownish red. The right-aligned value
image histogram shows that this soil sample consists of highlevel of organic matter.
As a result of these evaluations, it is clearly seen that the
proposed system can determine the digital soil color
independent of human perception. In addition, by analyzing
the value images and histograms of the soil samples,
physiological structures of the samples such as substance
content and moisture can also be determined by the proposed
system. As a consequence, the proposed automatic computerbased soil color map extraction scheme will be useful to
determine the properties of the cultivation area for more
effective agricultural applications.
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Abstract—The inverted pendulum is a classic problem in control
theory and is used as a benchmark for testing control strategies.
In this study, control of the inverted pendulum system was
developed using the fuzzy logic controller (FLC). We have also
created graphical user interface for system simulation software.
Simulation results show that the fuzzy controller can balance the
inverted pendulum in short time.

II. MATERIAL AND METHODS

A. Inverted Pendulum Model
The inverted pendulum system is shown in Figure 1 consist
of a pole and a trolley on which the pole is hinged [7].

Keywords— Inverted Pendulum, fuzzy logic, fuzzy controller,
simulation

I. INTRODUCTION
The inverted pendulum, which is an unstable nonlinear
system, is used in the field of control systems to apply various
control methods existing on control theory or to develop new
methods and to examine the results. Also, the inverted
pendulum problem is a system that is frequently used in
education [1, 2]. There are many studies in the control
literature about the control of inverted pendulum systems [36]. This nonlinear model with stable-unstable equilibrium
points are important for testing new control methods [7].
The fuzzy set theory proposed by Zadeh in 1965 can be
applied to many topics such as automatic control systems,
information systems, imaging systems, optimization and
decision problems [8]. Fuzzy logic-based controllers are one
of the many application areas of fuzzy logic. Control systems
that use fuzzy logic are mainly based on logical expressions
and relationships between them. Fuzzy logic can perform the
control process by using linguistic variables without requiring
a mathematical model of the system [9, 10]. The fuzzy logic
system is used to control many dynamic systems.
In the inverted pendulum system, the pendulum is moving
toward the uncontrolled state. Therefore, inverted pendulum
control is one of the difficult applications. The system is
initially stable. After applying force to the inverted pendulum,
the controller controls the pendulum to bring it into balance
[11].
In this study, a fuzzy controller for inverted pendulum
control was developed. This controller can determine the
amount of force to be applied according to the state of the
inverted pendulum system through the given logical rules.

Fig. 1. A inverted pendulum system

The trolley moves on the rail tracks to its right or left,
depending on the force exerted on the trolley. The purpose of
this control problem is to apply a varying F force to the
system so that the inverted pendulum is held vertically
balanced. The relevant equation of motion is given in
Equation 1 [12].

(1)
Here 𝑥1 = 𝜃 and 𝑥2 = 𝜃̇ is angular displacement and
angular velocity of the pole respectively. Assume that trolley
mass mc=1.0 kg, pole mass m=0.1 kg, half-length of pole
l=0.5 m, gravity acceleration g=9.81m/s2 and F is the applied
force in Newtons. From the Equation 1, the state equations of
this inverted pendulum system can be derived as Equation 2
[12].

(2)

Inverted Pendulum
Force

Angle

Defuzzification

Angular

Fuzzy Inference

Velocity

Fuzzification

Fuzzy Rule Table

Fig. 2. Inverted pendulum fuzzy controller structure
TABLE I
FUZZY RULE TABLE

where a1=0.0455, a2=0.9091, b1=0.6667, b2=0.0455.
Assuming that the sampling time T=0.02 sec, and using
backward difference discretization, the dynamics of the
inverted pendulum system can be approximated by Equation
3-4 [12].

x1 (k  1)  x1 (k )  Tx 2 (k )

Angular Velocity (x2)

(3)



 g sin x1 (k )  cos x1 (k )  a1[ x2 (k )]2 sin x1 (k )  a 2 F
x2 (k  1)  x2 (k )  T 
b1  b2 [cos x1 (k )]2






(4)

In this control system, whose inputs are x1 [-0.2,0.2] rad,
x2 [-1,1] rad/s, and whose output is F  [-10,10] N such that
the final states will be x1=0 and x2=0.
B. Fuzzy Logic Controller
As seen in Figure 2, the developed fuzzy controller structure
consists of fuzzification, rule base, fuzzy inference and
defuzzification components. The fuzzy controller has crisp
input and output values. The angle and angular velocity values
generated by the inverted pendulum system are taken as input
to the fuzzy controller. In the fuzzification section, the crisp
values are transformed into the fuzzy values through the
membership functions. In the fuzzy inference system, fuzzy
membership degrees from fuzzification are evaluated
according to If-THEN rules, and results are obtained. In the
defuzzification unit, the sum of the fuzzy expressions coming
from the rule-based inference system is transformed into crisp
values that can be applied to the control system[9, 13].
Input and output crisp numerical data have been converted
into linguistic variables such as very negative (VN), negative
(N), zero (Z), positive (P), very positive (VP) as shown in
Table 1.

Angle
(x1)

VN

N

Z

P

VP

VN

VP

VP

VP

P

Z

N

VP

VP

P

Z

N

Z

VP

P

Z

N

VN

P

P

Z

N

VN

VN

VP

Z

N

VN

VN

VN

The membership function graphs of Angle, Angular
Velocity and Force parameters are shown in Figure 3, Figure
4 and Figure 5 respectively.

Fig. 3. Membership functions of the angle (x1)

Fig. 4. Membership functions of the angular velocity (x2)

Fig. 5. Membership functions of the force (F)

Depending on the input values, one or more rules can be
fired. The inference mechanism is used to determine the value
of the output. In this study, Mamdani fuzzy inference system
was used.The centroid method given in Equation 5 was used
for the defuzzification[13].
𝑥∗ =

∫ 𝑥𝜇𝐴 (𝑥)𝑑𝑥
∫ 𝜇𝐴 (𝑥)𝑑𝑥

(5)

III. RESULTS AND CONCLUSIONS
In this study, a fuzzy controller design was made for the
control of the inverted pendulum system. The fuzzy controller
determines the force to be applied according to the angle and
angular velocity values. A software was developed using the
Delphi 6 programming language to calculate the force to be
applied to the inverted pendulum. The screenshot of software
is shown in Figure 6.

controller and four rules are fired. The force to be applied
using the Centroid method was found to be -6.25 N.
Additionally, the values of the input parameters are
calculated for the 0.02 sampling time using this software. The
process until the balance of the inverted pendulum system is
simulated. As a result of simulation of the designed fuzzy
controller, it is seen that the system can successfully achieve
the balance.
The fuzzy logic controller is a more intuitive compared to
other conventional controller methods. Instead of a complex
mathematical equation, heuristic rules are applied to obtain
control of the system. The success of the controller system can
be increased by tuning the number of fuzzy membership
functions and rules.
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Abstract— In these days, ultra-capacitors (UC) becomes highly
popular in energy and transportation systems due to their specific
qualifications such as free maintenance, improved efficiency and
high power density. This popularity results increased number of
studies with modelling of UCs. In this study, we also discussed on
resistor- fractional capacitor (RCλ) circuit modelling of an UC.
The fractional order (λ) of integral operator of the capacitor used
in modelling process is searched by particle swarm optimization
(PSO) to minimize integral of absolute error (IAE) criteria. It is
aimed to obtain the closest convergence rate to real time data. The
simulation results of the integer and fractional order RC circuit
model of the UC are compared for charging and discharging
situations. The results show that optimized fractional order model
has more accuracy in modelling process of UC than integer order
one.
Keywords— Fractional and integer order modelling, ultracapacitor, particle swarm optimization, Classical RC circuit
model, IAE performance metric

I. INTRODUCTION
Energy storage is one of the main important issues in the
field of electrical systems especially with popular topics:
renewable energy, transportation, recent electronic devices and
systems. Popular energy storage devices are fuel cell, batteries,
ultra-capacitor, and conventional capacitors. These devices are
usually compared to each other with respect to power density
(amount of power/per unit volume) and energy density (amount
of energy/per unit volume).
Ultra-capacitor (UC) is a promising energy storage
technology. An UC is also known as electrochemical doublelayer capacitor (EDLC) stores electrical energy electrostatically
on the surface of the plates.
An UC has high capacitance value (C) which provides higher
energy density compared to a conventional capacitor and higher
power density compared to a battery [1]. Also, compared to
batteries in detail, it has a very long cycle life, fast chargingdischarging time response, and increased efficiency [2].
Because of the aforementioned specified features of the UCs,
they become to be used in a wide range of application area such
as electrical vehicle [3, 4], uninterruptible power supply [5, 6]
renewable energy [7, 8, 9], memory back-up [10], and
adjustable speed drives [11]. Since the UCs can supply the
stored power as quickly as and charge again in a few seconds,

they are especially suitable to handle short-term power drops
and sags encountered in power systems.
In modelling process of UCs, classical equivalent RC
(resistor-capacitor) circuit model [12], RC transmission line
model [13], RC series-parallel branch model [14], RC parallel
branch model [15], two-branch equivalent circuit model [16,
17], Debye polarization cell model [18], a physical based model
[19], and fractional order model [20] are some of these model
types. Each UC modelling method has advantages and
disadvantages in efficiency and accuracy [21, 22].
The ability of calculation of fractional order integrals and
derivatives provides system modelling with increased accuracy.
Fractional order of the integral and derivative operators is
calculated by using fractional calculus based on fractional
mathematical definitions. Optimal determination of the
fractional order is directly affect the modelling success of the
system. One of the recent useful and effective method for
optimal parameter determination is to use meta-heuristic
algorithms such as genetic algorithm (GA), particle swarm
optimization (PSO), and etc.
PSO is an iterative, population based evolutionary
optimization method which mimics the social behaviour of
flock of birds [23]. It has been successfully applied in many
fields such as function optimization, control systems, signal
processing, classification, machine learning, neural network,
and etc. [24]. Fast convergence rate to the optimal solution,
easy implementation and computational efficiency make PSO
algorithm popular within the evolutionary algorithms.
In this paper, we also model an UC unit based on fractional
calculus. Considering classical RC model, voltage-current
differential relation of the capacitor is modelled fractionally. In
order to obtain more accurate modelling response, fractional
order of the integral operator (λ) is searched by particle swarm
optimization (PSO) method of which minimizes the integral of
absolute error (IAE) metric. Fractional and integer order RC
circuit modelling success of the UC are investigated by
comparing the experimental data for charging and discharging
situations of the UC.
The rest of this paper is organized as follows. Section 2
presents modelling of UC consisting of fractional and integer
order models and optimization process of fractional order of the
integrator. In Section 3, simulation and experimental results are
given. Finally, conclusion is stated in Section 4.

II. ULTRA-CAPACITOR MODELLING

A. Classical RC Modelling

B. Fractional RC Modelling

In this structure, UC is modelled by using a simple RC circuit.
The model contains a capacitance and two resistance as shown
in Fig. 1. One of the resistance connected serially is equivalent
serial resistance, Resr, and the other one is equivalent parallel
resistance, Repr. The Resr represents the resistance used to limit
the charge/discharge current of UC unit and modelling the loss
of heat occurred because of the charge/discharge process. The
Repr is used to represent the loss of discharge of UC unit by itself
in time [12].

Instead of using integer order integrator given in Eq. (1),
non-integer order integrator based on fractional calculus can be
used to obtain more accurate UC model. When the integer order
integrator is replaced with fractional order integrator, Eq. (1)
can be written as:

+

VUC

Resr
iepr

1
a D f (t)  lim 
h 0 h

t

Repr
C

Fig. 1 Classical RC circuit model of an UC

The mathematical relationship between voltage (V) and
current (I) of RC modelled UC unit in time domain can be
written as:

VUC (t)  i UC (t) R esr 

t

1
i C (t)dt  VUC(in) (t)
C 0

(1)

where iUC, VUC and VUC(in) represent UC current, voltage and
initial charge voltage of the UC, respectively.
Serial and parallel connection combination of UC cells are
required to form UC which can provide high voltage and
current. In this model, the total capacitance and equivalent
resistance equations to provide dynamic behaviour of UC unit
can be obtained using the below equations:
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C
C (UC)  n p  
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a D t [i C (t)]  VUC(in) (t)
C

(4)

where a D t is the fractional order operator. Although several
definitions of the fractional operator such as GrunwaldLetnikov, Riemann-Liouville and Caputo are available [25],
Grunwald-Letnikov definition is used in this study. The general
form of the Grunwald-Letnikov definition is,

-

iUC

iC

VUC (t)  i UC (t) R esr 

(2)

(3)

where RΣ(UC) and CΣ(UC) represent the total serial equivalent
resistance (Ω) andl capacitance (F) of UC unit, respectively,
and ns and np denote the number of serial and parallel connected
ultra-capacitor cells, respectively.

(t  a)/h


j 0


(1)   f (t  jh)
 
 j
j

(5)

where h, a and t represent the sampling period, lower and upper
bound of integration, respectively. (   ) is the order of
fractional that determines the operator function. If α is greater
than zero, the operator is employed as a differentiator.
Otherwise, if α is less than zero, the operator is employed as an


 are the binomial coefficients. The Laplace
 
 j

integrator. 

transform of (4) is written as:

VUC (s)  i UC (s) R esr 

1
i C (s)  VUC(in) (s)
Cs 

(6)

where λ is the order of the fractional integrator. The value of
the order of the fractional integrator, i.e. λ, is optimally tuned
by using PSO algorithm. The details of tuning process is given
in the next subsection.

C. Tuning Process of the Fractional Integrator
The order of the fractional integrator, i.e. λ, is required to
optimally tuned to obtain a more accurate UC model. Therefore,
PSO algorithm, one of the major meta-heuristic algorithms, is
employed in order to find the optimal value of λ parameter.
Particle swarm optimization developed by Eberhart and
Kennedy in 1995 is a stochastic population based evolutionary
optimization algorithm which mimics the movements of a
swarm like fish-schooling and bird-flocking [23]. In the search
space with D-dimension, particles are placed randomly and the
fitness function of each particle is evaluated with respect to its
current position. Each particle keeps its coordinates and fitness
function value which provides the best solution called as
personal best (pbest). Then, the overall best solution called as
global best (gbest) is selected among the personal’s best values.

Movements of the particles in the search space are updated
by the velocity and position equations given in (7) and (8),
respectively [26].
j
j
vij1  w j vij  c1r1 (p best
 x ij )  c 2 r2 (g best
 x ij )

(7)

x ij1  x ij  vij1

(8)

where vi and xi are the velocity and position of the particle i, j
is the iteration number, c1 and c2 are acceleration factors called
cognition and social constants, r1 and r2 are the random
numbers in the range of [0, 1], and w is the inertia weight which
balances the global and local search.
The implementation steps of the PSO algorithm are
described as below [27].
1. Initialize the population with random positions and
velocities including pbest and gbest in the search space.
Also, define the limits of the search space for controller
parameters.
2. Evaluate objective functions and compared them to set
pbest as a best solution if it is better than the current
solution and the best solution among the pbest is denoted
as gbest.
3. Update the velocity and position of the particles by
using Eqs. (7) and (8).
4. If the stop condition or maximum number of generation
is satisfied, go to step 5. Otherwise go to step 2.
5. The latest gbest is obtained for an optimized controller.
Integral of absolute error (IAE), one of error based objective
functions, is used as an objective function in this study.
t

IAE   e(t)dt
0

are compared for charging and discharging states. The UC is
charged with a constant current (3A) and discharged by a 5.2 Ω
load resistor in both simulation and experimental test. The
photo of the UC used in modelling studies is depicted in Fig. 3.

Fig. 2 Change of objective function in the best trial for fractional UC model

(9)

where t is time and e(t) is the error which is difference between
Fig. 3 The modelled UC
real voltage value of UC obtained experimentally and voltage
value of UC obtained in Matlab/Simulink simulation platform.
TABLE I
SPECIFICATIONS OF UC (MAXWELL BMOD0083-P048) [28]
In tuning process, the parameters of PSO algorithm are set as
followings: population size=20, maximum iteration
Parameter
Value
number=20, c1= c2=2, r1 and r2 are randomly assigned in the
Capacitance (F)
83
range of [0, 1], and w is linearly changed from 0.9 to 0.4 as
ESR (mΩ)
10
recommended by [27]. PSO algorithm is employed many times,
Voltage (V)
48
since the process depends on random initial particle’s positions.
Power density (W/kg)
2700
The results obtained from the best trial is used in this study.
Max energy density (Wh/kg)
2.6
Weigh (kg)
10.3
The change of the objective function in the best trial is shown
in Fig. 2. The search space for λ is limited in [0, 2]. The optimal
Schematic representation of the experimental set up is given
value of λ, i.e. the order of the fractional integrator, is found as
in Fig. 4. The schematic shown in Fig. 4 consist of two parts.
0.9826.
The first part is the UC charging part. By setting the constant
III. SIMULATION AND EXPERIMENTAL RESULTS
current source to 3 A, the UK is charged. In this case, the charge
relay (SSR-charge) is closed and the discharge relay (SSRIn order to investigate the fractional modelling success of the discharge) is opened. The second part is the UC discharge part.
UC, both experiments and simulations are performed. First, we For this test, the connection of the UC with the source is
performed experiment to see the charging/discharging disconnected, i.e. the charging relay is opened, and the
characteristic of a UC of which the specifications are given in discharge relay is closed. Thus, the resistive load is connected
Table I. To test the accuracy of the integer and fractional order to the UC. Also, a power diode is connected to the output of the
modelled UC, the simulation models and the experimental data current source to prevent current flow from the UC to source.

Diode

Constant
+
Current
Source -

SSR-discharge

SSR-charge

+

+

+1 +2
+

+3 +4

+1 +2

+

+

+

+3 +4

R

-

UC
Vuc

+
Control
signal Fig. 4 Schematic representation of experimental setup for UC charge-discharge
tests

The obtained real time charging/discharging voltage data is
demonstrated in Fig. 5 with black dashed line. Then, we carried
out a simulation with integer order RC model of the UC. The
specifications given in Table I was utilized in the simulation.
The result of the simulation is given in Fig. 5 with blue dashed
line. Using the error between real time data and obtained integer
order model data, IAE performance metric was calculated as
694.8.
At last, another simulation with fractional order RC model
of the UC was performed. In this study, fractional order
modelling and control (FOMCON) toolbox is used in the
simulation study [29]. The order of the fractional integrator
tuned by PSO algorithm was set to 0.9826, and frequency range
is selected as [wb, wh] = [0.0001, 10000] (rad/s) with an
approximation order N=5. The obtained charging/discharging
voltage simulation data is demonstrated in Fig. 5 with red
straight line. It is clear that fractional order model provides
closer response to real time data, in other words fractional order
model behaves more similar to the real UC. Furthermore, the
IAE performance metric was calculated as 285.6 which is
smaller than the IAE value obtained from integer order model.
To demonstrate the modelling success of both integer and
fractional order model of the UC, voltage errors were figured
out Fig. 6 in which fractional order model error is smaller than
that of integer one.
IV. CONCLUSIONS
In this study, a fractional order model of an UC is proposed
in order to improve modeling success of the UC energy storage
unit. Instead of using integer order integrator in the voltage
equation of the UC, non-integer order integrator based on
fractional calculus is utilized to obtain more accurate UC
system model. The order of the fractional integrator is
optimally tuned by using a well-known evolutionary
optimization algorithm called particle swarm optimization.
When the obtained graphical results are considered, the
fractional order model response of the UC is closer to the real
UC voltage response behaviour than the integer order model of
the UC. Furthermore, fractional modelling improved the
modelling success approximately 58.9% in terms of IAE
performance metric. In order to obtain increased modelled
successes of the UC, fractional order models of the UC models
given in introduction part should be investigated.

Fig. 5 Experimental and simulation results of UC modelling

Fig. 6 Voltage errors of integer and fractional order models of UC
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Abstract—Elevators are widely used today as freight transport
systems. The control panel where the control systems of the loadcarrying elevators are located also moves with the gantry cranes.
In gantry cranes, it is a tiring and troublesome work to reach the
place where the control panel is located in order to detect failures
in the control panel. Sometimes fluctuations in the supply voltage
due to very small mains harmonics cause the system to fail. In
this study, control panels of load-carrying elevators were
remotely accessed and controlled by phones with Android codebased operating system. By the help of the Wi-Fi ESP8266
module, data transfer between the elevator control panel and the
phone is provided by wireless communication. Thus, the
connection to the elevator control panel is established by using
the Android based telephone and the data of the control panel
was reached and the status of the required data was monitored.
If the status of the instantaneous control data of the system has
been monitored, it is possible to carry out necessary control
operations remotely by telephone if there is an adjustment to be
made. At this point, the elevator control card was quickly
intervened. The elevator card's data is exchanged with a coding
system to prevent unauthorized access from outside.
Keywords—Internet of Things,
Control, Android.

ESP8266, Wi-Fi, Elevator

I. INTRODUCTION
With the rapid development of mobile technology, mobile
applications are widely used in multiple areas. These
applications bring various advantages to mobile users such as
entertainment, communication and personal information
management. Mobile devices are a platform to support mobile
applications and wireless communications [1].
Along with the rapidly developing technology, the use of
high-tech devices that make people's lives easier is increasing.
One of these technologies is the Internet of Things (IOT)
technology. IOT, briefly, can be explained as technological
devices communicating with each other to form an intelligent
communications ecosystem [2]. In other words, IOT is the
technological infrastructure that connects everything and
everything with the help of internet platforms [3]. IOT
technology operates in many areas of our lives. Figure 1
shows some examples of IOT application areas [4].

Fig. 1 IOT Application Areas [4]

By the help of this technology, ,with the interactions of the
objects with each other, through a certain protocol data
exchange on the existing system and remote control of the
systems provide great convenience to the people. In particular,
the freedom of wireless makes this technology indispensable
for users [5].
The ESP8266 Wi-Fi module produced by Espressif is an
integrated chip designed to enable IOT devices to
communicate over the Internet, which is becoming more and
more popular day by day [6]. This module enables both data
exchange transactions by connecting objects internet and
remote control operations of objects over the internet. As you
can see in Figure 2, the dimensions of the module are very
small. The dimensions are around 14.3 mm x 24.8 mm. It is
also a favored choice because it is affordable [7].

Fig. 2 PCB View and Dimensions of ESP8266 Module [7]

In the future, the spread of the use of such Internet objects
will obviously increase sensor applications. Parallel to all
these developments, also in our country, companies are
carrying out infrastructure works in order to determine the
control and failures of load elevators via internet. The control
cards and components of the freight elevators, which are
widely used in the industry, are mounted on the traveling
crane mechanism. Installing the control panel elsewhere than
the movable crane stand increases the possibility of wiring
and malfunctions, thus causing maintenance and breakdown
costs to increase.
This study was done for that the elevator maintenance team
can easily run their work and can access the control data
remotely without disabling the elevator. By using the
application interface designed for intelligent mobile devices, it
is aimed to reach and control the necessary setting information
by accessing the load elevator control panel remotely.
During the design phase, the properties to be used in the
freight elevator have been determined for the operation to be
performed. The design and software of the application
interface and the design and software of the new circuit board
to be added to the load elevator control card have been made
in order to enable the communication of the load elevator's
control card with Android devices. The necessary tests were
carried out and the final product was produced.
One of the most common problems encountered in elevator
systems is the difficulty of accessing the control card located
in the panel during maintenance and preventing the use of the
load elevators in the course of routine maintenance. In this
study, it is aimed to monitor and control the work data of a
freight elevator (well settings, floor settings ... etc.) remotely
without having to reach the panel via mobile device with
Android base. Evaluation of the data received from the control
card was used to remotely detect and intervene in the faults.
In the thesis of the H. Üzülmez, it is aimed to transfer the
information of the control system of elevators to the company
providing maintenance service via internet network with an
electronic card which will be connected to the control system
of the elevators, so that the fault that occurred can be remotely
monitored and intervened before the technical personnel
intervention [8].

A. Material and Method
While the hardware is designed, firstly the necessary
features for the system which are the processor selection
according to system property, identification of the
communication protocol (CAN Bus), selection of components
suitable for the circuit to be developed, WI-FI module
selection and how the module will communicate with the
processor via an interface have been determined.
In this study, PIC18F25K80 microprocessor, ESP8266 WiFi module, MC3363A-5V regulator, LM1117-3.3V regulator,
SN65HVD1050 CAN Bus, DIGITUS USB-RS232 converter,
MAX3232 integrations are used.

In this study, SN65HVD1050 (High-Speed CAN
Transceiver with Silent Mode) for communication of the
elevator control card with CAN Bus protocol, PIC18F25K80
for microprocessor circuit and ESP8266 as Wi-Fi module was
used. The MAX3232 integration is used to monitor the PIC
control card and ESP8266 Wi-Fi module's RS232 serial
communication protocol communications in a computer
environment. The MC3363A (to obtain 5 V) and LM1117 (to
obtain 3.3 V) were used to obtain the voltages required for the
control board and modules. The printed circuit board (PCB) of
the generated circuit board was made using the proteus
program.

B. Setting the Operating Conditions of the ESP8266
Module
The ESP8266 operates in three different modes. These are:

Can connect to any Wi-Fi point (Client),

Can create a Wi-Fi point (Access Point),

Can work together as both Client and Access Point.
The Access Point feature, which is the second mode, is
used to perform the necessary control operations in this work.
The mode change required for our operation is set by sending
the AT+CWMODE=2 command, which is required for the
module in operating Access Point mode.
As shown in Figure 3, the ESP8266 consists of two GPIO
pins, a UART communication, a low-power 32-bit CPU and a
PCB board [9].

Fig. 2 ESP8266 Pin Configuration and Features [9]

Both the data communication speeds (bit / s) and the supply
voltages must be the same for both the ESP and the
microprocessor to communicate. For this study, 9600 bit/s was
used as the data communication speed and 3.3 volt was used
as the supply voltage. The circuit supply voltage was
implemented using the LM1117 voltage regulator to deliver
3.3 volts at its output.

C. Providing the Communication between Processor and
ESP8266 with AT Commands
In order to make ESP ready for communication, it is
necessary to send the commands given in Table I from the
processor card in order;

TABLE I

Fig. 3 Block Diagram of the System

AT COMMANDS REQUIRED TO COMMUNICATE THE ESP8266 WITH
THE PROCESSOR BOARD

There is a continuous broadcast on the Wi-Fi module card
used in this work. In this study, after installing the application
developed for devices supporting Wi-Fi, users can connect to
the elevator by entering the password of the module
developed for the elevator within the Wi-Fi coverage area just
like connecting to a modem. After the communication
connection of the freight elevator has been installed, the
corresponding setting screen is reached through the developed
application.

Command
AT+RST
AT+CWMODE=2
AT+CIPMUX=1

Explanation
//reset
//mode selection
// more than one
connection allowed
// port 80 is set.

AT+CIPSERVER=1,80

II. GENERAL STRUCTURE AND DESIGN OF CONTROL
SYSTEM
In this study, the control data of the main board of the used
freight elevator can be taken from the CAN Bus port on the
card. In order to access the control card data of the freight
elevator, the Android-based Mobile device and the freight
elevator must communicate via the CAN Bus port. To
accomplish this, our mobile device communicates with a
microprocessor via the ESP8266 Wi-Fi module. The
communication of the microcontroller with the elevator card
via the CAN bus module has been carried out to execute the
command from the mobile device. The control command
from the mobile device to the elevator control board is
transmitted in this way. The data to be transmitted from the
elevator control card to the mobile device is transmitted to
the CAN Bus port first, then to the ESP8266 Wi-Fi module
via the microprocessor circuit and then to the mobile device.
Figure 4 shows the block diagram of the system for the study.
As can be understood from the block diagram given in Figure
4, the corresponding data in the elevator is sent over the CAN
bus at certain intervals. The data received from the processor
is transferred to the mobile device via the ESP88266 module
with html codes. After the necessary settings are made for the
elevator in the application loaded in the mobile device, the
data is transferred again via the ESP8266 module. The data
received from the processor is transferred to the elevator via
the CAN bus. Thus, new adjustments are made for the
elevator.

Elevator
Control Card

Communication
Protocol (Can
Bus)

Mobile
Device

Microprocessor

ESP8266
Wi-Fi
Module

A. Server Side Software Design
The designed PIC control card communicated with the
ESP8266 RS232 serial communication protocol. The
MAX3232, DIGITUS USB-RS232 hardware and Docklight
programs are used to access the transmitted (Tx) and
incoming (Rx) data after the communication. Thus, according
to the answers given by the ESP and the incoming data, we
have information about the software needs to be written in the
PIC part and how the software should work. The following
programs are used in this study;

Android programming with Android Studio,

ESP8266 AT commands,

Proteus electronic circuit drawing program,

Docklight Program,

Html programing,

PIC programming with MPLAB IDE.
In this study, the data which is transmitted to the PIC from
the control card of the load elevator and which we want to be
transmitted to the mobile device is sent by html coding via
ESP8266 (Wi-Fi module). The html codes in the PIC are used
to design the page of the data to be sent. When the relevant
buttons are pressed on the designed page, the related data are
collected from the elevator and necessary changes are made
by the PIC program written in PIC18F25K80 microprocessor.
How mobile app images should look like is tailored to the
needs of the user. Html codes are written separately according
to the situation where the load elevator is out of service and in
service. On the mobile device screen, if the load elevator is
out of service, all the buttons are disabled so that they will not
be reacted even if they are pressed, and the non-service type is
written on the screen. The out-of-service screenshot of the
mobile application is shown in Figure 5.a. On the other hand,
Figure 5.b shows a screenshot of the in-service status. In this
case, the buttons have been activated and the non-service text
has been deleted.

(a)

Fig. 5 Android In-App Image for Mobile Device

III.CONCLUSIONS

(b)

In this study, a remote control system of a load elevator
was designed. The control of the load elevator is provided via
the application interface written in the phone with the Android
operating system, with the support of Wi-Fi module about 100
- 200 m away. In the written application, ascent guidance was
made according to the in-service and out-of-service situations
of the elevator. Necessary tests were carried out within the
scope of the study and the project was finalized.

Fig. 4 (a) Out-of-Service Screenshot (b) In-Service Screenshot
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B. User Side Application Design
On the user side, an interface was created through the
Android application. In the Android application (Figure 6), the
data stored in the freight elevator is transferred to the phone
and the data sent from the phone is transferred to the freight
elevator by routing to ESP. The written application was
thrown to an Android-based mobile device with the help of
USB cable, and the operation of the system was tested.
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Abstract— A trailer is a non-motorized vehicle pulled by a
motorized vehicle with the help of a connecting member. With
the industry 4.0 and developing technologies, the trailer sector
has entered the digitalization process in order to capture this
development and the concept of Trailer 4.0 for the coming years
has begun to take shape. In this study; The existing trailer
mechatronics infrastructure was examined and the electronic
system requirements were determined for digital trailer control.
The ISO 11992 CAN data bus network structure modeling
according to the Trailer 4.0 concept has been made and the
vehicle center electronics and sensor infrastructure have been
created. The data to be processed on the control card is taken
from the CAN data bus which is the communication network
between the motor vehicle and the trailer. Sensors and datas
obtained via CAN bus allow the operator to use the vehicle with
the control algorithm according to the functional safety
standards (ISO 26262). Data obtained via CAN bus and sensors
allow the operator to use the vehicle with the control algorithm
according to the functional safety standards (ISO 26262). The
designed control card was communicated via the Bluetooth
communication network structure with a mobile device has been
android operating system. With this remote control device, the
trailer has remote control and imaging capabilities. The digital
trailer control unit designed in this study allows remote trailer
loading-unloading operations and vehicle status information can
be monitored. With the help of the developed system, operator
safety, operational efficiency and financ gain with early failure
detection are ensured.
Keywords— Digital Trailer, Intelligent Trailer, Remote Trailer
Control, Trailer Control Unit

I. INTRODUCTION
The trailer is a freight vehicle for cargo handling, which is
designed and manufactured in accordance with the
characteristics of the load it is carrying, has at least one axle,
drawn by a motor vehicle and connected by elements such as
a drawbar, turntable, hook, etc. to the motor vehicle.
The transportation sector is in constant growth and
development in the world. Commercial vehicles such as
tractors, trucks, trailers and trailers are also in an important
development with transportation. For this reason, along with
Industry 4.0 and developing technologies, digital conversion
studies have been carried out to increase efficiency in the
trailer sector. These studies have revealed the Trailer 4.0
concept for the coming years. In this concept, digital
infrastructure has been improved and trailers providing high
operational efficiency have come to the forefront.

Trailer connectivity technology is one of the most important
parameters of the transportation sector to increase productivity.
Nowadays trailers have limited connection technology with
limited number of sensors. The productivity will increase with
the development of connectivity technology in the
transportation process. In this study, it is aimed to provide
remote control, instant status detection, early fault diagnosis,
operator safety and operational convenience by establishing a
wireless connection with the help of a smart device of the
trailers.
Nowadays, a standard trailer infrastructure has a control
unit(EBS) developed for the brake and suspension system.
This control unit has been developed to handle the data
received from the sensors and valves and to brake safely in the
vehicle with functions such as ABS (Anti Brake System), RSP
(Roll Stability Program), ALB (Load Sensing Function) and
Electronic Height Control. Also, this control unit provides
access to the vehicle's instant status information.
The trailer control and display functions can be reached via
a smart device with the control unit designed in this study.
Some of the display functions are data received via the
CANBus line of the vehicle's EBS unit to reduce unnecessary
sensor use in the vehicle. Imaging functions that can be
monitored through intelligent device are speed, km, tire
pressure, pad wear, load, tank pressure, tube pressure, slope
information, system voltage and failure information.
Electronic control of the manual functions such as trailer
immobilizer, mechanical foot, pump control, damper lifting,
suspension control, driving aid, lighting control, vibrator
control, breathing control and vibration control has been
performed with the designed control unit.
II. SYSTEM DESIGN
In this study, firstly the hydraulic-pneumatic design of the
system is completed and then the functions that are already
mechanically controlled on the vehicle are designed as
shown in the fig. 1. Design criteria of the control card have
been established by determining the characteristics of the
sensors to be used for the outputs and external control
functions of the existing EBS unit. Analog / Digital inputs
and outputs that was supposed to be on the card have been
determined for control .

Fig. 1 Mechatronic System

A. Bluetooth Module
Nowadays, bluetooth technology which has become
standard in passenger cars, has been regarded as a safe
connection technology for trailer applications and bluetooth
technology has been used as a communication tool in the
system. Bluetooth module has been selected with sufficient
shooting distance for remote control of the vehicle. Test for
Bluetooth, which is mounted on the card by following the
connection logic in Fig 2, did not suffer any problems and the
data exchange was successful. The card software operation for
the serial port communication of the Bluetooth module is
shown in Fig. 3. The Bluetooth module communicates with a
data rate of 115200 baudrate and a size of 98 bytes. The tests
made with the module enable safe connection in an outdoors
of 100 meters. The module used has been securely connected
with 128-bits E22 encryption.

Fig. 3 Test Software

B. CAN Communication
CAN Bosch is the communication standard for automotive.
It provides communication between the control units on the
vehicle and the sensors. Nowadays, It is not only an
automotive sector but also a communication protocol widely
used in other industrial fields. CAN means “Controller Area
Network”.
The message sent via CAN protocols is transferred quickly
and reliably to other devices have CAN standard. The
communication is provided with two separate cables CANHigh and CAN-Low and a very secure protocol. The
communication will not be affected by the errors that can
occur due to the electrical noises between the different
electronic modules. One feature of the CAN network is the
identification of the connection precedence for the priority
modules in the passenger safety related modules such as
airbags, brakes, ABS. The vehicle status information is
received via a single data bus with CAN protocol. It does not
require separate cable connections for the all system on the
vehicle. In this study, the transfer of data from CAN
communication network was made in accordance with ISO
11519, ISO 11898, ISO 11992, J 1939 standards. The applied
CAN connection scheme is given in Fig. 4.

Fig. 2 Bluetooth Module

Fig. 4 CAN Module

The main objective of the work is to bring the functions
connected to the EBS unit in trailer and the control of many
different external functions via a single control unit. First,
existing control units that perform similar tasks are connected
to the designed central control unit by "CAN" network
communication. In this way , Measurement data and fault
information on the vehicle are obtained without using extra
equipment on the extra sensor side. For other functions
external components, actuators, sensors, lamps, electric
motors are connected to the control units in a conventional
way.
2 CAN buses are used on the card. One of them supports the
physical standards used in the trailer(24V CAN ISO 11992),
and the other is a general purpose communication line
designed for diagnostic purposes (5V CAN ISO 11898) .
For the data to be displayed on the controller, software
definitions are made in the processor. These CAN IDs are
learned from the international norms of the vehicle or hidden
addresses are learned by testing. In the study Can Bus data
were detected by datalogger. In Fig 5 CAN ID was used to
read the speed and slope information.

Fig. 6 24V Supply Circuit

The 24V voltage taken from the charger for the supply
voltage of the card is reduced to 5V voltage with voltage
regulator.
Therefore;
DC-DC
converter(Mornsun
URA2405YMD-10WR3) with operating voltage range of 936V DC input voltage and 5V insulated output is used.(It can
output 10Watt / s.)
The LM1117 intagrated cicuit is used, which regulated 5
volts to 3.3 volts for the CPU power supply.
Analog values between 0.5V and 4.5V are transmitted to the
processor via the ADC. The signal needs to be taken in such a
way that it is not affected by noise as much as possible. For
this reason, the low pass filter in the picture is used. 8 pieces
ADC converter are used in the design.

Fig. 5 Speed and Tilt Can ID

CAN ID were obtained through test. By changing the
related parameter for this, the change in line CAN ID was
examined and the addresses was resolved.

C. Control Card Design ve CPU Software
Design and simulation studies of the circuits (protection,
supply, triggering, communication circuits) on the control
card were made before PCB design. Elements to be used on
the control card are selected in the appropriate working range.
The Altium Designer program is used for drawing and
simulating the electronic circuit schemas.
On the designed control card there are totally four feed
circuits to be one piece 24V and three pieces 5V values. The
24V voltage was taken from the towing vehicle and the
signals were cleaned and used safely in the circuit as shown in
Fig. 6 to control the commands of the systems on the vehicle.
In addition to filtration, "load dump protection", "electrostatic
discharge protection" and "reverse battery voltage protection"
protection circuits have been added to the system.

Fig. 7 Sensor Output Diagram

The datas from the CAN line to the processor is transferred
via the SN65HVD230Q1 integrator for the CAN line input.
The integrated circuit works with 3.3V DC isolated supply
voltage. It complies with ISO 11898-2 standard. CANH and
CANL pins are connected to the CAN line. A parallel resistor
is connected between these pins to pull the line resistance to
60 Ohms. Integrated has SOIC8 housing. PCB schematic
looks like the Fig. 7.

Fig. 7 CAN Circuit

Bluetooth allows data to communicate with the smart
device at a distance of 100 metres (with a 2.4 Ghz radio
signal). While the processor sends the data received from the
CanBus and Sensors to the intelligent device, the commands
sent over the intelligent device are also transmitted to the
processor via the Uart input. The HM11-BLE 4.0 module
shown in the figure 8 is used in the design.

written in C language in Keil Uvision program. First, the
operating conditions of the processor (frequency,
communication speed, etc.) was defined, the input and output
pins to be used was determined and the libraries was created .
Small programs (void) are prepared for each function group.
In order to make the input and output functions function
correctly, the program algorithm is created and the loop is
executed within this algorithm. Once Can ID identifications
have been made, appropriate software has been developed for
the algorithms to be used. The completed software is loaded in
the CPU with Tiva LaunchPad. Example of software
operation Fig. 9.

Fig. 8 Bluetooth Circuit

PNP type transistors was controlled via optocouplers
connected to the pins of the processor. Then, PNP type
transistors and the mechatronic system are controlled. There
are 16 PNP outputs in the circuit.
Once the inputs and outputs have been identified in the
design process, the processor with the appropriate pin count
has been identified. In this project, TM4C123GH6PZ 100 pin
CPU of Texas Instrument will be used. 16 Mhz crystal is used
in the processor.
The main features of the processor are as follows;
• ARM Cortex-M4F core.
• 256KB flash memory is available.
• Has 32KB SRAM.
• There are 8 UART modules.
• There are 4 SSI modules.
• There are 6 I2C modules.
• There are 2 CAN 2.0 modules.
• There are 60 general I/O.
• There are 16 PWM outputs.
• There are 2 12 bit ADC modules. (-40 ° C to 85 ° C).
• 100-pin LQFP sheath.
After the design of the circuits is completed, Processor
software has been developed so that the card can perform its
function. The codes of the ARM based processor used are

Fig. 9 Developed Program

After the design and simulation of the circuits to be used
are finished, the control cards drawing is designed in Altium
Designer program in accordance with the 2-layer PCB IPC2221 standard. In the study, the design and manufacture of the
electronic control card were realized as shown in figure 10.

Fig. 10 3D View from Design Phase of Control Card

D. Interface Design and Software Studies

The project's interface design was implemented on the test
software in the Android Studio program. Test Software is an
application that can provide an easy, practical and fast test
environment for all functions.
In the system there is duplex communication between the
interface and the control card Control signals sent over the
interface and status signals sent over the control card are set to
use different addresses. One byte of data is sent each time
when communicating. In this way, data overflow is prevented
and incorrect results are prevented. Each byte is sent in 1 ms
intervals. Example of the communication addresses between
the interface and the control card is given in Fig 11.

resulting in a simpler interface design. Interface designs are
shown in Fig. 13 and Fig 14.
All operations performed via the interface are performed on
the vehicle with a response time of 4 ms Bluetooth
communication distance is approximately 100 meters.

Fig. 11 İnterface Test

Interface sends 3 bytes of data to control card. The memory
is intelligently used by assigning two different control
addresses to each byte and any slowdown speed is avoided in
communication. Control capabilities that can be added are
placed in unused bits in the existing 3 bytes and it is predicted
that the communication will continue at the same speed. The
Datas that can not fit within 1 byte is reflected in the interface
by a calculation made in the software. The example code
structure is like in Fig 12.

Fig. 13 Control Screen

Fig. 14 Program Screen

E. Functional Safety ISO 26262
This document is adapted to IEC 61508 den for the
automotive industry. It is used with the aim of ensuring
system security throughout the process from the production to
the usage of electronic equipment. ISO 26262 consists of 10
parts. In this standard there are ASIL classes of error modes.
Measures have been taken according to the standard for
possible error modes. Definitions are shown in Fig. 15.
Fig. 12 Odometer(km) Code

Interface study has reached the end by constantly developing
with the experience gained from the tests and trial errors made
during the project. In this direction, the Controls & Info
screens are placed in different frames in the final design and
the complex screen structure is removed from the center,

As a result of the application;
• Valve and sensor input / output features are determined
for the functions to be controlled and in / out design is made
on the card. No error mode has occurred in the system.
•
Status information has been successfully received
from the EBS unit via CAN line.
• Serial port communication of the intelligent device and
control card achieves the ultimate goal of data transfer speed.
So there is no need to use wireless.
• Thermal fault mode for the control card has not been
detected.

Fig. 15 ISO 26262

In this study, new features were added to the system within
the scope of functional security. Some of the new features
added to the system include;

•
•
•

Stopping the operation against the risk of the vehicle
overturning the vehicle in the sloping region while the
Tank is lifted.(Operations)
Deactivation of system outputs in case of
malfunctioning outlets used to prevent accidents during
cruising.(Hardware)
Identity
verification
to
prevent
unconscious
use.(Software)

IV. CONCLUSIONS
As a result of this work, a central electronic control unit
was developed to improve the electronic infrastructure of a
trailer. CAN network structure has been developed for the
trailer in order to develop the electronic infrastructure together
with the control unit. The information in the control unit is
transferred to a smart device via Bluetooth. In this way, the
operator can see instant status information with the help of
smart device. Vehicle operations controlled by conventional
methods can be carried out with a single smart device.
In this system have been implemented functional security
standards. This control improves operational efficiency and
operational safety.
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Abstract— The role of voltage stability in the power system is
crucial for operational applications. In this paper, voltage
stability is investigated using ongoing power flow method.
Voltage-power curves and loadability factors are obtained using
this method. Voltage stability analysis is performed with the
MATLAB power system analysis toolbox (PSAT). When the
regular 14 bus power system is investigated, the weakest bus in
the system is found. The loadability factors of the 14 bus power
system have been obtained for different conditions. First, the
STATCOM is introduced into the weakest bus of the power
system. Secondly, the SVC used to control the voltage stability is
added to the same bus. Third, a wind power plant is added and
the results of these different situations are analyzed in terms of
loadability factors.
Keywords— Voltage Stability, PSAT, STATCOM, SVC, DFIG

I.

INTRODUCTION
Currently, power demand increases with generally
increasing population in world [1]. For this reason, power
systems are working close to the limits of stability. Therefore,
the voltage stability problem arises in power systems. Voltage
stability is the ability of the system to keep the voltage of all
buses at a certain limit after a disruptive effect [1], [2].
Voltage instability affect badly the operation of the system
and causing the voltage to collapse when ıt s not solved
properly [3]. The result of voltage collapse may occur a local
or full power interruption in the power system [4]. There are
many reasons that cause voltage collapse. Some of these;
insufficient reactive power injection, long distances between
generators and loads in power system, environmental events,
condition of equipments [1], [5].
Reactive power causes changes in power amplitudes and
losses in power systems. One of the studies to improve
voltage stability is reactive power compensation.
Compensation is made to reduce losses and stabilize the
voltage at the acceptable limits [6]. Because of this, reactive
power compensation applications are widely used.
In this study, SVC and STATCOM in the systems are used
for voltage stability analysis in the 14-bus power system. All
analysis have done using the MATLAB Power System
Analysis Toolbox (PSAT) [7]. First, CPF analysis has
performed to determine where to place these devices. The
analyzes in the system are made with these devices. Then, the

loading parameters and voltage profile effects have observed
in the system. In addition, the wind power plant is added to
the system and these analyzes are repeated and the effect on
the system is examined.
A. Continuation Power Flow (CPF)
The continuation power flow method is used to be found
the load voltage to be calculated when power flow Jacobean
matrix is singular. The continuation method uses the
successive power flow solution to obtain the bus voltage
profiles up to collapse point to found the loading point [2].
This method consists of two steps. These are predictor and
corrector steps. Fig.1 illustrates both predictor and corrector
steps. The continuous power flow determines sequential load
solutions based on a load scenario. From the known solution,
a tangent predictor is used to estimate the next solution for a
given load flow pattern. Following, corrector step detects the
exact solution by use of Newton-Raphson method through a
conventional power flow [1], [2], [8]. Then, a new estimate is
determined for a given load increment based on the new
tangent vector. The corrector step is repeated. These steps are
repeated until rich to the critical point. When the tangent
vector is zero, the critical point is reached and the process
ends [1], [8].

Fig. 1 Scheme of predictor and corrector steps

In power systems, the CPF method is used to be find
generator reactive power limits, voltage limits and flow limits
of transmission line [9].
B. STATCOM (Static Synchronous Compensator)
The STATCOM is a reactive power compensator connected
to the shunt to the system. It is an important tool in terms of
stability in power systems [10]. It affects the system by
injection reactive power to the power system or drawing
power from the system. STATCOM consists of 3 components.
These are: voltage source converter, a capacitor in the DC
section and a coupling transformer. Fig.2 shows the structure
of the STATCOM [11].

The SVC is less costly compared to the Statcom, but it is
weaker in power capacity.
D. Doubly Fed Induction Generator (DFIG)
Today, doubly-fed induction generators are widely used in
wind turbine applications. The reason is that double fed
induction generators have variable speed. In addition, the
DFIG ensures that the rotor speed of the generator, the output
voltage and frequency of the generator are kept constant. This
prevents sudden torque changes in the rotor of the wind
turbine and reduces the load on the mechanical part of the
turbine [15].
DFIG consist of two voltage fed PWM converter. These
converters are used to control of the active and reactive power
flow between the DFIG and AC network. Fig.3 shows the
doubly fed induction generator (DFIG) structure [16].
Usage of the doubly fed induction generator allows
electrical energy to be generated at lower wind speeds than for
constant-speed wind turbines.

Fig. 2 Basic structure of STATCOM

If the voltage at the STATCOM terminal is greater than the
system voltage, the STATCOM will supply reactive power to
the system. However, if the system voltage is greater than the
STATCOM voltage, the STATCOM will draw reactive power
from the system [11], [12]. A power flow does not occur when
the STATCOM voltage and the system voltage are equal to
each other.
C. SVC (Static Var Compensator)
The static VAR compensator (SVC) is one of the
compensation devices used to control power flows in power
systems [13]. It generates or draws reactive power according
to the system voltage to which it is connected. Fig.3 shows the
basic structure of the SVC. The SVC consists essentially of a
constant capacitor and a thyristor-controlled reactor [14]. This
device makes a capacitive or inductive current exchange to
maintain or control the bus voltage in the power system.

Fig. 3 Basic representation of SVC

Fig. 4 Double-fed induction generator

II.

CASE STUDY

In this study, the PSAT program has been used and worked
on a 14 bus power system. Fig.5 illustrates 14 bus power
system scheme. First, the continuous power flow analysis of
the 14 bus power system has been made for the base case.
From these analyzes, the maximum loading parameter of the
system and the voltage graph of all the buses have been
obtained. Next, the weakest bus in terms of voltage stability
has been determined and STATCOM, SVC and wind power
plant have been added to this bus. To determine the effect of
these devices on voltage stability, load parameters for each
have been found and voltage graphics have been obtained.

Fig.6 Voltage magnitude power system profile
TABLE I
VOLTAGE MAGNITUDE AND LOADABILITY PARAMETER OF THE BUS 14

Voltage Magnitude
0.66332

Loadability Parameter
2.392

Fig.5 Scheme of 14 bus test system

A. SVC
Fig. 6 gives the loading parameter- voltage magnitude ( -V)
At this stage, the SVC has been connected to weakest bus
graph obtained from the continuous power flow analysis in of the power system and continuous power flow analysis has
this base case. In this case, maximum loading parameter is been performed. Fig. 7 shows scheme 14 bus power system
2.392.
with SVC.

Fig.6 Loading parameter- voltage magnitude

Fig. 7 illustrates voltage diagram of the whole of the buses.
Bus 14 has found the weakest bus at the end of the CPF
analysis.

Fig.7 Scheme of 14 bus test system with SVC

that voltage magnitude profile of power system with
STATCOM.

Fig.8 Loading parameter- voltage magnitude with SVC

Loadability parameters of this system are given Fig.8.
Loadability parameter is 2.6881.Fig. 9 shows that voltage
magnitude profile of power system with SVC.

Fig.10 Scheme of 14 bus test system with STATCOM

Fig.9 Voltage magnitude profile of power system with SVC

Voltage magnitude and loadability parameter of the weakest
bus 14 have given in TABLE Ⅱ.
Fig.11 Voltage magnitude profile of power system with STATCOM
TABLE Ⅱ

VOLTAGE MAGNITUDE AND LOADABILITY PARAMETER OF THE BUS 14 WITH
SVC

Voltage Magnitude
1.0106

Loadability Parameter
2.6881

Loading parameter and voltage magnitude of bus 14 are
increased. When SVC is added to 14 bus systems, the
improved voltage stability of the system is observed.
B. STATCOM
The STATCOM is connected to the weakest bus in the
power system and power flow analysis results are obtained.
Fig.10 illustrates that scheme of 14 bus power system with
STATCOM. Loadability parameter is 2.6902. Fig. 11 shows

TABLE Ⅲ
VOLTAGE MAGNITUDE AND LOADABILITY PARAMETER OF THE BUS 14WITH
STATCOM

Voltage Magnitude
1.0111

Loadability Parameter
2.6902

C. DFIG
In this section, DFIG is added in the weakest bus in the
power system. Fig.12 illustrates that scheme of 14 bus power
system with DFIG. In this study, the power provided by the
wind power plant is modelled as a PQ generator and DFIG.
PQ generator provides active and reactive power to the power
system.

In this study, the weakest bus of the 14 bus power system
has been found by performing CPF analysis. SVC,
STATCOM and DFIG have been connected to the weakest
bus and the analyzes are repeated.
Observed results show that SVC, STATCOM and wind
power plant (DFIG) increase the static load limits of the
power system. With the addition of these devices, the voltage
levels increase with the load parameters. Thus, the system
may continue to work more securely against negative
conditions. STATCOM seems to be more effective in terms of
stability comparing to SVC mentioned here.
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Abstract— In the near future, there will be a de-facto development
in vehicle technologies. It is not hard to project that future vehicle
technologies will have converted from conventional towards
electric within next decades. For this fact, most of the countries
have been developing their infrastructures for electric vehicles.
Charging stations are one of the most important components for
electric vehicles. Furthermore, policy makers have been arguing
pure and plug in hybrid vehicle technologies. For example Toyota
shifts its investment to hybrid cars since they have found a big slice
in the auto market. However, they have been partly developing
pure electric cars to get ready for new century. In this regard,
there is a good question for the manufacturers. Lithium Ion
batteries or supercapacitors will be dominant in the future
technologies. For sustainable energy policies, vehicles always
engage with similar questions. Developing technologies suggest
more practical, economic, or environment friendly. In this paper,
we explain why electric vehicle manufacturers direct their
investments to Lithium Ion batteries instead of many other
battery technologies. And also, we mention about hybrid
technologies for using supercapacitors. Moreover, futuristic
technologies are discussed considering their harmful effects to
living organisms. At the end of the paper, we compare existing
energy technologies for electric vehicles.
Keywords— Electric vehicles, super capacitors, Li-ion batteries

A. Hybrid transportation applications
Initially, transportation technology was focused to hybrid
vehicles. Hybrid vehicles are a prevalent technology with an
internal combustion engine and an electricity motor. Two
motors work in combination. The hybrid car has NiCd battery,
and the battery charges itself while driving. In this concept, the
battery life is longer than that of EV. However, this concept have
drawbacks for hybrid vehicles some of which are provided in
Table 1. Due to the undesirable environmental effects of the fuel
consumption, completely the new transportation technologies
are investigated.
TABLE 1: HYBRID VEHICLE DRAWBACKS

Drawbacks of
Hybrid vehicles

-Fuel usage is not environmental
-Green energy policies look negative
for fuel usage
-More fuel costs per kilometer

As developing policies towards the clean energy and the
lower fuel consumption per km for the end user; transition
period to the EV technology has begun.

B. Electric Vehicle (EV) applications
I. INTRODUCTION
Environmentally friendly vehicles emits less harmful effects
to the environment than internal combustion engines (ICE) [1].
Electric Vehicles (EV) are accepted as sustainable
transportation option for the near future. Government policies
lead the users to this idea all over the world to reduce the
greenhouse emissions. The European Union has intended to
decrease 10% of the internal combustion engine based
transportation until 2020 [2]. Lower operating costs and
maintenance costs compared to liquid fuel vehicles make
electric vehicles attractive [3].
Recently transportation applications are focusing on
different engine power options. These are:
1-Hybrid technologies with fuel powered engine plus
electric motor with NiCd battery. As an example, Toyota hybrid
motors could be given.
2-Full electrically motor technology. Tesla EV with Li-ion
battery is an example.
3- Supercapacitor applications on transportation
technologies.

Nowadays, the motors fully working with electricity is
getting to become more popular. The Electric Vehicles (EVs)
use Li-ion battery as power storage options. In Li-ion battery,
electric energy converts to chemical binding energy during
charging, and stored energy converted to electric energy again
during discharging period.
In fact, there are some drawbacks in EVs. Li-ion batteries
have maximum 5-year lifecycle. It is estimated by International
Energy Agency that the number of electric vehicles in 2030 will
be almost 140 million. It means almost 70 million tons of spent
lithium-ion batteries should be recycled until 2030 [4]. There are
also some other drawbacks of EVs such as trade-offs among
price, performance, efficiency, limited electric range, long
charging times, lack of qualified maintenance specialists,
toxicity from spent batteries [5]. In Table 2, the EV technology
drawbacks are given with end user aspects, environmental
aspects, political aspects.
Because of all mentioned drawbacks, the alternative
transportation applications are investigated in the scientific
world.

TABLE 2: EV-LI-ION BATTERY DRAWBACKS

End user
aspects

Enviromental
aspects
Political
aspects

EV-Li ion battery drawbacks
Charging time is very long
The EV cannot drive to long miles
Each Li-ion battery is being waste in 5 years. The
new battery costs $ 10,000.
The user needs to pay the recycling cost of the
waste battery because of political regulations
EVs’ Li-ion batteries are not totally a green source
Needs recycling
Recycling cannot be done 100%, it becomes an
environmental waste
In 2035, 70 million tons of battery needs recycling
The world now ignores EV drawbacks
Political regulations are necessary

C. Problem statement and proposed approach
In this study, super capacitor applications are discussed as a
good alternative. This publication describes the use of
supercapacitors in transportation. Pros and cons of the
supercapacitors are discussed. Supercapcitor and Li ion battery
comparisons are conducted. The explosion problem of batteries,
security problem due to IoT are expressed. Besides, the future
directions about battery solutions for vehicle technology are
provided.
II. SUPERCAPACITORS ON TRANSPORTATION, THEIR
ADVANTAGES AND DISADVANTAGES

The supercapacitors have high capacitance compared to
conventional capacitors in the same volume.
Capacitors store the static charge; in contrast batteries are
based on electrochemical reactions. There are positive and
negative electrodes in the capacitors that holds the static charge
when we apply a potential difference to the plates [6].
Supercapacitor can be charged very fast and it has a high power
density compared to other energy storages. Supercapacitors can
be charged millions of cycles without decrease in its capacity.
If we consider the disadvantages of the supercapacitors, their
energy density for a specific volume is less compared to
batteries. Furthermore, the cost of the supercapacitors are much
higher than the materials because of higher technology and
higher material costs. Recently there are promising
improvements on supercapacitor materials to use the
supercapacitors in some commercial applications as an energy
storage. The recent developments also can decrease the
supercapacitor cost. In Figure 1 the advantages and limitations
of supercapacitors are sketched.

A. Supercapacitor applications on transportation
Eastor, a capacitor company, have managed to use barium
titanates which is a great dielectric material between capacitor
plates at very high voltages. The supercapacitor charged with
3500V that corresponds to huge energy capacity and it might
be a competitor to batteries. Edison Power has developed a new
capacitor with high capacity by increasing surface area of the

electrodes using graphene. These recent developments will
open the way for using capacitors in commercial devices [7].
Volvo, for example, has been testing supercapacitor-embedded
structural panels as a better alternative for the heavy sealed lead
acid battery in the engine bay. The result is a lighter vehicle for
better fuel economy. The Toyota TS030 race car, a hybrid
electric vehicle, employs electric motor-generators backed up
by supercapacitors instead of lithium-ion or nickel-metal
hydride battery packs, which is a great application because
supercapacitors cycle so quickly and hold a lot of energy. The
Toyota Yaris Hybrid R concept features 400 Hp total power
with three electric motors and a supercapacitor bank, yet the
fuel economy of, probably, the base Yaris. Batteries store
energy electrochemically, where chemical reactions release
electrical carriers that can be extracted into a circuit [8].
-Unlimited charging cycle and life
-High specific power; low resistance
-Charging in a short time
-Simple charging
Supercapacitors
-Safe
-Excellent low-temperature charge performance
-Low specific energy
-High self-discharge
-Low cell voltage
-High cost per watt
Figure 1: Advantages and limitations of supercapacitors.

Currently, some supercapacitors have been started to use in
hybrid buses. The system is designed to charge the
supercapacitor when the bus breaks and power the bus while it
is accelerating. It is clear that the supercapacitors cannot sustain
the energy alone for the bus. Electric cars only use batteries.
Each EV has almost 400kg battery that significantly limits the
range because most power is consumed during the vehicle
acceleration. Battery and supercapacitor technology should be
developed in the same time as EVs. Vehicle can accelerate
using supercapacitors and it may decrease the amount of the
battery required. This is why, the weight of the vehicle
decreases and extends the range.
III. DISCUSSIONS- COMPARISONS

A. Supercapacitors vs Li-ion Battery or Hybrid on EVs
Currently, Lithium-ion battery technology delivers the best
balance of energy density, durability, and lifespan. But Li-ion
technology has limited driven hours and lack of lifecycle [9].
For this reason, supercapacitor applications on batteries
become an alternative approach to vehicle technologies.
While Lithium-ion batteries can take hours to charge, a
potential limitation in an electric vehicle, supercapacitors take
mere seconds to charge. Also, supercapacitors tend to have
lifespans around ten times longer than lithium-ion, which is
another consideration for electric vehicle lifespan [10]. Specific
energy of Li-ion batteries are at least 25 times higher than

supercapacitors with the current technology. Specific energy of
the supercapacitors limits the usability. Table 3 shows the
comparison of the supercapacitors and Li-ion batteries [14].
TABLE 3: COMPARISON OF SUPERCAPACITORS AND LI-ION,
SOURCE: MAXWELL TECHNOLOGIES, INC

Function
Charge time
Cycle life
Cell voltage
Specific energy (Wh/kg)
Specific power (W/kg)
Cost per kWh
Service life (industrial)

Supercapacitor
1-10 seconds
1
million
or
30.000h
2,3 to 2,75V
5
Up to 10000
$10000
10-15 years

Li-ion (general)
10-60 minutes
500 and higher
3,6V nominal
120-240
1000-3000
$250-$1000
5-10 years

The energy density of the supercapacitors for unit area is
limited. This situation prevents the supercapacitors to take
place of batteries.
It is thought that the capacity of supercapacitors can be
increased by scientific researches. Supercapacitors can be an
attractive energy storage if the specific energy problem is
sorted out because of its positive aspects. The lifecycle of
supercapacitors are very high and the recycling cost of the
supercapacitor is less. A simple and low-cost method is
proposed by Trapalis et al. for recycling of supercapacitor
materials [11]. Figure 2 shows the power density of the
batteries and supercapacitors. Power density of supercapacitors
are attractive but the energy density is at least 10 times less than
batteries.

C. Cities filled with batteries ready for the explosion
Today, the swelling and explosion of batteries in portable
electronics are a serious problems. For example, Samsung
Galaxy Note 7 is prohibited in the aircraft by the U.S. Federal
Aviation Administration [13]. The reason of the ban is the risk
of explosion due to Li-ion batteries. Similar problems arise with
Apple-brand portable electronics. But any airline has yet
banned the Apple brand. The Figure 3 shows an Apple
computer battery that is swollen and ready to explode. Different
regulations may apply to different brands due to political
reasons.

Figure 3: Swollen and ready to explode Li-ion battery (Apple brand-model)

Similar problems may lead to electric vehicle batteries. In
the future cities may be filled with batteries ready to explode.
It's also more dangerous when the supercapacitors explode.
People are ignoring the risk of explosion. There may also be
different regulations for different brands and models. Political
worries can get in the way. Therefore, existing study takes
attention to this problem.

D. Transportation and IoT, hidden danger
In the future (or even today), the goods can be remotely
controlled by connecting to the internet. This concept is called
internet of things (IoT). EVs will also be controlled by IoT
remotely. Batteries in EVs carry a risk of explosion, and can be
exploded by remote control? This problem needs to be
investigated. Improvements in the firewalls to reduce the
external effects could be necessary. Hence, we want to
emphasise the security problem of IOT on transportation.

E. Future solution proposals

Figure 2: Power density-energy density graph [15]

The supercapacitor and Li-ion battery hybrid energy storage
system for electric vehicles is gaining universal attention. A
new energy management system for battery/supercapacitor
powered vehicles is proposed by Peng et al. [12].

B. Recycling of the batteries
With the increased use of electric vehicles in the near future,
the waste battery problem will also grow. Li-ion batteries
cannot be recycled 100% with existing technology. The
recycling of supercapacitors can be achieved with easier
processes. Technological facilities need to be widespread in
this area.

In the future, regular hybrid engines can be integrated into
supercapacitor applications. As supercapacitor technologies are
developing, the disadvantages can be eliminated. Nowadays,
there are many examples of super capacitor and Li-ion usage in
electric buses. On the first take-off, the supercapacitor can
easily pull the electricity, and later system goes to Li-ion
battery during driving. Thus, the battery life is increased. In the
future, such hybrid applications may become widespread.
IV. CONCLUSIONS
In this study, the supercapacitor and Li-ion battery
application on transportation is discussed. Drawbacks of hybrid,
EV, and supercapacitor batteries are listed. Recycling of
batteries is thought. The explosion problem of EVs is given
with critical examples. And the security problems due to the
internet of things (IoT) on transportation application is
discussed. Lastly, the future directions on EV battery solutions
are provided. This study is a novel view of EV battery concepts
in terms of supercapacitors.
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Abstract— In this paper, we studied the vector control with
orientation of rotor-flux by using the fuzzy regulators to an
indirect field oriented control strategy for the stator currents
and rotor speed of an induction machine submitted to variation
of the rotor time-constant and load torque changes. The
capacities of the fuzzy logic regulators associated to the indirect
field oriented control strategy and with real-time adaptation of
the rotor resistance. tested in simulation attests robustness of the
control used. Satisfactory results of simulation are presented at
the end of this paper to highlight the proposed method.
Keywords— Induction Motor, Fuzzy Logic Control, Vector
control, Rotor time-constant.

I. INTRODUCTION
Since its appearance the vector command of the
asynchronous machines did not cease interesting the
researchers in the field of electric drives at variable speed.
That is explained by many research tasks carried out in this
field. Some of this work [1-2], showed that the performances
of the studied order depend considerably on the precision
with which the parameters of the engine are known in
particular resistance and the rotor inductance which is often
difficult to identify and varies with the operating condition of
the engine, because of various phenomena such as the effect
of skin, the variation in the temperature or magnetic
saturation, the study of the influence of the variation of the
rotor time-constant on the order prove to be necessary. Thus,
these methods do not offer a robustness of the vector control
with respect to entries of instruction and disturbance in the
presence of the variation of the constant of
rotor time.
However, as the traditional adjustment with regulators pi
depends strongly of the parameters (others that Tr) of the
machine, a misidentifying of these parameters or of estimate
of the sizes to be controlled will lead obligatorily to one
deterioration of the performances of the adjustment especially
when the machine is charged.
Considering this major disadvantage, a solution is obtained
thanks to the use of a sophisticated method such as the
command by fuzzy logic which lends itself very well to the
adjustment and has the badly controllable ordering of process
by conventional traditional methods [3-6]. In our case, a
solution is obtained by the association of the fuzzy regulators

with the indirect rotor-flux orientation strategy with real-time
adaptation of the rotor resistance. Satisfactory results of
simulation are presented at the end of this paper to highlight
the proposed method.
II. MODELING OF THE ASYNCHRONOUS MACHINE
To study the vectorial ordering of the asynchronous
machine, generally we apply the stator variables as well
as the rotor variables of the transformation of Park using :
- For the stator sizes an angle  , is arbitrary.
-For the rotor sizes, an angle   p m where  m is the
rotor position and p represents the number of poles pairs
of the machine.
While posing:   ' et  sr  '  p  'm
We get the following equations :
d sd
dt
d sq
dt
d rd
dt
d  rq
dt
Te  p

   sq  R S i sd  V d

    sd  R s i sq  V q
  sr  rq  R r i rd

(1)

   sr  rd  R r i rq
M
Lr

( i sq  rd  i sd  rq )

with
 sd  L s i sd  M i rd
 sq  L s i sq  M i irq
 rd  M i sd  L r i rd
 rq  M i sq  L r i rq

To be able to bind the position  and speed  to the
electromagnetic couple, it is necessary to know the
mechanical system driven by the engine. The equilibrium

equation between the engine torque and the couple opposed
by the mechanical part of the system has the following form:
d
J
 Cem  K   C r
(2)
dt
III. STRATEGY OF VECTOR CONTROL USED
The use of Park referentiel is used to simplify the
complex model of the asynchronous machine. An approach
often used , is to put the axis "d" of the PARK referentiel as
the axis of rotor flux, forcing the variable  to have a value
such as  rq equal zero. Thus,we can put in evidence, that in

- M is the mutual inductance between rotor and stator dq
windings,
- Lr is the rotor dq windings inductance,
- Rs and Rr are respectively the stator and rotor dq windings
resistances,
- Te is the electromagnetic torque.
By introducing the equation (1.c) in (1.a) we obtain the
following equations:

 LS

accordance with the system of equations of the asynchronous
machine, the rotor flux reduced to its single component "d"
could be controled by the current i ds and the couples by the

 Ls

Vds allows to command the current i ds ,

thus the flux.
- the tension V qs allows to order the current i qs , thus
the couple.
After arrangement, the machine equations
 dr  r ,  qr  0

TS
Ts

 Rs iqs  VqsT  s ( Ls ids

Te 

diqs
dt

iqs 

VqsT
Rs

 s(Ts ids

(4)

In the previous equations the components of the two axes d-q
are coupled, their decoupling is possible by the introduction of
two new variables: Vds, Vqs

Vds   Ls

Ts(1)
r )
M

V qs   L s
(3)

VqsT  Vqs  V ' qs

di qs
dt

(5)

 R s i qs

With Vds et Vqs are the outputs of the

currents regulators

In these equations:
- ids and iqs ,vds and vqs are respectively the d and q axes
stator currents and voltages,
-  r is the rotor flux,
-  s is the reference frame angular electrical speed:

dids
 Rs ids
dt

Thus
VdsT  Vds  V ' ds

PM
r iqs
Lr

Ls (1)
r )
M

PM
r iqs
Lr

dids
V
T (1) dr
 ids  dsT  Tssiqs  s
dt
Rs
M
dt

d
Tr r r  M ids
dt
M iqs
sr 
Tr r
T

become:

diqs

dt
dr
r  M ids
Tr
dt
M iqs
sr 
Tr r

current i qs . If we compensate the coupling terms between the
axes "d" and"q":
- the tension

dids
L (1)

 Rs ids  VdsT   Lss iqs  s
(ids  r )
dt
Tr
M

V ' ds et V ' qs Terms of decoupling
Thus we distinguish two types of commands one is
called complete command, the other simplified: (terms of
complete decoupling, terms of simplified decoupling)

 s  s ,

-  sr is the difference between the angular speed of the
reference frame and the electrical speed  of the rotor (the
electrical speed of the rotor is equal to p times its mechanical
speed  m , p being the pole pairs number).
- Ts and Tr are respectively the stator and rotor d and q
windings time constants,
-  is the leakage coefficient of the machine,

Vds '    Ls  s iqs 

Ls (1   )
Tr

(ids 

r
M

)
(6)

Vqs '    s [  Ls ids  Ls

(1   )
r ]
M

Following the studies already done, we noted that, the order
using a loop of flux does not make it possible to increase the

dynamics performances of the command; it requires the use of
the flux regulator adds an additional time-constant, thus
generates a reduction in the dynamic performances of the
command. To carry out raised performances, structure of the
ideal and simple command is the order with constant flux
command in open loop and the terms of decoupling calculated
with the values of reference. In the case one considers flux:
 r   ref   dr we obtain the equations of following

B. Variation and Error Analysis
In general a fuzzy controller is introduced like a system at
two entries and an exit. The variables used as entered are the
error and the variation of the error:

ek  Yréf  Yk
(9)

simplified (command) thus:

 r  ref

ek  ek  ek 1

V ds '    L s i qsref  s
(7 )

i dsref 

 ref

V qs '   s

M

Ls
 ref
M

C. Standardization of the Error of its Variation and the
Control
Using the corresponding profits, the standardized values of
the error and its variation are obtained as follows:

e  k  Ge  e k

IV. APPLICATION OF A CONTROLLER TO FUZZY
LOGIC
It is a question of replacing the regulator PI which
corresponds to the parameter to control, by a controller with
fuzzy logic, on the level of the diagram block. Its basic
structure is represented hereafter: [8-10]
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Rules of
fuzzy
control
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In the same way for the variation of the command:

U  k  Gu  U k

(11)

Ge , Ge , G u : Profits of standardization. They are

adjustable profits making it possible to adapt the beach of
variation of the sizes to the universe of speech.
U

G U

Σ

Fig.1. fuzzy logic controller block diagram

A. Law of Order
The adopted law is a function of the error and its variation
( U  f (e, e) ). Consequently, the variation of the order
requires is given by the activation of the whole of the
associated rules of decision. In the simple cases, this variation
of order is obtained by reading of a decision table defined off
line. The general form of this law of order is given:

D. Choice of the Method of Defuzzification
The method of the most used defuzzification is that of the
determination of the centre of gravity during the method the
balanced heights. It is defined as follows:
X *
R

*
m  CE X E i
i
 U  

i 1
CE i

(12)

In this case, one associates each unit a bar (rectangular of
narrow width) located at the X-coordinate the height of each
bar is balanced by the factor of membership  CE .
E. Choices of the Number of Classes or Subsets Vague

A universe of speech common to all the variables is
selected. For the two entries, a partition of this universe of
speech in seven classes (NG, Nm, NP, EZ, PP, PG, PG),
(8) from which one completes the fuzzification by the
U k 1  U k  Gk 1  U k 1
determination of the functions of membership. Establishment
of the rules defining the exit, rising from an expertise from
where Gk+1 is the profit associated with the order U k 1
operation, conduit in table (1), close cutting of the universe of
generally selected weak to ensure the stability of the system
speech of the exit in nine Fig.3 classes. The method of
and U k 1 is the exit of the fuzzy regulator and the variation inference selected is the method (max-Min) considering which
it is easy to establish.
of the order U .

TABLE .1
SET OF RULES

Ce

e / e NG

NM

NP

EZ

PP

PM

PG

NG
NM
NP
EZ
PP
PM
PG

NVB
NVB
NB
NB
NB
EZ
EZ

NVB
NB
NB
NM
NS
PM
PM

NB
NB
NM
EZ
PM
PB
PB

NM
NM
PS
PM
PB
PB
PVB

EZ
EZ
PB
PB
PB
PVB
PVB

PVB
PVB
PVB
PVB
PVB
PVB
PVB

NVB
NVB
NVB
NVB
NVB
NVB
NVB
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 r iqs 

 qr  Lm

For the choice of the form of the functions of membership,
we have for our case chosen the triangular form. Because all
the forms give practically same the results to condition of
good used.

Ce  P
1

N S
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PS

PM

(14)

From the equations of Park, we write the components direct
and in quadrature from rotor flux and the real torque of the
machine in permanent regime:

F. Choice of the Form of the Functions of Membership
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Fig.2 The distribution of the functions of membership according to the
triangular form

The ratio of the real couple and flux on the estimated
values are:

V. ROTOR RESISTANCE ADAPTATION
To estimate the rotor resistance, we will use a method
which calculates it in function of the flux (real, reference) and
of the electromagnetic torque (real, reference) [5].To clarify
the relation which relates the electromagnetic torque and rotor
flux to the variations of the machine parameters, we proceed
as follows:
Lr  K l Lr
Rr  K r Rr

(13)

Lr , Rr Values used in the command.
The actual value of the rotor time-constant:
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The decoupling block imposes on the command of the inverter
the Vds, , Vqs and  sr values. In permanent mode we have:
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2

Therefore, the rotor estimate of resistance is given by
following relation:

Rr  K r Rr

(17)

V. DIGITAL SIMULATION
In our article we applied the diagram valve block
uncoupled by orientation from rotor flow from the figure (3)
to the induction machine

In view of the figure4.a we notice a deterioration of the
performances of the machine when the resistance of the rotor
varies (variation of the time constant of the rotor) in particular
the decoupling between the flux and the electromagnetic
torque. To solve this problem, we used the real-time
adaptation of the rotor time constant
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Fig.4.b Case of the fuzzy regulators with logic with a reduction of 50 %
of Tr in the machine with adaptation of the rotor time constant
Machine

Speed (m/s)

Fig.3 diagram block of control considered

VI. RESULTS
Figure.4. a, b, c show the dynamic responses of the
adjustment by the orientation of the rotor flux of the induction
machine powered with inverter of tension. These figures
represent the dynamic responses speed, torque, and dq
components of the rotor flux under the following conditions:
1) Speed at t = 0s of 100 rd / s followed by a reversal of the
speed in t = 2 s.
2) Application of a resisting torque equal to the nominal
torque of the machine between t = 0.5 s and t = 1 s,
3) 50% reduction of the rotor time constant from t = 0.5 s.
Speed (m/s)

Torque (Nm)

Flux d,q (wb)

Fig.4.c Case (for low speed) of the fuzzy regulators with logic with a
reduction of 50 % of Tr in the machine with adaptation of the rotor time
constant

Torque (Nm)

Flux d,q (wb)

Fig.4.a Case of the fuzzy regulators with logic with a reduction of 50 % of
Tr in the machine

VII.
CONCLUSION
The obtained results demonstrate that the proposed control
strategy used offers a good performances as well as an
insensitivity with regard to the internal and external
disturbances, such as the speed variation, the load torque, in
the presence of variations of the parameters of the machine in
particular the rotor time-constant. In order to maintain good
performance, we have use real-time adaptation of the rotor
resistance
The robustness of the control algorithm is proven, even in the
case of low speed. This association could be employed for the
numerical control of the machine tools where the parametric
variations frequently occur.
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Abstract—Due to the limited supply of energy of the sensor
nodes, the lifetime of wireless sensor networks has become a
challenging research area. Studies have shown that instead of
implementing direct transmission or multi-hop routing,
clustering can significantly improve the total energy dissipation
and lifetime of a wireless sensor network. For this reason, the
LEACH has become a traditional schedule-based protocol. In
this work, I propose a fixed clustering routing algorithm for
wireless sensor networks which includes intelligent CH
determination by base station and selecting the node with
maximum residual energy for following rounds. Intelligent CH
Determination with Maximum Energy Selection (ICDMES) can
further improve the lifetime of the network, reduce the energy
dissipation and increase the throughput significantly. With
ICDMES, the lifetime of a wireless sensor network is increased
and the throughput is more than doubled while reducing the
energy dissipation when compared to LEACH, LEACH-F,
ModLEACH and DEEC.
Index Terms—Enter Energy-Efficiency, Routing Protocols,
Wireless Sensor Networks.

A

I. INTRODUCTION

wireless sensor network (WSN) is a wireless network
with spatially distributed sensor nodes that sense, record
and distribute physical and environmental conditions. WSNs
have become an active research area since they have
integrated in our daily lives with a vast number of
applications, such as disaster relief, target tracking, smart
cities, medicine and health care.
One of the major challenges for the deployment of a WSN
is the lifetime of the network. Limited supply of energy of the
sensor nodes directly impact the network lifetime. As a
consequence, energy-efficient ways of operation for the WSNs
are extremely important to increase the network lifetime. To
achieve this objective, energy-efficient protocols and
algorithms are being extensively studied. Node clustering [1],
in-network data processing [2], data fusion [3], network
coding [4] are among the efficient measures taken to reduce

the amount of data that is processed, sensed or transmitted.
II. LITERATURE REVIEW
LEACH [5-7] is a well-known, simple and efficient round
based adaptive clustering routing protocol for WSNs. In
LEACH protocol, the time is divided into parts called a round.
Each round consists of two phases. The first phase is set-up
phase which is the phase of node formation. The second phase
is related to the normal function of the network and is called
the Steady- State phase.
The main advantage of LEACH-F [5, 6] is that once the
clusters are formed, there is no need to initiate the set-up
phase again at the beginning of each round. The clusters are
created using a centralized cluster formation algorithm. They
are formed once and fixed. Cluster head (CH) role is rotated
between the nodes in the cluster. In LEACH-F, BS finds the
optimum CHs for the current round. When the optimal CHs
and associated clusters are found, the BS sends a message
back to all the nodes in the network.
ModLEACH [8] includes efficient CH replacement scheme
and dual transmitting power levels. The amplification energy
is set same for all kinds of transmissions in LEACH. On the
other hand, low energy level is used for intra cluster
communications which occurs in ModLEACH.
In addition, threshold based CH changing mechanism is
used in ModLEACH to provide more efficient CH
replacement. The CH changing threshold value of
ModLEACH is predefined and can be changed. If the energy
of existing CH is higher than threshold it continues to be as
CH if not the new CH for that cluster is elected as it is done in
LEACH and the cluster is formed again.
The CHs are selected by a probability based on the ratio
between residual energy of each node and the average energy
of the network in DEEC [9]. The nodes which have high
residual energy are more possible to become CHs. DEEC is a
heterogeneous and distributed clustering algorithm. To avoid
the need of assistance by routing protocol as in LEACH-E [5],
DEEC utilizes a particular algorithm to estimate the network
lifetime. Two and multi-level heterogeneous network models
are used in DEEC. There are advanced and normal nodes. The

m is the fraction of the advanced nodes and these nodes have a
times more energy than the normal ones.
In this paper, I propose a new cluster based routing protocol
which aims to solve the overhead problem seen in the LEACH
and LEACH based protocols. ICDMES combines fixed
clustering with intelligent CH determination and CH selection
with maximum energy. CH selection occurs when the residual
energy of a CH reaches the threshold. Note that, the new
selected CH is the member with the highest residual energy in
the cluster. By this way, not only the overall energy
dissipation is reduced but also the network lifetime is
significantly increased according to LEACH and LEACH
based protocols.
III. INTELLIGENT CH DETERMINATION WITH MAXIMUM
ENERGY SELECTION (ICDMES)
ICDMES partitions the nodes into clusters. A cluster head
for each cluster is responsible for collecting and delivering the
sensed data to the base station. Unlike LEACH, a sensor node
which is a member of a cluster remains in that cluster for the
entire lifetime of the WSN, thus ICDMES keeps clusters
fixed. Under ICDMES, the base station picks the initial cluster
heads according to the intelligent CH selection mechanism
and the CHs broadcast an announcement message to inform
the other sensor nodes. All the remaining sensor nodes join to
their nearest clusters at the initial set-up phase.
A. Intelligent CH Determination by BS
At first, BS divides the network horizontally into 2 equal
rectangles. Then for even number of clusters, the BS divides
the network into 2a equal pieces by using the Cartesian
Coordinate System (CCS). As shown in Fig. 1, i.e. the
network field divided into 6 equal pieces (clusters). P1, P2,
P3, P4, P5 and P6. Note that, in here, the number of clusters
(k) value k=2a. The sensor network can be described in twodimensional X, Y plane written as (X, Y). Let suppose A=M m
x M m is the area of the network and M=100, then according
to the CCS:
(Xmin, Ymin) = (0, 0), (Xmax, Ymax) = (100, 100).

The length of vertical edge of each piece can be calculated
by BS by using (2).
∆ =( )
(2)
The piece in which each sensor node currently resides based
on its location information (i.e. its X, Y coordinates) can be
calculated by BS using the following equation (3):
=

and

∆

=

(3)

∆

Where (PX, PY) is the piece ID of a sensor node, Xmin and
Ymin are the X and Y coordinates of the origin of the network,
∆ and ∆ corresponds to length of horizontal and vertical
edges of each piece, and ⌊ ⌋ is the largest integer not greater
than b. For simplicity, different co-ordinates are assigned to
each rectangle i.e. P1=(0,0), P2=(1,0), P3=(2,0), P4=(2,1),
P5=(1,1) and P6=(0,1). By using (3), BS calculates the
locations of the nodes and it can find out the nodes which
rectangle they belong to.
For odd number of clusters, at first, BS again divides the
network horizontally into 2 equal rectangles. Then randomly it
decides to divide below or upper rectangle into a+1 small
pieces and thus, another rectangle is divided into a pieces thus
the number of clusters become:
= + +1 = 2 +1
(4)
The length of horizontal edge of each below piece can be
calculated by BS by using (5).
(5)

)

∆

=(

∆

=( )

The length of horizontal edge of each upper piece can be
calculated by BS by using (6).
(6)

The length of vertical edge of each piece can be calculated
by BS by using (7).
(7)

)

∆ =(

The below piece in which each sensor node currently resides
based on its location information (i.e. its X, Y coordinates) can
be calculated by BS using (8):
=

∆

=

∆

and

=

∆

(8)

The upper piece in which each sensor node currently resides
based on its location information (i.e. its X, Y coordinates) can
be calculated by BS using (9):
and

=

∆

(9)

Fig.2 shows an example of determined clusters by BS when
the number of clusters is odd i.e. 5. Note that, in here a=2,
thus k=2.2+1, k=5.

Fig. 1. Six intelligent clusters for ICDMES.

The length of horizontal edge of each piece can be
calculated by BS by using (1).
∆ =

=

(1)

which has different ThVs in terms of round numbers. It can be
clearly seen from the figure that, the increase in the ThV
causes to delay the first node death in the network, thus higher
ThVs can be used for networks in which the sensor nodes
produce different peace of information. Note that, by using
test simulations, the threshold value for ICDMES is
determined as 1/25 of initial energy (Eo/25) of a node.

Fig. 2. Five intelligent clusters for ICDMES.

After the division of the field, the BS has to determine the
CHs for each cluster by considering the location information
of the nodes and the central points of each square. BS finds the
central points of each piece by using (10):
=

∆

and

∆

=( )

(10)

BS calculates the distance of each piece member to the
center point according to (11).
(11)
( , )= (
− ) +(
− )
Finally, for each square, BS finds the nearest node to the
center of a square. BS informs these nodes to be selected as a
CH by sending a CH notification message.
Once the cluster heads are elected, the CHs prepare a
TDMA schedule for members for transmitting their sensed
data. The length of this schedule is fixed and it is determined
according to the number of nodes in each cluster. If a node
dies or its operation stops, the assigned time slot becomes idle.
Other member nodes sleep until their transmission time
begins, thus extra energy savings become possible. The CHs
start to collect the sensed data from their clusters and transfer
the gathered data to the base station. While the CHs are
collecting sensed data from their associated members, they
also collect residual energy level information of the members
for each round. The CHs continue to repeat this operation until
their residual energy drops below a threshold level for several
rounds. Thus, with ICDMES a sensor node can remain as a
cluster head for multiple rounds instead of changing CHs for
each round as in LEACH and LEACH based protocols.
B. Threshold Value and Selection of CHs with Maximum
Residual Energy
Threshold value (ThV) is very crucial for ICDMES because
it defines the CH changing rule of the algorithm. It should be
determined very carefully because it determines the survival
status of the CHs. If it is chosen very small, the CH may die
and the network connectivity can be broken off. If it is chosen
very big, this causes to select new CH approximately for each
round thus, this can bring huge network and set-up costs. If the
threshold value is selected as equal to initial energy of any
node, this means that the CHs will be changed in every cluster
and thus, ICDMES will approximately work same as LEACH.
Fig.3 shows the performance of LEACH and ICDMES

Fig. 3. Number of Dead Nodes according to the different ThVs.

In ICDMES, for each round, CHs collect residual energy of
each cluster member while they are collecting sensed data
according to algorithm which is showed below. The residual
energy information is used for CH selection for the following
round if residual energy drops below a threshold level.
while ( i <= number of clusters)
CH(i) collects data and energy level from members
if (Residual Energy of CH(i) < ThV)
CH(i) sorts the residual energy of associated members
CH(i) selects the member which has max. residual energy
else
CH(i) sends aggregated data to the BS
i=i+1
end
IV. SIMULATION ENVIRONMENT FOR ICDMES
Matlab is used as the simulation platform to emulate the
LEACH, LEACH-F, ModLEACH, DEEC and ICDMES
protocols in order to compare their performances. These
algorithms are compared with respect to total residual energy,
number of dead nodes, utilization and the network lifetime.
For the simulations, 100 identical sensor nodes are deployed
randomly in a 100 m x 100 m square area. The base station
with coordinates (150, 50) is placed outside the sensor
deployment area. Table. 1 summarizes the parameters used
during the simulation study.

TABLE I

SIMULATION ENVIRONMENT PARAMETERS
Parameters
Network area
Number of nodes
Base station coordinates
Initial energy per node
Data packet size
Control Packet Size
Transceiver Energy
Aggregation Energy per Bit
Free Space Amplifier Energy
Multipath Amplifier Energy
Threshold Value (ICDMES)

Values
100 m x 100 m
100
(150,50)
2J
6400 bits
200 bits
50 nJ/bit
5 nJ/bit
10 pJ/bit/m
0.0013 pJ/bit/m
0.05 J

Fig. 5. Round Number vs Alive Nodes.

V. SIMULATION OF ICDMES
ICDMES is compared with LEACH, DEEC, DEEC (0.5)
where the initial energy of each node varies between Eo and Eo
(1+0.5), LEACH-F and ModLEACH in terms of number of
alive nodes, remaining energy and the lifetime to evaluate the
performance of ICDMES. Same simulation parameters are
used for all algorithms to provide scalability and the threshold
value for ICDMES and ModLEACH is determined same to
have evaluable results. Note that, 10 fixed predefined
intelligent clusters are used for ICDMES.
A. Simulation Results
The simulation results are obtained by realizing 100
iterations. In each iteration, the nodes in the WSN are
generated again randomly. The average values are taken for
each round in each iteration.

Fig. 6. Iteration Number vs Average Lifetime.

When the figures are examined carefully it is clearly
obtained that ICDMES outperforms other algorithms in terms
of residual energy, number of alive nodes and lifetime.
ICDMES provides significant energy savings. It also gives
opportunity for load balancing in the network. When it is
compared with LEACH, it provides approximately 50% of
average lifetime improvement over LEACH. It has still
energy-efficient when advanced nodes exist in the network
when figure 2 is analyzed carefully. It still provides energy
savings according to DEEC-0.5 in which advanced nodes are
used and placed into network.
VI. CONCLUSIONS

Fig. 4. Round Number vs Residual Energy.

With the expanding usage of WSNs in various areas,
increasing the lifetime of sensor networks by reducing the
energy consumption [10] has become a significant research
area. Providing energy-efficiency [11] and contributing to
green networking solutions for WSNs is very crucial. In fact,
the ICDMES protocol was developed to lower the energy
consumption required to create and maintain clusters to
improve the lifetime of a WSN. However, with ICDMES by
using fixed number of clusters, cluster head selection and
cluster formation overhead is minimized and significant
improvements can be obtained in terms of energy usage,
lifetime and load balancing in the network.
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Abstract— In this paper, a three-phase multi-level inverter
structure is proposed. The proposed inverter basically consists of
level modules (LMs). The level number is exponentially increased
by increasing LM number. Switching strategy is quite simple.
The proposed inverter was simulated for different LM number.
Simulation results show that the proposed inverter can
successfully generate multi-level voltage waveform at the output
and decrease total harmonic distortion (THD) value at the load
voltage and current. Since current and voltage harmonics are
low, no filter is required at the output. Another advantage of the
proposed inverter is that the dv/dt voltage stress is low because
the output voltage is a multilevel form.
Keywords— three-phase, multilevel, total harmonic distortion,
cascaded multilevel inverter, asymmetrical cascaded multilevel
inverter

I. INTRODUCTION
Due to the limitations on electrical energy nowadays, pure
sinusoidal waveforms with low harmonic components have
become a necessity. Conventional two-level inverters can not
meet this requirement since the output voltage of these type
inverters is far from a sinusoidal waveform [1]. Multi-level
inverters come to exist at that point. Multi-level inverters
produces stepped shaped waveforms with a low harmonic
content and achieve this by a group of switching elements and
dc voltage supplies [2]. In medium or high voltage
applications they are frequently being used [3]. Due to the
characteristics of improved power quality, reduced total
harmonic distortion (THD), high modularity, minimum filter
requirement, reduced switching loss, low dv/dt stress, the
studies on multi-level inverters have been continuing [4, 5].
Multi-level inverters basically constructed as three types.
They are cascaded H-bridge, diode-clamped and flyingcapacitor converters [6, 7]. Cascaded multi-level inverters
generate a multi-level voltage from several independent DC
sources [8, 10, 11]. Since the cascaded multi-level inverters
have a modular topology, they achieve higher output voltage
and power levels and higher reliability [9]. Switching
frequency or the number of cascaded H-bridges has to be very
high in cascaded multi-level inverter topologies to decrease
the THD. At this situations switching loss or the conduction
loss will be high [12].
In this paper, a new three-phase inverter topology is
proposed. The proposed inverter includes lower switching
element number compared to the similar ones in the literature.
In this topology, a higher level is obtained for a selected
switching element number. In other words, fewer switching
elements are used for a given level. The construction and
switching strategy of the proposed topology were introduced

in Section II. Simulation results were given in Section III.
Results show that the proposed inverter generates different
voltage levels by changing level module (LM) number and
decreases THD value by increasing level number. In Section
IV the results of all paper were evaluated.
II. PROPOSED MULTI-LEVEL INVERTER STRUCTURE
Proposed three-phase multi-level inverter basically consists
of cascaded level modules and it has a simple switching
strategy.

A. Constraction
Three numbers of single-phase multi-level inverter exists in
the proposed three-phase inverter. Each single-phase inverter
basically includes level modules (LMs) and a dc source
having an opposite polarity according to dc sources in LMs
[13].
In the proposed inverter, level number (n) for one phase
varies dependent to LM number (m) in one phase. The level
number of the inverter can be found related to LMs by
Equation 1. Level number of the line voltage (N) can also be
obtained by Equation 2.
(1)

=2

= 2 −1 =2

−1

(2)

Level number can be increased by increasing LMs. This
feature makes the proposed structure very convenient to be
expanded. In multi-level inverters, an odd level number is
generally obtained, however the levels of the proposed
inverter change as an even number as the proposed structure
has no zero level. In Fig. 1, the principle scheme of three–
phase 4-level inverter consisting 2 LMs in each phase is
shown. As it can be seen from Figure 1 that the system can be
easily expanded and level number can be increased by making
a cascaded connection between LMs.
Each LM comprises of two switching elements and a dc
source. The value of dc source in the first module can be
found using level number and magnitude of the output voltage
by Equation 3. The value of the other sources changes as
2( k ) Vd
. Here, k is the module number.
Vd 

2.Vmax
2n  1

(3)

An additional dc source is required in the proposed inverter.
This source is connected series with the LMs and its direction
is opposite to the dc sources in LMs. The voltage of the source

is equal to the one half of the sum of dc source voltages in
LMs. (VS/2).
In Table I, switching elements and dc source numbers and
level number of the output voltage is given for one phase
depending on LM number. Level number of the output voltage
in Table I shows the maximum number of levels that can be
obtained by m modules.
Switching element and source numbers (r) and (s) can be
calculated by using Equation (4) and (5) as in the following
for one phase.
r  2m

(4)

s  m 1

(5)

Total module number (M) in the system can be calculated
by Equation 6. Total switching elements and source numbers
(R) and (S) can be found by Equation (7) and (8)

M = 3m

(6)

S= M+3

(8)

(7)

R = 2M

B. Switching Strategy
Both voltage and current harmonics are quite low at the
load by using a multi-level inverter. By increasing the level
number, total harmonic distortion (THD) value in voltage and
current decreases further even though an output filter is not
used. Multi-level inverters become evident especially in highvoltage levels since the voltage stress on the switching
elements are quite high in high voltage values.
In order to obtain multi-level voltage at the inverter output
for a three-phase load, first, switching signals are created. For
this purpose reference voltages should be defined as in
Equation (9).

Fig. 1 Principle scheme of three phase 4-level inverter structure
TABLE I
OUTPUT VOLTAGE LEVELS, SWITCHING ELEMENTS NUMBER AND SOURCE NUMBER DEPENDING ON LMS IN THE PROPOSED INVERTER

Level Module Number
Level Number of Phase Voltage (n)
Level Number of Line Voltage (N)
Total Source Number (S)
Total Switching Element Number (R)

1

2

3

4

5

2
3
6
6

4 8 16 32
7 15 31 63
9 12 15 18
12 18 24 30

...

m

...

2m
2m+1-1
3m+3
6m

(2 m - 1)
(1  sin 2ft )
2
(2 m - 1)
Vb _ ref (t ) 
1  sin(2ft  2 / 3)
2
Va _ ref (t ) 

 Vabc _ ref (t )
Qabc _ k (t )  



(9)
(2 m - 1)
Vc _ ref (t ) 
1  sin(2ft - 2 / 3)
2
Switching signals are produced for each instantaneous
value of Vref. Equations of switching signals are given in the
following.
Qabc _ 0 (t )  Vabc _ ref (t )
 Vabc _ ref (t )
Qabc _ 1 (t )  


mod

V

abc _ ref

2

2

(10)



(t ) mod 2 
 mod 2


(11)

These equations can be generalized depending on LM
number. Generalized equation of switching signal is shown in
Equation (12).

III. SIMULATIONS OF THE PROPOSED MULTI-LEVEL INVERTER
STRUCTURE
A three-phase R-L load was fed by the proposed multi-level
inverter in the simulations. The inverter was simulated for 3, 4
and 5 level modules in one phase. Thus 8, 16 and 32-level
phase voltage waveforms were obtained. Phase voltage, line
voltage and line current waveforms are shown in Fig. 2, Fig. 3
and Fig. 4 respectively for 8, 16 and 32-level situations in one
phase.
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After generating switching signals, multi-level output
voltage is applied to the three-phase load.
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Fig. 2 Simulation results of 8-level multi-level inverter feeding an inductive load
(a) Load phase voltages, (b) Load line voltages, (c) Load line currents, (d) Phase voltage, line voltage and line current
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Fig. 3 Simulation results of 16-level multi-level inverter feeding an inductive load
(a) Load phase voltages, (b) Load line voltages, (c) Load line currents, (d) Phase voltage, line voltage and line current
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Fig. 4 Simulation results of 32-level multi-level inverter feeding an inductive load
(a) Load phase voltages, (b) Load line voltages, (c) Load line currents, (d) Phase voltage, line voltage and line current

THD values of phase voltage, line voltage and line current
were also calculated for 8, 16 and 32 levels. In Table II the
THD values are given depending on the level number.
TABLE III
THD VALUES DEPENDING ON THE PHASE LEVEL NUMBER

Level Number
THD of Phase Voltage (%)
THD of Line Voltage (%)
THD of Line Current (%)

8

16

32

10.32
7.79
1.30

5.08
3.40
0.55

1.83
2.40
0.20

REFERENCES
[1]
[2]

[3]
[4]
[5]

It can be seen from Table II that the THD values decreases
when the level number increases. The decrease in the THD
value versus the increase in the number of levels in phase
voltage can be examined. First, when the number of level
modules increased from 3 to 5, the number of levels increased
from 8 to 32. Therefore, the number of levels has increased to
4 times. In this case, the THD value decreased from 10.32%
to 1.83%. In other words, it is 5.64 times lower.
IV. CONCLUSION
A three-phase multi-level inverter topology was proposed
in this paper. A significant feature of the proposed inverter is
having level modules and increasing the output levels by
increasing the modules simply. The proposed inverter
generates multi-level output voltage waveform with low dv/dt
stress that is especially important in high voltage levels.
The proposed inverter was simulated for different level
module number. THD values decreases in voltage and current
waveforms by increasing the level number. So no output filter
is required at the output and switching frequency is low at the
output in contrast to conventional PWM inverters.

[6]
[7]
[8]
[9]

[10]
[11]
[12]
[13]

C. I. Odeh, “Enhanced three-phase multilevel inverter configuration”,
IET Power Electronics, vol. 6, iss. 6, pp. 1122–1131, 2013.
A. Masaoud, H. W. Ping, S. Mekhilef and A. S. Taallah, “New ThreePhase Multilevel Inverter With Reduced Number of Power Electronic
Components”, IEEE Transactions On Power Electronics, vol. 29, no.
11, pp. 6018-6029, Nov. 2014.
A. Ruderman, ” About Voltage Total Harmonic Distortion for Singleand Three-Phase Multilevel Inverters”, IEEE Transactions On
Industrial Electronics, vol. 62, no. 3, pp. 1548-1551, March 2015.
J. Rodriguez, J. Lai, and F. Z. Peng, “Multilevel inverters: A survey of
topologies, controls, and applications,” IEEE Trans. Ind. Elect., vol. 49,
no. 4, pp. 724–738, Aug. 2002.
A. Hota, S. Jain, and V. Agarwal, “An Optimized Three-Phase
Multilevel Inverter Topology With Separate Level and Phase Sequence
Generation Part”, IEEE Transactions On Power Electronics, vol. 32,
no. 10, pp. 7414-7418, Oct. 2017.
Y. Suresh, A.K. Panda, “Research on a cascaded multilevel inverter by
employing three-phase transformers”, IET Power Electronics, vol. 5,
iss.5, pp. 561–570, 2012.
I. Colak, E. Kabalci, R. Bayindir, “Review of multilevel voltage source
inverter topologies and control schemes”, Energy Conversion
Management, vol. 52, pp. 1114–1128, 2011.
A. K. Al-Othman, T. H. Abdelhamid, “Elimination of harmonics in
multilevel inverters with non-equal dc sources using PSO”, Energy
Conversion Management, vol. 50, pp. 756–764, 2009.
L. Maharjan, T. Yamagishi, H. Akagi and J. Asakura, “Fault-tolerant
operation of a battery-energy-storage system based on a multilevel
cascade PWM converter with star configuration”, IEEE Transactions
On Power Electronics, vol. 25, no. 9, pp. 2386–2396, 2010.
M.R. Banaei, E. Salary, “New multilevel inverter with reduction of
switches and gate driver”, Energy Conversion Management, vol. 52, pp.
1129–1136, 2011.
Z. Du, L.N. Tolbert, and J. N. Chiasson, “Active harmonic elimination
for multilevel converters”, IEEE Transactions On Power Electronics,
vol. 21, no. 2, pp. 459–469, 2006.
Kai-Ming Tsang, Wai-Lok Chan, “Single DC source three-phase
multilevel inverter using reduced number of switches”, IET Power
Electronics, vol. 7, iss. 4, pp. 775–783, 2014.
E.Beser and B.Arifoglu, “Yeni bir yaklaşım ile 1 fazlı çok seviyeli
evirici tasarımı”, 3e Electrotech Aylık Enerji, Elektrik, Elektronik
Teknolojileri Dergisi, No. 237, March 2014.

Influence of Rotor Geometry on Back Electromotive
Force and Torque Waveforms of Brushless DC
Motors
Esra Kandemir Beser, Sabri Camur
Department of Electrical Engineering, Kocaeli University
Kocaeli, Turkey
esrakandemir@kocaeli.edu.tr, scamur@kocaeli.edu.tr
Abstract— The influence of rotor geometry for brushless dc
(BLDC) motors considering back electromotive force (EMF) and
torque waveforms is presented in this paper. Two rotor
structures were studied to determine a suitable rotor structure
for BLDC motors. First, back EMF and torque waveforms were
calculated by finite element (FE) analysis. On the basis of FE
analysis, the suitable rotor was chosen for the BLDC design.
Mathematical model of the proposed BLDC motor is constituted
and simulations were performed. Motor prototype was built and
experiments were carried out. Back EMF and torque profiles
were measured and loaded test were realized. Experimental
results were compared to the predicted results. Experimental
study confirms the validity of the analysis method and
mathematical model. Simulation and experimental results show
that the proposed rotor structure gives a suitable BLDC motor
characteristic.
Keywords— Back electromotive force, brushless dc motors, finite
element analysis, torque, rotor geometry

I. INTRODUCTION
New kinds of electrical machines have been proposed as an
alternative to the conventional machines due to the growing
demand in the industry.
Research on the magnet materials brings the improved
performances and decreasing of their cost [1]. Along with the
improvement in the magnet technology, the interest in
permanent magnet machines has increased and the studies on
these machines have accelerated.
Brushless dc motor (BLDC) are an application of
permanent magnet machines. An idealized BLDC motor has a
trapezoidal back electromotive force (EMF) waveform [2]. In
trapezoidal BLDC motors, the square wave stator currents are
needed to obtain a desired constant torque [2,3].
Nowadays, BLDC motors are preferred rather than
conventional dc motors due to a lot of advantages, e.g.,
removing the drawback of brushes, lower size, high efficiency
and easy controllability. Especially owing to the recent
advancement in rare earth magnets, BLDC motors become
efficient and compact compared to conventional dc motors
and induction motors [4]. Due to the significant advantages of
high efficiency, high power density and minimal maintenance,
BLDC machine is preferred for industrial applications [5].
In regard of the advantages of BLDC motors, some
research focuses on designing suitable rotors for this type

motor [6-11]. A rotor pole shape which consists of eccentric
surfaces and uniform surface is presented in [6] to reduce
harmonics of the back-EMF waveform. In [7,9], on the rotor
pole, V shape segmentation of PM in two pieces is
investigated; this situation reduces the torque ripple. Two
rotor configurations as surface mounted permanent magnet
(SPM) rotor and a new interior permanent magnet (IPM) rotor
is presented in [8]. It is indicated that the back EMF waveform
of the IPM motor looks like trapezoidal, while the back EMF
waveform of the SPM motor resembles a sinusoidal shape [8].
Two rotor models are analyzed in [10], the improved model
has a partly enlarged air gap length made by unequal rotor out
diameter and stator core cutting. The improved model has less
harmonic distortion on back EMF compare to initial model
[10]. The optimal magnet shape and magnetization direction
of an anisotropic ferrite magnet for IPM BLDC motor is
presented in [11], the optimal design achieves the increase on
the back EMF.
Influence of magnet shape on cogging torque and back
EMF waveform in permanent magnet machines is deeply
investigated in [12] and it is specified that sinusoidally shaped
magnets result in low cogging torque and a more sinusoidal
back EMF waveform. [13] presents an optimization to
generate a sinusoidal air gap magnetic field corresponding to
number of pole pairs, rotor radius, and magnet thickness.
Electromagnetic performance of permanent magnet
brushless machines considering air gap flux density, the
cogging torque and EMF waveforms and winding inductances
are investigated ensuring similar slot and pole numbers in [14].
It is seen that a high torque density is provided with such
machines.
A new brushless dc rotor design is proposed in this paper as
a different structure from the mentioned studies. Two rotor
versions are studied considering the influence of rotor
geometry on back EMF and torque waveforms. The studied
rotors are presented in Section 2. The shape of back EMF is a
significant parameter on the design of BLDC motors. Hence,
finite element (FE) analysis is carried out to calculate and
attain a trapezoidal back EMF in Section 3. The torque
waveforms are also obtained in the same section. After
determining the suitable rotor geometry for a BLDC motor,
mathematical model is carried out and simulations are
performed in Section 4. In Section 5, motor prototype is

introduced, experimental studies are realized. Finally, the
results of the complete paper are evaluated in Section 6.
II. DESCRIPTION OF ROTOR STRUCTURES
In order to design a convenient rotor for a brushless dc
motor, two rotor geometries were studied. A conventional
stator lamination of an induction motor was used for the
considered rotor structures. Design parameters of the stator and
rotors are given in Table I.
The cross sections of the considered rotor structures are
presented in Fig.1. The configurations consist of a solid iron
rotor having the same diameter. Version 1 has segmented
permanent magnets in per pole. Version 2 is proposed as a new
configuration having the barriers between the magnets.

(a) Version 1

parameters in Table I. After the motors have been modeled,
finite element method is performed for the analysis of the rotor
designs.
First, the back EMF waveforms are predicted by FE
analysis. The back EMF wave forms are presented in Fig.2 at
speed 1500 rpm.
The shape of the back EMF is an important parameter in
the design process of a BLDC motor. Trapezoidal shape is
preferred for BLDC operation since a constant current is
applied with the conduction angle of 120˚ to obtain a constant
torque. The waveforms can be evaluated together with a
theoretical curve to observe the similarity. In Fig.3 back EMF
waveforms are given with theoretically trapezoidal curves.
It can be seen from Fig.3 that Version 1 generates nearly
trapezoidal, Version 2 generates a quite trapezoidal back EMF
waveforms. In addition the maximum back EMF value of the
Version 2 is higher than the Version 1.

(b) Version 2

Fig. 1 Cross sections of considered rotor structures

III. PREDICTION OF BACK EMF AND TORQUE WAVEFORMS BY
FINITE ELEMENT ANALYSIS
In order to analyze the rotor designs, first, models of the
rotor and stator structures are formed according to the design

Fig. 2 Predicted back EMF waveforms of the considered rotors at speed
1500rpm

TABLE I
DESIGN PARAMETERS OF THE STATOR AND ROTORS

Stator
Outer diameter

200mm

Stack length

240mm

Inner diameter

125mm

Number of slots

36

Lamination thickness

0.5mm

Turns per phase

8

Lamination

M400-50A

Winding

Distributed

Outer diameter

123.9mm

Magnet type

NdFeB

Shaft diameter

47.2mm

Number of poles

4

Magnet thickness

5mm

Air gap

0.55mm

Rotors

Fig. 3 Predicted back EMF waveforms with theoretically trapezoidal curves

Fig. 4 Calculated torque profiles at the current value of 20A

After prediction of the back EMF waveforms, the torque
profiles of the proposed rotors were obtained for the steps of 5
rotor mechanical degrees. Meanwhile, two stator windings
were fed with a constant current of 20A. Torque data were
also arranged to realize stator skewing of 15° for smoothing
torque profiles. The torque profiles are shown in Fig.4 and
Fig.5.
As it can be seen from Fig.5 that stator skewing smoothed
the profiles and it did not decrease the maximum torque value.
Considering the results of FE analysis it is seen that
Version 2 gives higher maximum torque value than Version
1at the current value of 20A. Version 2 differs from Version 1
with the barriers between the magnets. This feature makes
back EMF more trapezoidal and increases the maximum back
EMF value and the produced torque.
In order to decide the rotor geometry for designing a
BLDC motor, back EMF and generated torque profiles are
evaluated together. Therefore, the suitable rotor geometry is
proposed as Version 2 since the back EMF of the structure is
considerably trapezoidal and it generates higher torque than
Version1.
The back EMF of Version 2 in Fig.2 is calculated whereas
the stator is not skewed; therefore the back EMF waveform is
calculated for the skew angle 15˚ once again.

Fig. 5 Calculated torque profiles at the current value of 20A for the skew
angle of 15°

Fig. 6 Calculated back EMF waveform of the considered rotor for skw=15˚ at
speed 1500rpm

Calculated back EMF for the skew angle of 15˚ is given
in Fig.6 at speed 1500 rpm. It is seen from Fig.6 that no
remarkable changing occurred on the back EMF of the
Version 2 by skewing the stator. Only the ripples decreased on
the waveform.
IV. MATHEMATICAL MODEL AND SIMULATIONS
Mathematical model of the BLDC motor can be formed in
terms of a,b,c phase variables. The voltage equations of the
BLDC motor can be expressed in matrix form.
Mathematical equations were constituted and machine
parameters were added into the motor model in the simulation
program. Stator winding resistance (Rs) was defined as 0.24 
for each winding. Self-inductance (Laa), mutual inductance
(Lab) and total magnet flux variation (

) were obtained

from FE simulations as a function of the rotor position as in
the following.
( ) = 8.4 + 2.6 cos(2 ) + 0.45sin(2 )

( ) = 2.6 + 1.7 cos(2 ) + 0.4sin(2 )

= 0.215 sin( ) + 0.004 sin(3 ) + 0.0075 sin(5 )
+0.00028 sin(7 ) + 0.0026sin(9 )

(1)
(2)

(3)

The voltage equations of the machine can be written as,
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The electromagnetic torque and mechanical equations can also be written as,
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For simulating the brushless dc motor system, motor drive
and switching algorithm also added to the simulation program.
Motor drive model consists of six semiconductor switching
elements. Switching algorithm is designed considering the
operation of a brushless dc motor. Six switching states occur
in one electrical period. According to the rotor position two
stator windings are energized in each state. Due to this
periodical operation, the motor realizes the torque production.
After completing the model of brushless dc motor system,
simulations were carried out at different loads. Simulated
phase voltage (Va) and current (Ia) waveforms are given in
Fig.7 at the load torque of 9 Nm.
Speed versus torque curve is also obtained by increasing
the load torque up to 15 Nm. Simulated speed versus torque
characteristic is presented together with the experimental
curve in Fig. 13. The efficiency is also calculated as 84.9% at
the load torque of 9 Nm.

(8)
(9)
The motor prototype was built considering the design
information in Table I. Stator stack was skewed with the skew
angle 15˚ in accordance with the results of FE analysis.

B. Experimental Setup and Results
A machine test set was used for realizing the experimental
study. The photograph of the experimental setup is shown in
Fig.9.

Fig. 8 The prototype of the rotor and stator

Fig. 7 Simulation results of phase voltage and current waveforms at 9Nm

V. EXPERIMENTAL STUDY

A. Manufactured Motor Prototype
The motor prototype was manufactured after completing
FE analysis and determining the rotor geometry. The
prototype of the rotor and stator is shown in Fig.8.

Fig. 9 The photograph of the experimental setup

The set has an auxiliary dc machine connected at the same
shaft with the proposed motor. The auxiliary dc machine is
used for rotating the proposed motor at required speed and so

that the induced back EMF is measured. The experimental set
also consists of a disc brake to lock the rotor and a torque
transducer to measure the produced static torque. Stator
winding is fed by a regulated dc source for realizing the static
torque measurements at different current values.
In order to verify the simulations, the motor prototype was
tested on the machine test set and experimental results were
obtained. First, the proposed motor was rotated at speed
1500rpm by means of the auxiliary machine and induced back
EMF waveforms were measured. Measured and calculated
back EMF waveforms of three phases are presented in Fig.10.
It is seen that the experimental results agree well with the
numerical prediction.
The static torque measurements were also realized for the
proposed motor at the current value of 20A. The rotor was
locked by the disc brake and two stator phases were energized
by the constant current value. The generated torque was
measured during the rotor movement of 5 mechanical degrees.

measurements with the FE analysis for the current value of
20A. It is clear that the measured waveforms accurately verify
the FE analysis.
After measuring EMF and torque waveforms, load tests of
the motor were realized. Bus voltage was chosen as 48 V for
the motor drive and the motor was loaded up to maximum
torque value allowed by the experimental setup. Measured
phase voltage and current waveforms are given in Fig. 12.
Measured phase voltage and current waveforms are similar
with the simulation results in Fig. 7. So it can be said that the
mathematical model of the motor and drive system correspond
to the real system.
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Fig. 12 Experimental results of phase voltage and current waveforms at 9Nm
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Fig. 13 Simulated and experimental speed versus torque curves

Fig. 10 Comparison of back EMF waveforms for the proposed motor at speed
1500rpm (a) FE analysis (b) Experimental

Fig. 11 Comparison of static torque waveforms of the proposed motor at 20A
current value

Fig.11

compares

the

results

of

the

static

torque

Experimental and simulated speed versus torque curves are
also shown in Fig. 13. It can be seen from Fig.13 that the
curves are quite similar. The speed characteristic shows a
form that resembles a separately excited dc motor. So the
motor and drive method provides a brushless dc motor system.
The efficiency is calculated as 88.6% from the measurement
results at the load torque of 9 Nm.
VI. CONCLUSION
In this study, a new rotor is proposed for a BLDC motor.
First, two rotor geometries were examined by FE analysis and
a suitable rotor structure was determined for a BLDC motor
considering the back EMF and torque waveforms. Simulation
study was carried out by using the mathematical model of
BLDC and phase voltage and current waveforms were
obtained. Motor prototype was manufactured and a set of
experimental study was realized in order to verify FE

computations and simulations. Back EMF waveforms were
measured. Static torque tests were realized and it was seen
that the back EMF waveforms and torque profiles are very
close to FE calculations. Finally, loaded tests were made;
phase voltage and current waveforms were measured, speedtorque curve was obtained. Measured results agree well with
the simulated curves. Proposed rotor gives a convenient
speed-torque curve for a BLDC motor.
The shape of back EMF plays a significant role on the
design of BLDC motors and in order to obtain a constant
torque a trapezoidal shaped back EMF is required. Version 2
gives a considerably trapezoidal back EMF waveform.
Considering the proximity of simulations and experimental
results, FE analysis and mathematical model are successful
and Version 2 provides a quite convenient structure for using
in a BLDC motor.
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Abstract—In this paper, an automatic process for detection of
various stages of eye retinopathy defects has been proposed. The
approach begins with the application of preprocessing techniques
to the fundus image to reduce the effects of noise and poor
lightening in the image using median filtering techniques and
Gamma processing respectively. Second stage preprocessing was
carried out using canny edge detection and Morphological Closing
before finally the output is fed into the fuzzy c-means segmentation
process. During Fuzzy segmentation four different classes each
containing unique information about the input image are
obtained. These four classes from the fuzzy segmentation are
further analyze to extract various stages of retinopathy
abnormalities (e.g. Hemorrhage, hard-exudates etc.). A method
for optical disc removal based on connected component analysis
was also devised to enable detections of retinopathy stages (e.g.
Hard-exudate) from the outputs obtained from fuzzy c-mean
algorithm. Experiments were conducted on RETDIADB1
database. The experimental results obtained are validated using
the ground-truth images contained in RETDIADB1 database.
Impressive Performance has been recorded using the proposed
approach with an Accuracy of 94.12 %, Specificity of 81.38 % and
Sensitivity of 97.14%.
Keywords—Retinopathy, fuzzy c-means, connected component
analysis, canny edge detection, morphological operation.

I. INTRODUCTION (HEADING 1)
In medical imaging, automatic diagnosis of eye defects
(diabetic retinopathy) from digital fundus images has been an
active research for a very long time. The vast interest vested by
researchers in this field is hugely due to the importance and
excellent potential for new products in the medical industry and
significant reductions in health care costs. Diabetic retinopathy,
also known as diabetic eye diseases, causes severe threat to
human sights and potential loss of vision. The detection of such
abnormalities in the retina is known as diabetic retinopathy and
has become quite significant to be carried out at its early stage
of manifestation. To detect retinopathy, segmentation of blood
vessels becomes paramount and can be acquired through
thresholding each pixel in the image as a vessel or a non-vessel
pixel. According to the study, the blood vessel segmentation
can be broadly divided into two categories: rule-based
techniques and pattern recognition based techniques [1] . Rule
based techniques involve vessel tracking, matched filtering,
mathematical morphology, multi-scale techniques and modelbased approaches [2]. On the other hand, pattern recognition
based techniques involve supervised and unsupervised
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techniques which include clustering and classification of data
which groups the pixels as vessel or a non-vessel pixel.
An unsupervised method does not require any prior
information such as trained data as in the case of supervised
methods. These methods include the clustering techniques
which groups the data into clusters. Hassanien et al [3]
suggested the approach in which artificial bee colony
optimization is used simultaneously with fuzzy cluster
compactness fitness function with partial belongness in the first
level to find coarse vessels. This technique uses two level of
clustering. In the first level, artificial bee optimization is applied
on the fuzzy c-means objective function to obtain the blood
vessels. In the second stage, the cluster center is further
enhanced using local search to retrieve the blood vessels which
are thin and small in diameter. The most of the thin vessels are
extracted as compared to other methods.
The future work can be extended to focus on the extraction
of the small diameter and thin vessels more precisely to attain
the accurate segmentation results. Emary et al [4] uses
possibilist fuzzy c-means clustering method to overcome the
difficulties of conventional fuzzy c-means objective function.
To obtain the efficient results with proposed clustering method,
a cuckoo search method is used. The cuckoo search method is
used for the purpose of optimization of possibilist fuzzy cmeans clustering method. The results are obtained using
DRIVE dataset and are able to achieve accurate results and
detect the exudates, hemorrhages and pigment epithelium
changes.
The supervised methods depend on the pre-classified data. The
pixels are classified into the vessel and non- vessel pixel using
the trained data obtained from manually- labelled samples. If
the image is not prone to any disease, this method is considered
appropriate than unsupervised method as training data provided
help in achieving the higher performance. However, supervises
techniques are sensitive to false edges. Roychowdhury et al [5]
presented a three- stage retinal blood vessel segmentation
algorithm. Firstly,
a threshold binary image is obtained by high pass filtering and
the other binary threshold image is obtained by tophat
reconstruction of the red regions in a green plane image. Then
the common regions from the two binary images is extracted
and combined. Secondly, classification is applied to the image
obtained after merging. Finally, all the pixels classified as
vessels are combined with major vessels to get the vascular
structure. Further, enhancing of image is performed using postprocessing techniques. The proposed method segments the

major vessels and the fine vessels accurately. It has low
dependency on the training data and involves fewer
computations. In continuation, the work can be extended to
detect neo-vascularization in the retinal region, and to reduce
false positives while detecting red lesions.
Franklin et al [6] proposed a method to identify the retinal blood
vessels with the help of multilayer perceptron neural network.
In this technique, the input is derived from the three color
components
In this papert, an automatic process for detection of various
stages of eye retinopathy has been proposed. The proposed
techniques was implemented on DIARETDB1 fundus image
database. The method include extractions of the blood vessels
and optic disk from the fundus image. Combined with results
from fuzzy c-means clustering, various categories of
retinopathy were analysed and detected. The paper is arrange
into sections as follows: Section I contains introduction with
review of literature whereas section II presents some theoretical
background of the algorithms used. In section III proposed
approach is presented while sections IV and V contain
experimental results and Conclusion respectively.
II. THEORETICAL BACKGROUND
In this section a number of algorithms relevent to the proposed
approach are disccused in summary.
A. Fuzzy C-means (FCM)
Fuzzy clustering techniques is kind of soft decision
classification approach whereby a data point is allowed the
flexibility of belonging to morethan one classes with different
degress of membership to each data class or cluster. It is
essentially a kind of unsupervised learning algorithm and one
of the well known variant of this algorithm is fuzzy c-means
(FCM) clustering.
Consider a dataset X with n data points belonging to a data
space with an s dimension as:
𝑋 = {𝑥1 , 𝑥𝑛 , … . . 𝑥𝑛 } ⊆ 𝑅 𝑠

that the sum of degress of membership of each data point 𝑥𝑖 in
all the clusters equals to unity:
𝑐

∑ 𝑢𝑖𝑘 = 1
𝑖=1

0 ≤ 𝑢𝑖𝑘 ≤ 1

(4)

The center of each cluster is also updated at each iteration as
given by (5).
𝐶𝑘 =

∑𝑛𝑖(𝑢𝑖𝑘 )𝑚 𝑥𝑖
⁄∑𝑛(𝑢 )𝑚
𝑖𝑘
𝑖

(5)

The membership matrix and the clusters centers are continously
updated within the constrant () as the objective function is
minimized through the iterative means.
B. Connected Component Analysis
Connected Component Analysis algorithms are applied to
colored, grayscale and binary images [8]. Initially, the entire
image is scanned, pixel by pixel, row-wise and column-wise
from the top to left and down to the right bottom corners. If any
group of connected pixels shares equal or similar designated
pixel intensity values are labeled as object in the output image.
Each set of distinct connected pixels have a distinct label in the
output image. In a binary image, any pixel encountered during
the scan and found to have value of ‘1’ is an object pixel while
‘0’ value indicates non-object pixel. In grayscale a certain range
of intensity value (i.e., 0-50, 60-80) can be assigned to indicate
object pixel and any pixel with intensity within that range is
written as an output object. Modification to the algorithm
makes it possible to operate on RGB color spaced images at
different level of connectivity i.e. 4 and 8 neighborhoods
connectivity. Figure 1 shows an example of CCA algorithm on
a binary image with 4-neighborhood connectivity to extract
Binary Large Objects (BLOBs).

(1)

The objective of the fuzzy c-means is partition the data points
into k number of clusters by minimizing an objective function
𝐽(𝑈, 𝐶), where 𝑈 is the membership matrix and 𝐶 is the clusters
center vector:
𝑛

𝑐

𝐽(𝑈, 𝐶) = ∑ ∑(𝑢𝑖𝑘 )𝑚 ‖𝑥𝑖 − 𝐶𝑘 ‖2
𝑖=1 𝑘=1

(2)

Where by the term ‖𝑥𝑖 − 𝐶𝑘 ‖2 is the euclidean distance of each
data point from the centers 𝐶𝑘 of the k clusters. This distance
measure could be replaced by any convenient distance metric
operator [7].
The membership function matrix 𝑈(𝑢𝑖𝑘 ) is given by (3)
𝑘

𝑢𝑖𝑘 = (∑(‖𝑥𝑖 − 𝐶𝑘
𝑗=1

2
‖) ⁄(𝑚−1) )

−1

(3)

Where m is any positive integer and can be freely set. The
necessary condition for the membership function matrix is such

Figure 1: 4-neighborhood connectivity operator.

Each labeled connected component object is treated as a
unique BLOB and is stored in a vector with its labeled values
and corresponding indices. For each object in the CCA vector,
numerous geometrical features are computed. These features
include the area, perimeter, centroid, eccentricity and so on for
each object which vital for different analysis.
C. Morphological Operation
Morphological operation, in the context of computer vision,
refers to the operation carried out in two dimensional (2D)
spatial domain of an image to describe the properties, shapes

and area of objects on the image plane [8]. The operation
becomes useful in the processing task of a set of points to reveal
vital features of an object. The set of points in the image spatial
domain represents an object. Four major Morphological
operators include; Dilation, Erosion, Opening and Closing.
While Dilation increases the size of the image, Erosion thins the
image. Morphological Opening and Closing are compound
operators which allow to fill an inner hole or help in getting rid
of a small fragment on the image, respectively [8]. The two
major inputs to the Morphological operators are the input image
and, a specially created image called, Structural Element (SE).
The choice of the SE is arbitrarily and mostly depending on the
type and the nature of the operation intended. In most instances,
SE is much smaller than the processed image since it is a form
of area description of sets of binary points (object) within the
image plane [8, 9]

Original

R Chanel
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III. PROPOSED APPROACH
The proposed approach can be categorized into two major
classess thus: (a) preprocessing and feature segmentaion (b)
Detection and classification. Under this this section the
preprocessing and feature extraction are explicitly explained.
A. Preprocessing
The main concept behind preprocessing of an input image
is to improve its quality and reduce noise. This process has
become vital in numerous images processing algorithms due
trim down the inherently induced noise in the process of image
acquisition which may be connected to the environment upon
which the image is being acquired or due to the device which is
being used for acquiring the image. For instance, uneven light
distribution on the background scene or reflection from a shiny
object distorts the content of an image. Similarly, during the
acquisition process the capturing device (i.e. camera) may
introduce noise during quantization and read-out.
In the preprocessing used here, initially the color fundus
image is separated into its three constituent R.G.B color
channels (Fig. 2). From the various researches presented on
retina image processing, all have indicated that the most
relevant and efficient representation of the blood vessels pattern
on the images is contained in the Green channel (G-channel) of
the of the R.G.B retina image [10]. Hence G-channel is used for
for feature segmentation while the R-channel is also used for
optical disk extraction since its more discernible in the Rchannel.
In both R and B channels median filtering is applied to them
to reduce the effect of noise. To mitigate the effect of poor
contrast in the image. Power Law (Gamma) transformation
which is a pixel-wise operation changes the intensity value of a
particular value based on the Power Law (Gamma)
transformation equation in (6).

𝑠 = 𝑐𝑟 𝛾

(6)

Where r is the input pixel I(i, j), 𝑠 is the new transformed
value of r and c and 𝛾 are positive constants

Figure 2: Channel Sepration from the fundus image

Input Image

Gamma Transform

Figure 3: Gamma Transformation

B. Optic Disk extraction
The optic disk represents the optic nerve head, and it is the
brightest region in the retinal fundus image where blood vessels
converge. Locating Optic disk becomes important in the
proposed approach as it provides useful information in the
determination of defects in the fundus image. The red channel
of the original fundus image is use for extracting the optic disk
[11]. Initially the pixel with highest intesity value is determined
and then a simple thresholding is performed to convert the gray
image into binary. The thrshold is determined by setting all
pixels whole intensity value is greater than the 85% of the
maximum intensity pixel value in the imaage to logical 1.
Whereas those pixels with intensity value less than 85% are set
to logical 0.
The thresholded binary image may contains some noises and
false detection of the optic center regions. To determine the true
optic disk, it is further subjected Connected Component
Analysis (CCA) and regions props. During the region props for
evey Binary large Object (BLOB) in the image three features
are computed (Essentriciy, Center and Area). The Area value is
used to remove smaller particles whose are mainly noise.
Moreover blobs with very large area far bigger than what an
optic disk may contain are also removed. Finally the remaining
blobs, if more than one reamains, the actual optic disc is is
giving by the one with list Essentricity value. Essentricity is

used to to give a round shape or sphere feature. Since the value
ranges from 0 to 1 and the lower the value the more circular or
spherical an object is. Finally Centroid property of the blob
which represents the optic disc is used to retrace optic disk with
fixed radius. Figure 6 shows optic disk detection in
DIARETDB1 for two different images.

(a)

Cluster 1

Cluster 2

Cluster 3

Cluster 4

(b)

Figure 5: clusters segmentation using Fuzzy C-Means (FCM)

( c)

(d)

Figure 4: Optical disk detection (a) Original fundus image with
detected optic disk; (b) Red channel of original; (c) Results of (b) after
thresholding removal of false objects; (d) detected optic disk with
redrawn region

C. Segmentation
To achieved this, firstly canny edge detection is applied to
the image to give a rough estimate of the edges of the vital
objects within the image. The canny edge detection comes at
cost the image is left behind is hollow and need to be refilled to
re-introduce some of the vital information removed by the
operation. In order to achieve that, a process known as
Morphological Closing was used to fill in the hallow image
produced by canny. The Morphological closing is basically a
Dilation process followed by erosion. The output of this
operation is fed into the Fuzzy C-Means (FCM) Segmentation
process. Four clusters are formed from the FCM which are
subsequently used for the detection and classification stage as
shown in Fig. 5.
D. Detection and Classification
It is interesting to note that the four clusters have all the
important features associated to the retinopathy diseases and
they share correlations among themselves. For example, the
cluster number 4 contains all the blood vessels in the original
fundus image. Similarly, cluster 4 is exactly equals to the
negative of the AND gate summation of the remaining 3
clusters. Therefore, most of the detection and classification of
the various stages in retinopathy are drawn from these clusters.

E. Exudates detection
These are lipid parts of the retina defects which are
yellowish and bright. To extract Exudates from the cluster
results, cluster 1 is noted to have contained all the information
related to it and optic disk. The trick here is to locate and
remove optic disk from the cluster. This is realized using the
procedures proposed for detection of optic disc. The exudates
are extracted from cluster 1 by applying AND gate between the
binary image of cluster 1 and the negative of the optic disc
image.

(a)

(b)

Figure 6: Exudates detection (a) cluster 1 result (b) Exudates after
removal of Optic disk.

F. Micro aneurysms and hemorrhage Detection
Micro-aneurysms are the first detectable abnormalities in
diabetic retinopathy which are local distensions of the retinal
capillary and which cause intraretinal hemorrhage when
ruptured. Micro-aneurysms eventually grow bigger and rupture
in to a hemorrhage which is an internal bleeding of blood.
Micro-aneurysms and hemorrhage can be extracted from the
FCM cluster results in Fig 5 by using the cluster number 4.
Since the cluster group classify both the blood vessels and
micro-aneurysms in the same class it is important to remove the
blood Bessel first beforehand. Here to detect these classes the
cluster 4 is inverted to obtain its negative. The results now are
used to remove the largest blob in the image which simply
represent the blood vessels. Finally, from the remaining result,

the detected exudates in Fig. 6(b) is also subtracted from the
results to get the micro-aneurysms hemorrhage classes.
IV. EXPERIMENTAL RESULTS
The entire process was carried out on a public database
DIARETDB1. The DIARETDB1 consists of the database
consists of 89 colour fundus images of which 84 contain at least
mild nonproliferative signs of the diabetic retinopathy and 5 are
considered as normal which do not contain any signs of the
diabetic retinopathy according to all experts participated in the
evaluation
The images were taken in the Kuopio university hospital.
The images were selected by the medical experts, but their
distribution does not correspond to any typical population.
During the experiments all sample fundus images were used in
accordance to the proposed procedures to finally obtain four
clusters for each samle fundus image. The evaluation of the
results are based on the stages of the diabetic retinopathy
developments (e.g micro-aneurysms, haemorrhage, exudates,
e.t.c). since groundtruth results are supplied in the database,
these groundthruth images are used to compute the accuracy of
the proposed method.
A. Evaluation
To evaluate our findings of the proposed approach,
harming distance was computed between the results obtained
using the proposed method and the grounfdtruth results
supplied by the database which was obtain from the medical
experts. Correlation was computed between the groundtruth
and the obtained results. Base on the correlation values some
stardard performance metrics were used to compute the
Accuray, sensitivity and Specifity of the obtained results from
the DRIVEDB as contained in table.
Both the Accuray, sensitivity and Specifity are
computed using the relations belows:
𝐴𝑐𝑐𝑢𝑟𝑎𝑐𝑦 =
𝑆𝑝𝑒𝑐𝑖𝑓𝑖𝑡𝑦 =

(𝑇𝑃 + 𝑇𝑁)
(𝑇𝑃 + 𝑇𝑁 + 𝐹𝑃 + 𝐹𝑁)

(𝑇𝑁)
(𝑇𝑁 + 𝐹𝑃)

(7)
(8)

(𝑇𝑃)

𝐴𝑐𝑐𝑢𝑟𝑎𝑐𝑦 = (𝑇𝑃+𝐹𝑁)

(9)

Where 𝑇𝑃 is the True positive samples, 𝑇𝑁 is the True Negative
samples, 𝐹𝑃 is the False Positive samples and 𝐹𝑁 are the false
Negative samples.
Table 1: Experimental results
Defects
Accuracy
Exudates
94.12 %
Hemorrhage
91.89%

Sensitivity
81.38 %
82.55 %

Specificity
97.14%
96.10%

V. CONCLUSION
A new method for detection and evaluation of retinal
diabetic has been proposed. The proposed method provide a
comprehensive front to through the segmentation process and
classification. The efficiency of the method has been validated
by the impressive results obtained from the experimental
results.
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Abstract — This paper presents and introduces usable new
dc-dc converter topologies and control methods at renewable
energy applications such as photovoltaic (PV), wind energy and
electric vehicles (EVs). Design of circuit elements and control
algorithms of these topologies are defined theoretically. Three
phase and modular architectures are also investigated for high
power systems. Lastly, their performance analysis are compared
with efficiency values at buck and boost modes for these renewable
energy applications.
Keywords — DC-DC converters, topologies, control methods,
renewable energy applications, photovoltaic energy, wind energy,
electric vehicles.

I. INTRODUCTION
In recent years, renewable energy applications are
commonly used against fossil fuel energy to prevent global
warming. Thus, performances of some usable equipments in
these applications play an important role in order to increase
efficiency of the all system. In this frame, especially proper
operation of converters such as dc-dc, dc-ac and ac-dc
converters provide efficient power transformation from source
to load side or if the converter is bidirectional type, it can
operate from load to source. It will be better to illustrate this
with an example, power can be transformed to grid from
batteries of electric vehicles for smart homes and this power
can be used for house equipments. This operation is called by
Vehicle to Grid (V2G) [1,2]. On the other hand, unidirectional
dc-dc converters can be connected between photovoltaic (PV)
panels and battery packs or directly to the load side at solar
energy applications [3,4]. But, some dc-dc converters should be
connected ac-dc rectifiers for wind turbines at wind energy
applications before combining to the load [5].
In the light of such information, high power, isolated,
unidirectional, bidirectional, modular, multilevel, multi-port
and three phase dc-dc converter topologies that are used in
renewable energy applications, are introduced with their
circuits and control methods at classification section.
Moreover, their theoretical analysis such as calculation of
circuit parameters and simulation or experimental results are
compared each other. Finally, it is defined that which topology

is available for each renewable power system and efficiency
improvement techniques are explained at conclusion section.
II. CLASSIFICATION OF DC-DC CONVERTERS
There are various topologies in dc-dc converter literature.
Firstly, they are separated isolated and non-isolated. While
isolated topologies use transformer, non-isolated topologies do
not use the transformer.
High frequency transformer, dc link capacitors and auxiliary
inductor are connected with switching elements in the simple
isolated dc-dc converter model at [6]. These converter models
are operated with renewable energy sources or only singularly
operated in literature. Moreover, if low voltage levels can be
transformed at the converter, metal oxide semiconductor field
effect transistors (MOSFETs) should be used.
Especially, in electric vehicle applications, these switches
are appropriate for the system. But if high voltage levels can be
transformed at the converter, insulated gate bipolar transistors
(IGBTs) should be used. However, some studies as [7] use
different topological changes, connect these IGBTs to improve
efficiency of the system. For example, current controlled
converter is combined to variable inductor in this topology.

A. Bidirectional H-Bridge DC-DC Converters
Simple circuit model of isolated unidirectional dc-dc
converter is introduced at [8] in 1978 and this model that is still
used, did not change in time. It is operated with conventional
pulse width modulation (PWM) signals and PI based single
phase shift (SPS) control method.
Its parameters such as dc link capacitors and auxiliary
inductors are calculated by below formulas according to input
– output voltages transformation.
In this system, two dc-link capacitors have to be used for
obtaining stable voltage level but one or two auxiliary inductors
can be connected beginning and end point of the transformer at
[6].
Fig. 1. shows the current topology at [6,9] for bidirectional
power transmission. Thus, these auxiliary inductance
calculation can be changed. This alteration are also explained
at below formulas according to use one or two auxiliary
inductors in the topology.

I12 

(V1 V2 )  (V1 V2 )(   )
2L

(7)

If V1=V2, there is not any snubber loss on the switches and
zero voltage switching (ZVS) is achieved for increasing the
performance of the converter.

B. Multiport Resonant DC-DC Converters
Fig. 1. Circuit Topology of Single-Phase H-Bridge Bidirectional Isolated
Buck-Boost DC-DC Converter

Transforming power is dependent on input – output power,
total inductance value and phase-shift angle.
(1)
−
wL
where w=2πf is the switching angular frequency of the two fullbridge converters, and L is the total summation of the
transformer leakage inductance Ltrans and auxiliary inductors L1
and L2.
In addition, the basic capacitor equation which is known.
Capacitor current, ic can be expressed as capacitor value, C
times derivative of the voltage across this capacitor, Vcap.

Additionally, similar model is firstly studied at [10]. This
topology has one input - three outputs transformer and one
switch for creating a power supply with multiple dc outputs.
Thus, this study is interpretable as ancestor topology of present
multi-port dc-dc converter that can be two bridge or half bridge
structure [11]. Fig. 2. demonstrates the new type of multiport
and resonant dc-dc converter for half bridge topology.

=

icap  C

dVcap
dt

(2)

Extracting the capacitance C can be calculated as;

C

icap dt

dV cap

(3)

Cinput 

I LTsw
8Vo

(4)

Coutput 

I 0 DTsw
Vo

(5)

(V1 V2 )  (V1 V2 )(   )
2L

(6)

Also, high (I11) and low (I12) limits of the current that pass
through from L1 or L2, can be calculated as (6) and (7).

I11  

2
L2 C2

S1H
C1

L1

#2
#1

1

Lm

S2L

#3

L3 C 3

S3H

S1L

3
S3L

At equation (3) dVcap is voltage ripple across the capacitor
and it is known for a design. Generally, small capacitor values
give rise to bigger voltage ripple and this bigger voltage ripples
cause to transfer more harmonics at the ac side load. Therefore,
both small capacitor and low harmonics to the load are
necessary. Obviously, a contradiction occurs and designers
should consider this condition.
However, the ripple voltage of the converter is generally
determined and the equation (4), (5) can be used for buck and
boost modes in order to calculate input and output capacitors.
In this way, creating of two capacitor values is possible if it is
used C1=Cinput, C2=Coutput for buck mode and C1=Coutput,
C2=Cinput for boost mode.
Input capacitor (Cinput) and output capacitors (Coutput) are
calculated as;

And

S2H

Fig. 2. Multiport Resonant DC-DC Converter, based on multi-winding medium
frequency transformer, distributed resonant tank and half-bridge power stages

Generally, it is used for providing different voltage levels at
input - output ports of the converter (V1  V2  V3) and
different power ratings (P1  P2  P3). Thus, medium
frequency transformer turn ratios also different (n1  n2  n3).
Each resonant tank includes as pair of (Li ; Ci) and Li is defined
as leakage inductance of the winding i.
This converter can operate as a simple DC transformer
without any control algorithm. In this way, these ports are
acting as a simple diode rectifier that produce different voltage
levels. If the converter operates near and below resonant
frequency (fsw<f0), ZVS of the switched port and zero current
switching (ZCS) of passive rectifiers are achieved.
Converter operates according to 2 main operation. First one
is one port acts as a source and other two ports act as a load
(Mode A). Secondly, the other operation mode is two port act
as a source and the other port acts a load (Mode B).
In the Mode A, S1H and S1L are switched, while the other
switches of 2 and 3 ports are turned off and parallel connected
diodes (D2H, D2L, D3H, D3L) are used for passive rectification.
S1H and S1L are operated according to this frequency condition
( fsw = fn f0 ) and ( fn < 1 ) with constant duty cycle, 50%
(includes dead-time). This operation is easily overcomed
without any extra calculations.
In the Mode B, port 1 and 2 are supplying to port 3. Switches
of port 1 (S1H, S1L) and switches of port 2 (S2H, S2L) should be

switched synchronously with the same switching frequency.
Similar operation to Mode A, switches of port 3 are turned off
and only the passive components are used for rectification.
Therefore, resonant tank design must be done correctly in order
to obtain successful results from the Mode B.
Li, Lm and Ci values are needed to calculate for resonant tank
design. Thus, the converter is operated close to the resonant
frequency f0 and first harmonic approximation should be
considered.
Resonant current (IACi) and resonant voltages (VACi) of each
port are estimated from their DC values by using switching
frequency fsw and magnitude VDCi/2 are approximated by their
first harmonic.

V AC (t ) 

2



V DC sin( 2f sw t   V )

power system. Fig. 3 shows these iM2DC and ISOP DAB
topologies.

(8)
(a)

I AC (t )  I DC sin( 2f sw t   i )
(9)
Then, DC loads are modelled as resistors and are referred
through rectifiers to equivalent AC loads.

RDC 

2
VDC
P

;

R AC min

RAC 

2

2

DAB1

RDC ;

DAB2

(10)

2
2VDC
 2
 Pmax

Udc

U’dc
DAB3

Moreover, the behaviour of the resonant tank can be
explained by using the quality factor Q that is defined as ratio
of the tank impedance Zr and the effective AC load RAC.

Q

Zr
RAC

Zr 

Lr
Cr

(11)

Evaluation of the allowed range of Q has been already
investigated at [11,12].
Additionally, multiport dc-dc converters are used these
renewable energy applications [13,14]. They can be operate
bidirectional or unidirectional.

DABi

U’dc
n

#1

#2

Udc

C. Modular Multilevel DC-DC Converters
In literature, there are lots of publications about isolated
modular multilevel dc-dc converters (iM2DCs) for renewable
energy applications [15-17]. Especially, they are used for PV
and wind energy. Because, a modular design is attractive due
to reduced cost, convenient maintenance, voltage rating scales
and easier voltage balancing compared to the series-connected
design. Thus, high power density and high power applications
prefer these topologies. Moreover, iM2DC topologies are
rearranged according to application demands. For this reason,
they have lots of modules, different voltage levels and
connections. Input series – output parallel (ISOP) type and
input parallel – output series (IPOS) type are the most
commonly used topologies in iM2DCs. From the current
topologies, reference [18] investigated comparison of dual
active bridge (DAB) ISOP and iM2DC that consists of two
MMCs linked with a medium frequency transformer between a
6 kV medium voltage bus and 1 kV low voltage bus at 300 kW

(b)

Fig. 3. (a) iM2DC topology (b) ISOP DAB topology

Design parameters, passive components and switching
frequency selection of these converters are explained at [18].
In addition, some studies that can be multiport modular
multilevel DC-DC converter, double wye DC-DC modular
multilevel converter and three phase modular multilevel DCDC converter, change the converter topology in order to meet
the needs [19-21]. Furthermore, their control methods can be
used PI based PWM signals for switches or phase-shift control
methods such as single phase shift (SPS), extended phase shift
(EPS), dual phase shift (DPS) and triple phase shift (TPS).

III. CONCLUSION
Consequently, isolated bidirectional DC-DC converters can
be used for transferring power to both directions such as battery
connected PV and EV applications. On the other hand,
unidirectional DC-DC converters can be connected with
rectifier circuits in wind energy systems for transferring power
AC to DC. For high power systems, switching elements should
be chosen carefully because of avoiding power losses. In this
way, snubber capacitors can be connected parallel to switches
to prevent this condition and provided ZVS and ZCS operation.
Additionally, experimental and theoretical analysis show that
new switches and transformer productions increase the
efficiency of power systems via decrease the winding and
switching losses.
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Abstract— In this work an electronic nose system is developed for
early detection of lung cancer. In order to sense cancer-related
Volatile Organic Compounds in human breath, 8 Metal Oxide
Semiconductor and 14 Quartz Crystal Microbalance gas sensors
are used in this system. The aim of this study is to distinguish from
each other two classes which contain of healthy people and lung
cancer patients by using this system. In this paper only QCM
sensor data are analysed. Features extracted from QCM sensor
data are classified by using k-Nearest Neighbour, Artificial Neural
Networks and Linear Discriminant Analysis. As shown in results,
best total accuracy value of classification are obtained as 82.93%,
75.42%, 77.14% are obtained with use of k-NN, ANN and LDA
respectively.
Keywords—Lung Cancer; Quartz Crystal Microbalance Sensor;
Volatile Organic Compounds; Electronic Nose, Classification.

I. INTRODUCTION
Electronic nose devices are currently used in many areas,
such as agriculture, transport, cosmetics, food, beverage,
medical, military and environmental applications. [1].
Although some features of the human nose are superior to
the electronic nose, some of its features are weaker than
electronic nose’s. For example, a human nose can distinguish
more than 10,000 of smells by its odor detectors, but it can’t
detect certain odors such as carbon monoxide and carbon
dioxide. Also, when human nose expose to an odor for a long
time, it is tired and can’t perceive this odor more [2].
Electronic nose devices have three main components, these
are sensor unit, electronic unit and pattern recognition unit.
The sensor unit generates electrical signals that depend on
the properties of the chemical components applied to the
electronic nose. If the odor applies to system, according to
sensors type in sensor unit, capacitances, conductivities or
frequencies of sensors change. The target gases can be perceived
more accurately by selecting the most sensitive sensors for
volatile organic compounds (VOC) to be detected [1].
The electronic unit, which consists of transformers, filters
and oscillator circuits, is a part where the electrical signals are
obtained properly. The last unit is pattern recognition
processing. This process is defined as identification and
classification of odors by using the attributes determined from
electrical signals.
Volatile Organic Compounds are transported through the
blood to the lung and removed from body by respiration. These

compounds in human breath provide important information
about different processes in human body. For different diseases,
the organic compounds that come up with the function of the
diseased organ will be different. Thus, the concentration of
volatile organic compounds found in the breaths of patient will
be different from those found in the breaths of healthy people.
Therefore diseases can be detected by examining these changes
in the human breath. Pauling et al. first reported about analysing
human breath with Gas Chromatography/Mass Spectrometry
and they find out that some mixture of VOCs is related with lung
cancer [3]. Many studies have been performed in order to
specify relation between VOCs in human breath and certain
diseases. Kaji et al. reported that concentration of sulfur and
sulfur containing substances in human breath is related with
lives disorders [4]. While, alkanes, alkane derivatives and
benzene derivative in breath are identifiers of lung cancer,
various amines are identifiers of uremic diseases [5].
Lung cancer is the most deathful cancer type among others.
The number of lung cancer related deaths are greater than sum
of the number of colon, breast and prostate cancers related
deaths [6]. If lung cancer can’t be diagnosed at early stages, the
5 year survival rate can drop to 15%. However, early detection
of lung cancer can improve 5 year survival rate up to 50%. These
rates show importance of early detection and treatment of lung
cancer [7]. Concentration amount of some VOCs in breath of
patient differ from concentration amount in healthy person’s
breath. For lung cancer, volatile organic compounds found
densely in the breath of patients are Styrene, Decane, Isoprane,
Benzene, Undecane, 1-Hexane, Ethanol, Toluene, Benzene
1,2,4, Trimethyl, Propylene, Heptane, Hexanal, Heptanal,
Aseton [8]. These VOCs can be detected and identified
accurately with Gas Chromatography/Mass Spectrometry, Ion
Flow Tube, Mass Spectrometry and Infrared Spectroscopy.
Since these methods are slow and expensive and complex
devices, they are not proper for clinical use. Also human breath
must be condensed for these analyses. However, E-noses are
low cost, easy use and have high accuracy [9].
The rest of this paper include following topics. In section 2
materials used in this study were explained. In section 3,
processes about acquiring data and pattern recognition is given.
Last in Section 5 obtained results are given and analyzed.
This study is carried out within scope and support of
Scientific and Technological Research Council of Turkey
(TÜBİTAK).

II. EXPERIMENTAL STUDY
In this section, first the structure and components of the
developed electronic nose system are explained. Then the data
pre-processing, feature extraction and pattern recognition steps
are explained.

A. Experimental Setup
Developed e-nose system is given in Fig 1. As is seen Fig 1,
developed system consist of 8 parts. Before and after
transmission of breath samples to sensors chamber, system is
cleaned with dry air (1). Tedlar bags (2) are used for storage of
breath samples from lung cancer patients and healthy people.
Valves (3) are used to control the flow of dry air and breath
samples in certain periods and certain ways. The QCM and
MOS sensor chambers (4, 5) contain sensors sensitive to lung
cancer related VOCs. The electrical signals obtained with the
help of the MOS sensors are transferred to the computer (7) via
the data acquisition card (6) that also controls the valves.

Fig. 1 Developed E-Nose system

MOS sensors used in this work were specified by searching
literature. These sensors are most sensitive ones to lung cancer
related VOCs. QCM sensors with different nominal frequencies
and sensitive to target VOCs are obtained from TUBITAK
Marmara Research Center Materials Institute free of charge.
Structure of a QCM sensor used in this study is given in Fig. 2.
QCM sensors work based on mass difference on polymer
sensitive coating. When the odor applied sensors, target gases
are absorbed by sensitive layers, therefore frequency of signals
produced by QCM sensor are changed. Definition of frequency
change of QCM sensors is given in equation (2).
∆

∆

(2)

Fig. 2 Structure of a QCM sensor [10].

In this equation, ∆ , , , and ∆ represent frequency
change of produced signal, mass sensitivity constant of the
quartz crystals, nominal frequency of sensor, area of sensitive
material and mass change respectively.
QCM sensors were placed in QCM sensor chamber. In this
study two QCM sensor chamber were used and 8 sensors can
be placed in each chamber. One of placed sensors is reference
sensor and frequency deviations of other seven sensors are
transmitted to computer during experiments. An experiment for
analysing breath samples consists of 4 steps. First sensors are
cleaned with dry air for 100 sec in the pre-purging stage. Then,
breath samples in tedlar bags are transfered to the sensors
chambers for 40 sec. Then, the valves located at the input and
outputs of the sensor chambers are closed for 30 sec, therefore
in this time interval breath samples are captured in the sensor
chambers. Last, in post-purging stage, sensors are cleaned
during 140 sec for the next experiment. Totally an experiment
is completed in 310 sec.
In this study, breath samples were taken from 11 lung cancer
patients who were treated at Hospital of Faculty of Medicine of
Karadeniz Technical University and 5 healthy people.

B. Signal Pre-Processing
In e-nose studies sensor drift is one of the most important
problems. In order to overcome this problem, reference
smoothing (manipulation) method frequently used [11]. In this
study, the reference correction (baseline manipulation) process
was applied to the data obtained from the sensors. Baseline of
QCM is reshaped with use of equation (1) and equation (2).
, ,

,

,

,

0

(1)

In equation (1) , ,
describe raw frequency data. While
0 is nominal frequency of QCM sensors.

Raw and Pre-processed signals of QCM data can be seen in
Fig. 1 and Fig. 2 respectively.

Since totally 35 experiments were performed, feature matrix
has (35x7) dimension.

D. Classification of Data

Fig. 1 Row QCM data.

Fig. 2 QCM sensor data with baseline manipulation

C. Feature Extraction and Selection
In this study, since only QCM sensor data are used for
classification, features were only extracted from these data.
Before extracting features, different between lung cancer
patient and healthy people data is analyzed carefully, then it is
decided to using following features.
 Area between QCM6 and QCM14 sensors
 Area between QCM2 and QCM11 sensors
 Area between QCM9 and QCM11 sensors
 Area between QCM14 and QCM7 sensors
 Slope of QCM11 sensor in 100-140 sec interval
 Slope of QCM6 sensor in 100-140 sec interval
 Maxium value of QCM5

Although classification algorithms have some strong
properties, some of its properties can be insufficient. A
classification algorithm can successfully classify certain data,
but this algorithm may not classify another data accurately.
Therefore, while data are analyzed, multiple algorithm must be
used and algorithm with best classification success rate must be
determined. In this study for classification of e-nose data, k-NN,
LDA and ANN classification algorithms were used. First
algorithm k-NN is a nonparametric and independent from
probability density of data. With this method, dimension of test
data that will be classified is measured and data is assigned to
proper class [12].
Another classification algorithm used in this study is LDA.
This method is used commonly in literature. With this method
test data is mapped to a “W” vector. While “W” is being
determined, it must be considered that variance of interclass
must be minimum, variance between classes must be maximum
[13].
Last classification algorithm used in this study is ANN.
ANN are specially developed as data processing algorithm and
have the ability of deriving new information and discovering
information through learning that the human brain can perform.
Because of these features, it is used extensively in many areas
from classification to estimation, from pattern recognition to
optimization. [14]. However, depending on the nature of the
problem being solved and the data structure, choosing the best
network parameters and learning methods can be time
consuming.
Success rate of classification is tested with 5-fold cross
validation method. With this method data divided to 5 parts and
one of those parts is selected as test data and other 4 parts are
selected as training data. In classification with k-NN algorithm,
“k” and distance measuring methods are changed, in order to
specifying best “k” value and distance measuring method. In
order to specifying best classification parameters with ANN
algorithm, activation functions of neurons in hidden and output
layer are changed. This process is repeated 20 times and
maximum, minimum, average and standard deviation values of
classification successes were calculated.
III. RESULTS
In this paper an electronic nose system is developed in order
to early diagnosis of lung cancer by breath analysis. Data
obtained from developed system are first classified with k-NN
algorithm. In order to determine optimum parameters of
classifier, different number of neighbourhood values and
distance methods were used. Success rates obtained with k-NN
algorithm are given in Table I. These rates are given in “Total

Accuracy-Specificity- Sensitivity” format. In this table, results
with maximum success rates are given.
The other classification algorithm used in this study is Linear
Discriminant Analysis. Results obtained with LDA algorithm
are given in Table II.

When classification success rates are analyzed, best total
accuracy and specificity is obtained with k-NN algorithm with
82.93% and 60.00% respectively (k=1, Euclidean Distance
Method). But best sensitivity value is obtained both k-NN and
ANN algorithm with different parameters.

The last classification algorithm used in this study is ANN.
Results obtained with this algorithm is given in Table III.
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TABLE I. SUCCESS RATES WITH K-NN ALGORITHM

Number of
“k”
k=1
k=3
k=5
k=7

Distance methods used and Success Rates
(%)
Total Accuracy
Specificity-Sensitivity
Euclidian
Chebyshev
Cosine
80.00
80.00
82.93
50.00-92.43
60.00-92.43 50.00-92.43
82.93
82.93
80.00
40.00-100
40.00-100
40.00-96.00
82,93
82.93
68.64
10.00-96,37 20.00-88.79
10.00-92.43
74,36
74.36
74.3
10,00-100
10.00-100
10.00-92.43
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Abstract— a brain-computer interface system (BCIs) is a device
that translates brain activity into a command for a computer. This
paper proposes a BCI system based on the gaze on rotating vanes
using a single EEG channel for localization. Our BCIs try to
identify four different rotating vanes, in various time windows
including 0.5-sec., 1-sec. and 2-sec. In this paper, after
normalization of epochs, auto-regressive (AR) coefficients method
was used to extract features. Finally, results of the k-nearest
neighbourhood (k-NN) and support vector machine (SVM), as two
popular classifiers in BCIs, were compared together. We achieved
about 85% classification accuracy using one channel by selecting
SVM as the classifier in 2-sec. epochs in C3 channel in central lobe
of the brain.
Keywords— Brain-computer interface, Auto-regressive model,
Support vector machine, Electroencephalography, Feature
extraction, k-nearest neighbour algorithm

I. INTRODUCTION
Providing a straight connection pathway between the brain
of a disabled patient and an external device or computer is a
revolutionary field of science called brain-computer interface
system [1]. The BCI systems may be the only possible solution
for people who are unable to communicate via conventional
means because of severe motor disabilities [2]. Moreover, in
recent years, other industries have appeared in this field,
resulting in the spread of a number of applications such as
biometrics [3], games [4], cursor control [5], etc.
The monitoring of eye movement can be used in BCIs. A
number of techniques have been used to discern eye
movements [6]. Abdelkader et al. [7] proposed an algorithm for
recognition of four directions of eye movement from EEG
signals. The proposed algorithm obtained the accuracy of 5085% for twenty subjects using a visual angle of 5°.
Electroencephalography (EEG) signals are often used in
BCIs. EEG benefits from the advantages of having lower risk
and being inexpensive and easily measurable, which make
them applicable and testable on large human population [8]. A
BCIs records these brain signals and translates them into
artificial outputs or commands. In other words, features of EEG
signals have acts in a real world. There are two categories of
EEG-based BCI that include invasive and non-invasive
methods. In the past few decades, a non-invasive brain imaging

method has been commonly employed due to having a number
of benefits including practicality, low price, and portability.
In BCI systems based on EEG, event-related potentials
(ERPs) often are used. These methods are based on Oddball
paradigms. The first BCIs based on P300 wave was proposed
by Farwell and Donchin in 1988. The detection of P300 visual
evoked potential (VEP) by a new method was presented by
Hubert et al. [9]. This method is based on a convolutional neural
network (CNN). The proposed method has detected P300
waves in the time domain. The stimulus produces a stable
visual evoked potential (VEP) in the human visual system
called “steady-state” visually evoked potentials (SSVEPs).
Based on this BCIs [10], the user gazes a target block flickers
with a certain frequency on the screen to produce such
potentials.
The speed of BCI systems and comfort of subjects when they
are using the systems are the challenges in the BCI researches.
In our previous study [11], we proposed a new BCI system that
it was based on gazing at four rotating vanes at different
frequencies and speeds. In this paper, we tried to improve the
classification results and use an EEG channel for conformance
the subjects and localization of EEG signal.
II. METHODS

A. Subjects, Equipment, and setup of stimulation unit
The EEG signals were recorded from eight subjects (seven
male and one female) with 26±6 years old. The subjects were
labelled as s1, s2, s3, … and s8.
Signal recording was done in Department of Electrical and
Electronics Engineering, Karadeniz Technical University with
the Brain Quick EEG System (Micromed, Italy) as shown in
Fig. 1 (a). The frequency sampling is 512 samples/s. The
signals were filtered by a low pass filter, notch filter and high
pass filter with 0.1, 50 and 120 Hz cut-off frequency. Fig. 1 (b)
shows the experiment framework and tools.
For EEG channel localization, based on the international 1020 system, eighteen EEG electrodes from all lobes of the brain
were referenced to the electrode Cz. These electrodes are
shown in Fig. 2.

groups that we called training set and testing set. Collection of
the data set is described in Table I.
TABLE I
SELECTION DESCRIPTION OF THE DATA SET FOR ONE SUBJECT IN A CHANNEL

(a)
(b)
Fig. 1. (a) the Brain Quick EEG System (Micromed, Italy), (b) Experiment
framework and tools for EEG recordings,

0.5seconds
epochs

1920
epochs in
total

1-seconds
epochs

960
epochs in
total

2-seconds
epochs

480
epochs in
total

Fig. 2. EEG channels based on 10-20 system, referenced with channel Cz

Screenshot of the four rotating vanes is shown in Fig. 3. As
can be seen, four red vanes rotate on the letter of ‘A’ that was
written in white. The vanes have these characteristics:
Vane 1: one rotation per 5 sec. in an anti-clockwise manner
Vane 2: one rotation per 1 sec. in an anti-clockwise manner
Vane 3: one rotation per 5 sec. in clockwise manners.
Vane 4: one rotation per 1 sec. in clockwise manners.
The signal recording in four sessions was done. In each
session, the subjects gazed at one of the vanes for 4 min. after
each 4-min signal recording, the subjects have a 2-min. gap for
relaxation.

480 epochs for
session 1,
480 epochs for
session 2,
480 epochs for
session 3,
480 epochs for
session 4,
240 epochs for
session 1,
240 epochs for
session 2,
240 epochs for
session 3,
240 epochs for
session 4,
120 epochs for
session 1,
120 epochs for
session 2,
120 epochs for
session 3,
120 epochs for
session 4,

240 epochs for
training set in
each session
240 epochs for
test set in each
session
120 epochs for
training set in
each session
120 epochs for
test set in each
session
60 epochs for
training set in
each session
60 epochs for
test set in each
session

B. Preprocessing
To be able to compare EEG activity in different individuals
or to compare EEG activity between different channels, the
signal must be normalized. Moreover, the amplitude of signals
can directly influence the classification performance. Therefore,
the epochs were normalized between [-1, 1] to get similar
conditions and to reduce the impact of the magnitude change.
In this paper, a mean normalization process was used for each
epoch as Equation 1 [12].
=

|

̅

̅|

(1)

Here, x, x ̅, and XN denote the original epoch, mean of the
original epoch and the normalized epoch, respectively.

C. Auto-Regressive Coefficients as a Feature Extraction
method

Fig. 3. Rotating vanes designed by Matlab 2014a

After these four sessions, for each channel separately, 0.5
sec., 1-sec. and 2-sec. epochs were provided.
Therefore, 480*4 epochs for 0.5-sec., 240*4 epochs for 1sec. and 120*4 epochs for 2-sec. divided parts are generated for
each subject. Epochs were randomly divided into two equal

There are many methods for signal modelling, one of the
most powerful and most useful of which is AR model. Each
signal sample in this model is considered as a prediction of
previous weighted samples of the signal. The model order is the
number of coefficients. In this paper, autoregressive
coefficients are calculated by Burg method [13]. The Burg
method fits a p’th order AR model to the input signal, x, by
minimizing (least squares) the forward and backward
prediction errors while constraining the AR coefficients, ai to

satisfy the Levinson-Durbin recursion. Equation 2 shows AR
model.
( ) = −∑

( − )+ ( )

(2)

In this study, the generated normalized epochs were used for
extracting features by AR model. The order of the model is 21.
In this case, the 21 AR coefficients are a total of features in our
method. It means that feature vector has 21 dimensions for each
epoch.

D. Classification
An algorithm that has to be trained with labelled training
samples to be able to distinguish new unlabelled samples in a
fixed set of classes is called a classifier. In this study, we have
the four-class classification problem (i.e., chance level of 25%).
As mentioned above, two classifiers, involving k-NN and SVM
are used in this study. SVM is originally designed for binary
classification, so it has to be updated for multi-class problems.
For k-NN classifier, we did not have this problem. To solving
this problem, using the binary classifiers in several items was
implemented. For this, the one-vs.-one method was used. In this
case, we are needed n*(n-1) binary classifiers for an n-class
problem.

the Gaussian or Radial Basis Function (RBF) kernel are
generally used with very good results [19]:
( , )=

(

|

|

)

(3)

As mentioned above, SVM has been applied to multiclass
BCI problems using the one-vs.-one strategy. A few parameters
of SVM such as the width of RBF kernel function σ need to be
defined manually. The disadvantage of SVM is that finding
optimum σ is highly time consuming. To find best σ value, we
searched intervals between 0.1 and 4.5, with step size of 0.2.
Moreover, to determine optimum σ value, K-FCV technique
was used.

III. RESULTS
As mentioned above, for reducing the number of channels
and understanding which channels (or lobes) have the best
performance in the classification, we separately classified 18
channels. Besides this issue, to analyse the effect of epoch’s
duration, three variant time-windows were selected. In each
data set of time window, after normalization of each epoch, the
half of the data set were randomly selected as a training set. The
rest of data set was used as a testing set. By using AR method
for each epoch of the training and testing set, 21 features were
extracted. K-Fold Cross-validation (K-FCV) method was used
1. k-NN Algorithm
for training the classifiers by training set features. After training
k-NN is one of the simplest and most intuitive methods for
the classifiers, we classified the testing set features. For each
implementation among the existing classification algorithms
channel, separately, classification result (CR) was computed.
which is typically used for classifying signals. This classifier
The classification result was defined as the percentage of the
determines the label of a new sample (testing data) by
number of epochs classified correctly over the size of the
comparing it with the baseline data (training data). Similarity
testing set.
voting and majority voting schemes are two main decision rules
For confirmation of the classification results, different
in k-NN algorithm [14]. Thus, the number of nearest neighbour
distributions of training and testing sets were implemented 10
to the unknown sample must be determined. Euclidean distance
times. In each time, the parameters of the classifiers k for each
method is commonly used as the distance calculation method.
training set were calculated separately using K-FCV.
In majority voting scheme for classifying the new sample, the
Mean of the classification results in these 10 iterations (for
label that is maximum between neighbours is diagnosed and the
each channel separately) for k-NN classifier in three different
new sample is labelled with it. The majority voting scheme is
time-windows are provided in Table II. Also the average of
more typically implemented as it decreases the effect of outliers.
classification result (ACR) for eight subjects was calculated
In this experiment, to determine optimum k value, K-fold cross(for each channel separately) in the last column.
validation (K-FCV) technique was used [15]. The optimum k
Channels of C3, Fp2, T3, T6, and O1 have maximum
value was searched in the interval between 1 and 50 with the
average of CR in 0.5-sec. epochs and 1-sec. epochs that are bold
step size of 2.
in the table. In 2-sec. epochs, O2 is instead of Fp2 in this list.
The best result of k-NN (about 0.8180) is in the channel C3
2. Support Vector Machine (SVM) Algorithm
Due to its generalization ability among the classifiers, when it was used for 2-sec. epochs. The best results of k-NN in
support vector machine (SVM) is one of the most popular 0.5 sec. and 1-sec. epochs are 0.7042 and 0.7799, respectively.
Similarly of k-NN, results of Multi-SVM classification,
supervised learning algorithms [16]. SVM can identify classes
when
time-window equals 0.5 second, 1 second and 2 second,
using a discriminant hyperplane [17]. The selected hyperplane
were
shown in Table III. ACR of each channel also was
maximizes the distance from the nearest training points. When
calculated.
ACR shows that C3, Fp2, T3, T6, and O2 have the
SVM classifies through using linear decision boundaries, it is
best
results
in 1-sec. and 2 sec. epochs. In 0.5-sec. epochs, O1
called linear SVM. This classifier has been applied in many
is
instead
of
O2 in this list. The best result of SVM (about
synchronous BCI problems [18]. We can create nonlinear
0.8489)
is
in
the
channel C3 when it was used for 2-sec. epochs.
decision boundaries by using the kernel trick. It consists to
transform input data into a higher-dimensional feature space The best results of SVM in 0.5-sec. and 1-sec. epochs are
that can be formulated as a quadratic optimization problem in 0.7257 and 0.8131, respectively.
feature space by using a kernel function K(x,y). In BCI research,
IV. DISCUSSION AND CONCLUSION

The main aim of each BCIs is to convert
electrophysiological signal (obtained from the user) as an input
to control external devices as an output [20]. Our proposed BCIs
can identify four different rotating vanes from the 0.5-sec., 1sec. and 2-sec. epochs of the EEG signals. By considering the
results of these three different time windows, as was predicted,
the 2-sec epochs have better results than two others. But another
important aim of this study was EEG Channel Localization.
That approximately, in all time windows, channels of C3, Fp2,
O2, T3, T6, O1, and O2 have better ACR in both classifiers. Fp2
channel can be affected the eye movement. Also, O1 and O2
channels are in occipital lobe that is located in the back of the
brain and processes information on visual stimulation. T3 and
T6 channels are in the temporal lobe of the brain. It is located on
both sides of the head and processes hearing and speech,
memory, and language information. Also, it classifies objects
and is related to some visual perception. As can be seen, except
C3, all of the channels are related to the eyes. As we waiting,
rotating vanes stimulate the lobe of the brain that is related to
visual perception. In this paper, an offline identification
approach was suggested. For future work, a real-time of this
system such as controlling some electronic device will envisage.
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TABLE II. RESULTS OF K-NN CLASSIFICATION FOR THREE DIFFERENT TIME WINDOW
Sub. 2
Sub. 3
Sub. 4
Sub. 5
Sub. 6
Sub. 7
0.8472
0.9514
0.6569
0.5694
0.5319
0.5681
0.8708
0.7569
0.7931
0.5653
0.5764
0.6472
0.8222
0.6444
0.5931
0.5333
0.5361
0.6444
0.6958
0.7764
0.5806
0.5500
0.5319
0.5861
0.8486
0.8028
0.6319
0.5014
0.5583
0.5403
0.7472
0.8444
0.5583
0.5278
0.5486
0.7028
0.7403
0.7861
0.5931
0.6167
0.6264
0.6778
0.8167
0.6972
0.5486
0.6597
0.5764
0.5819
0.8958
0.7819
0.8806
0.5236
0.5139
0.5958
0.7194
0.7500
0.5681
0.6431
0.5972
0.5903
0.8333
0.8736
0.7389
0.5125
0.6139
0.6153
0.8931
0.9639
0.5319
0.6222
0.6722
0.6125
0.8556
0.8278
0.5611
0.5722
0.5500
0.7181
0.8792
0.7069
0.6431
0.5250
0.5208
0.6069
0.8597
0.6750
0.5681
0.5514
0.5472
0.7292
0.8750
0.7625
0.6417
0.5569
0.5708
0.6556
0.8542
0.7708
0.5417
0.6014
0.6778
0.6986
0.7486
0.7667
0.6083
0.6153
0.7417
0.7208

0.5 - sec.
FP1
C3
FZ
C4
F4
F3
F7
F8
FP2
T4
T3
T6
T5
P4
P3
Pz
O2
O1

Sub. 1
0.5583
0.7986
0.5250
0.5125
0.6556
0.5292
0.5306
0.5208
0.6417
0.5278
0.7611
0.6417
0.6444
0.7000
0.5347
0.6875
0.5708
0.7917

1 - sec.
FP1
C3
FZ
C4
F4
F3
F7
F8
FP2
T4
T3
T6
T5
P4
P3
Pz
O2
O1

Sub. 1
0.5600
0.8595
0.5491
0.5325
0.7116
0.5583
0.5995
0.4995
0.7037
0.5391
0.8395
0.6937
0.6945
0.7362
0.5512
0.7283
0.6500
0.8120

Sub. 2
0.8854
0.9000
0.8287
0.7387
0.8662
0.8137
0.7787
0.8750
0.9020
0.7266
0.8662
0.9225
0.8929
0.8900
0.8929
0.8887
0.8912
0.7758

Sub. 3
0.9604
0.7641
0.6637
0.7954
0.8458
0.8762
0.7950
0.7508
0.8012
0.7504
0.9183
0.9820
0.8212
0.7262
0.7333
0.7795
0.8083
0.7720

Sub. 4
0.6804
0.8262
0.6283
0.5941
0.6566
0.5566
0.5523
0.5679
0.9258
0.5658
0.8012
0.5150
0.5675
0.6533
0.6070
0.6795
0.5283
0.6020

Sub. 5
0.6475
0.6725
0.6040
0.6050
0.5920
0.6429
0.7087
0.7577
0.6096
0.7253
0.6031
0.7661
0.6929
0.6300
0.6281
0.6544
0.7346
0.7688

Sub. 6
0.6225
0.7207
0.6151
0.6244
0.6281
0.6577
0.7605
0.6772
0.5966
0.7457
0.7318
0.8235
0.6272
0.6124
0.6624
0.7642
0.8300
0.8429

2 - sec.
FP1
C3
FZ
C4
F4
F3
F7
F8
FP2
T4
T3
T6
T5
P4
P3
Pz
O2
O1

Sub. 1
0.5441
0.9250
0.5641
0.5475
0.7816
0.6425
0.6508
0.5358
0.7400
0.5541
0.9000
0.7741
0.7333
0.7716
0.5816
0.7816
0.7008
0.8483

Sub. 2
0.8966
0.9266
0.8600
0.7516
0.8916
0.8158
0.8083
0.8900
0.9175
0.7250
0.8675
0.9241
0.8950
0.8916
0.9266
0.8925
0.8933
0.7733

Sub. 3
0.9566
0.7875
0.7650
0.7883
0.8841
0.8958
0.8283
0.7933
0.7933
0.7441
0.9200
0.9825
0.8741
0.7291
0.7416
0.7716
0.8141
0.8033

Sub. 4
0.6675
0.8625
0.6516
0.6491
0.6750
0.5666
0.5916
0.5858
0.9550
0.6025
0.8333
0.5183
0.5766
0.6525
0.6166
0.6641
0.5533
0.6233

Sub. 5
0.6529
0.6945
0.6425
0.5987
0.6237
0.6737
0.7570
0.7779
0.6383
0.7237
0.5737
0.8237
0.6675
0.6195
0.6383
0.6695
0.8154
0.7966

Sub. 6
0.6466
0.7841
0.6216
0.6466
0.6550
0.6695
0.7612
0.7029
0.6570
0.7612
0.7258
0.8675
0.6925
0.6216
0.6862
0.7570
0.8487
0.8904

Sub. 8
0.7056
0.6250
0.6833
0.6625
0.6611
0.6903
0.7486
0.7458
0.7056
0.7028
0.6194
0.5889
0.5778
0.6264
0.5764
0.5833
0.6347
0.5931

ACR
0.6736
0.7042
0.6227
0.6120
0.6500
0.6436
0.6649
0.6434
0.6924
0.6373
0.6960
0.6908
0.6634
0.6510
0.6302
0.6667
0.6688
0.6983

Sub. 7
0.7150
0.7811
0.7611
0.7316
0.6844
0.8433
0.7783
0.6727
0.7311
0.6911
0.7105
0.7350
0.8222
0.6927
0.8500
0.8005
0.8222
0.8600

Sub. 8
0.8133
0.7151
0.7846
0.7568
0.7337
0.7781
0.8550
0.8466
0.7920
0.8040
0.7207
0.6827
0.7207
0.7420
0.6512
0.6790
0.7096
0.7096

ACR
0.7355
0.7799
0.6793
0.6723
0.7148
0.7159
0.7285
0.7059
0.7577
0.6935
0.7739
0.7650
0.7299
0.7103
0.6970
0.7467
0.7468
0.7679

Sub. 7
0.7966
0.8362
0.8300
0.7925
0.7091
0.9237
0.8300
0.7050
0.7633
0.8133
0.7425
0.8195
0.8987
0.8175
0.9341
0.905
0.9404
0.9175

Sub. 8
0.8404
0.7279
0.8112
0.7883
0.7925
0.7904
0.8529
0.8425
0.8154
0.8425
0.7508
0.7008
0.7175
0.8320
0.7008
0.7133
0.8050
0.7487

ACR
0.7502
0.8180
0.7182
0.6953
0.7516
0.7472
0.7600
0.7291
0.7850
0.7208
0.7892
0.8013
0.7569
0.7419
0.7282
0.7693
0.7964
0.8002

0.5 - sec.
FP1
C3
FZ
C4
F4
F3
F7
F8
FP2
T4
T3
T6
T5
P4
P3
Pz
O2
O1

Sub. 1
0.5514
0.8417
0.5389
0.5153
0.7028
0.5431
0.5597
0.5625
0.7000
0.5319
0.7611
0.6250
0.6542
0.6903
0.5486
0.7000
0.6014
0.8014

TABLE III. RESULTS OF MULTI-SVM FOR THREE DIFFERENT TIME WINDOW
Sub. 2
Sub. 3
Sub. 4
Sub. 5
Sub. 6
Sub. 7
0.8903
0.9389
0.6667
0.5764
0.5319
0.5958
0.8944
0.7569
0.7889
0.5486
0.6569
0.6667
0.8194
0.6569
0.6139
0.5361
0.5375
0.6750
0.7403
0.7903
0.5361
0.5514
0.5750
0.6083
0.8569
0.8556
0.5944
0.5125
0.5500
0.5736
0.7833
0.8403
0.5042
0.5514
0.5792
0.7333
0.7625
0.7736
0.5250
0.6278
0.6500
0.6597
0.8417
0.7153
0.5403
0.6431
0.6139
0.5972
0.9111
0.7861
0.9042
0.5583
0.5417
0.6403
0.7306
0.7528
0.5153
0.6597
0.6208
0.6611
0.8569
0.8583
0.7139
0.5375
0.5944
0.6528
0.9139
0.9472
0.5250
0.6528
0.7569
0.6347
0.8861
0.8514
0.5250
0.5736
0.5792
0.7028
0.8889
0.7236
0.5639
0.5764
0.5319
0.6750
0.8819
0.7056
0.5486
0.5264
0.5750
0.7111
0.8806
0.7681
0.5736
0.5819
0.5986
0.6944
0.8875
0.7611
0.5347
0.6500
0.6847
0.7417
0.7611
0.7722
0.5625
0.6222
0.6972
0.7361

Sub. 8
0.7403
0.6514
0.7139
0.7222
0.6903
0.7333
0.7611
0.7319
0.7306
0.7278
0.6486
0.6222
0.6389
0.6486
0.6111
0.6333
0.6486
0.6153

ACR
0.6865
0.7257
0.6365
0.6299
0.6670
0.6585
0.6649
0.6557
0.7215
0.6500
0.7030
0.7097
0.6764
0.6623
0.6385
0.6788
0.6887
0.6960

1 - sec.
FP1
C3
FZ
C4
F4
F3
F7
F8
FP2
T4
T3
T6
T5
P4
P3
Pz
O2
O1

Sub. 1
0.5808
0.8904
0.5758
0.5300
0.7391
0.6241
0.6341
0.5754
0.7287
0.5633
0.8420
0.6616
0.6958
0.7179
0.6112
0.7391
0.6941
0.8316

Sub. 2
0.9200
0.9258
0.8550
0.7875
0.8841
0.8491
0.8404
0.8741
0.9245
0.7566
0.8875
0.9333
0.9079
0.9095
0.9000
0.9112
0.9141
0.7933

Sub. 3
0.9683
0.7620
0.6991
0.7908
0.9000
0.8975
0.7833
0.7504
0.7941
0.7600
0.8900
0.9775
0.8650
0.7350
0.7379
0.8054
0.8104
0.8095

Sub. 4
0.7033
0.8445
0.6187
0.5912
0.6529
0.5541
0.5458
0.5462
0.9508
0.5604
0.7895
0.5291
0.5508
0.6366
0.5708
0.6470
0.5483
0.6025

Sub. 5
0.6900
0.6905
0.6494
0.6494
0.6155
0.6730
0.7505
0.7613
0.6638
0.7505
0.6450
0.7813
0.6797
0.6694
0.6438
0.7163
0.8019
0.7716

Sub. 6
0.6694
0.7622
0.6644
0.6733
0.6533
0.6944
0.7805
0.6977
0.6205
0.7427
0.7372
0.8605
0.6877
0.6266
0.6800
0.7416
0.7916
0.7888

Sub. 7
0.7413
0.8422
0.8038
0.7386
0.7027
0.8847
0.7572
0.7222
0.7916
0.7680
0.7644
0.7930
0.8066
0.8155
0.8327
0.8511
0.8866
0.8511

Sub. 8
0.8294
0.7874
0.8133
0.8090
0.7938
0.8179
0.8327
0.8327
0.8087
0.7948
0.7874
0.7225
0.7762
0.7790
0.7309
0.7475
0.7855
0.7670

ACR
0.7628
0.8131
0.7099
0.6963
0.7427
0.7493
0.7406
0.7200
0.7853
0.7120
0.7929
0.7824
0.7462
0.7362
0.7134
0.7699
0.7791
0.7769

2 - sec.
FP1
C3
FZ
C4
F4
F3
F7
F8
FP2
T4
T3
T6
T5
P4
P3
Pz
O2
O1

Sub. 1
0.5858
0.9433
0.5891
0.5658
0.8033
0.6875
0.6991
0.5966
0.7683
0.5941
0.9258
0.7150
0.7450
0.7600
0.6308
0.7916
0.7466
0.8575

Sub. 2
0.9166
0.9388
0.8625
0.8152
0.8777
0.8750
0.8444
0.9125
0.9361
0.7611
0.8958
0.9472
0.9097
0.9152
0.9222
0.9111
0.9125
0.7930

Sub. 3
0.9819
0.8208
0.7791
0.8263
0.9208
0.9291
0.7847
0.8069
0.8166
0.7555
0.9083
0.9888
0.9000
0.7555
0.7444
0.8111
0.8402
0.8152

Sub. 4
0.7133
0.8700
0.6708
0.6208
0.6958
0.5875
0.5800
0.5633
0.9700
0.5750
0.8283
0.5408
0.5683
0.6558
0.5850
0.6391
0.5691
0.5808

Sub. 5
0.7133
0.7170
0.7170
0.6855
0.6374
0.7096
0.7966
0.7966
0.7096
0.7966
0.6503
0.8614
0.6744
0.6911
0.6929
0.7355
0.8059
0.8262

Sub. 6
0.7003
0.8207
0.7077
0.7244
0.6633
0.7300
0.7818
0.7133
0.6651
0.7966
0.7762
0.9003
0.7337
0.6725
0.7096
0.7614
0.8022
0.8040

Sub. 7
0.7948
0.8911
0.8522
0.7985
0.7762
0.9448
0.8022
0.7874
0.8522
0.8151
0.8262
0.8374
0.8540
0.8892
0.8966
0.9522
0.9318
0.8948

Sub. 8
0.8207
0.7892
0.8429
0.8300
0.8003
0.8300
0.8540
0.8485
0.8466
0.7929
0.8022
0.7688
0.8207
0.8170
0.7281
0.7892
0.7985
0.7874

ACR
0.7783
0.8489
0.7527
0.7333
0.7718
0.7867
0.7678
0.7531
0.8206
0.7359
0.8266
0.8200
0.7757
0.7695
0.7387
0.7989
0.8008
0.7949
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Abstract— the aim of this paper is to check the EEG signals of the
human brain during the 2D and 3D movie watching. We
conjecture that an analysis of the visual 2D and 3D motion pictures
is significant and could be used in brain-computer interface
systems (BCI) and detection of drowsiness. Eight healthy
participants consist of three women and five men with mean age
of 22 years attended the clinical trial. Participants were asked to
watch 2D vs. 3D of Avatar and 2D vs. 3D of Saw movie by using
3D polarized passive glasses (cinema type), which is cheap and
weightless. The features are extracted from the ½-sec epoch of the
EEG using Fast Fourier Transform (FFT) and then classified by
k-nearest neighbour (k-NN) algorithm. Results of classification on
the test data show that the model can classify the cases with an
accuracy of %71.45 for the first movie and %72.35 for the second
movie.
Keywords— 2D-3D movies; electroencephalography; feature
extraction; classification; drowsiness; Brain ‐ Computer
Interface

I. INTRODUCTION
Electroencephalography (EEG) is an imaging non-invasive
method that is used to measure brain’s electrical activity by
utilizing electrodes. The discussed electrodes are placed on the
scalp. EEG measuring is commonly used to diagnose brain
tumors, brain death, epilepsy and the problem of sleeping. The
amplitude of EEG signal is about 10-100 μV and its frequency
is between 0.5-100 Hz [1]. EEG frequency bands and related
brain states are shown in Table 1. One application of EEG
signal is in the fields of biomedical engineering that is often
used in BCI. A brain-computer interface system is a straight
connection pathway between the brain and computer to control
of an external device. In these fields, different methods based
on BCI have been suggested. In some papers, scholars have
investigated EEG signals to control an electronic material. In a
study, the researchers have used EEG signal processing to
illuminate human identification [2]. An eye-control method
based on EOG to develop a system for assisted mobility is
presented by Barea et al. [3] with this method, they have guided
wheelchair which helps disabled people. This wheelchair was
applied by eye movements within a socket. In another study,
Xiao and Hu [4] proposed a method to identify motor imaginary
by using EEG signals. By introducing four types of motor

imagery identification, they achieved an average classification
rate of 80%.
Sulaiamn et al. [5] by analyzing EEG signals in the lab,
interpreted human though, the accuracy of this work is low but
the study can construct the Labview block diagram to test. In
the other study [6], the researchers tried to recognize the
emotion of humans, Experiment results show that emotion
recognition of EEG signal is subject dependent. Nogueira et al.
[7] used brainwaves to model an architecture for controlling
upper limb prosthesis. They reported that the results of
prosthesis in virtual environment are satisfactory, but in order
to diminish the number of electrodes, they have to optimize the
source code. Besides the medical application of EEG,
sometimes researchers from curiosity tend to check scientific
issues, for instance, Khairuddin et al. [8] analyzed the EEG
signals of adults during video game play in 2D and 3D. They
compared the signals by evaluating Hjorth complexity and
CPEI parameters and concluded that their method may be
useful in quantifying the EEG signal during 2D and 3D
visualization. Because of last development in the number of
three-dimensional (3D) applications, the demand for interfaces
to these applications has increased [9]. In 2014, another team's
findings showed that for 3D game play there is an increase in
theta and alpha bands at the frontal and occipital regions, while
in 2D play, especially in temporal lobes higher beta and gamma
activity was observed [10]. There are two popular types of 3D
viewing technology, 3D passive glasses and 3D active glasses
[8]. Because of high price of active types generally, cinema
type (passive) is preferred.
In this paper Comparison and classification of brain signals
during watching 2D and 3D movies is presented. As mentioned,
brain waves difference in watching 2D and 3D movies can be
used in Brain-Computer Interface. A brain-computer interface
(BCI) is a collaboration system that by using only waves of the
brain, lets everyone to control electronic devices such as
computer, with no muscle movement. For example, in control
of a device the subject can watch a 2D motion image for ON
and a 3D motion image for OFF of it. This study is a beginning
step to design and implement a new, fast, simple, and accurate
BCI system. In future, we hope to use other classification
methods and feature extractions to get better results. Also, in

the other application, we want to detect drowsiness of driving
using the proposed method.
The arrangement of the paper is as follows: after the
introduction section, the experimental setup, then feature
extraction and classification respectively, results and finally,
the conclusion and discussion are given.
II. EXPERIMENTAL SETUP
EEG signals show specific patterns while 2D and 3D movie
watching. Eight healthy subjects consist of five men and three
women with age ranging from 19-28, are chosen in this test. All
subjects have normal vision (means that they have not any
ophthalmological diseases, etc.) and sit on the chair that is
almost one meter away from TV (LG 32 inch) stand. Before
participating, all the subjects were asked to relax and focus on
the television screen. Participants first watch 2D avatar movie
and then after stopping program recording, without any time
wasting 3D of the same movie is shown to them. The same
process is repeated for saw movie. The total time of 2D-3D for
avatar movie (https://www.youtube.com/watch?v=g7ps5TWz
J-o) is Six-minutes twenty seconds and for saw movie
(https://www.youtube.com/watch?v=foQNrtUsEjw) is five
minutes and forty seconds.
The EEG signals were recorded by the Brain Quick EEG
System (Micromed, Italy) from 12 scalp locations (Fp1, Fp2,
F3, F4, C3, C4, P3, P4, O2, F8, T3, and T5 channels) based on
the international 10-20 system where Cz was used as reference.
The position of electrodes is shown in Fig. 1. The sampling
frequency was 512 Hz. The obtained signal was band-pass
filtered between 0.1 till 120 Hz. There are Different kinds of
artifacts that can affect our EEG signal, Such as blinking of
eyes during signal acquisition procedure, muscular activities,
and activities happening in the background and also line noise.
To delete line noise we have used a 50 Hz notch filter.
TABLE I
EEG FREQUENCY BANDS AND RELATED BRAIN STATES

Brainwave
Type
Delta

Frequency
Range
0.1 to 3 Hz

Theta
Alpha
Beta
Gamma

4 to 7 Hz
8 to 12 Hz
13 to 35Hz
36 to 100 Hz

Brain States
Non-REM sleep,
unconscious
Imaginary, creative, recall
Relaxed, conscious
Thinking, alertness
Motor functions, higher
mental activity

In BCI, the speed of this communication pathway is
important and has a significant role in selecting of this system.
Because of this reason, we concentrate in 1-sec and ½ sec. After
watching of each movie, obtained signals are divided into
mentioned epochs. For example, for avatar viewers, there are
380 one-sec epochs (190 for 2D and 190 for 3D as called class
1 and class 2 respectively), and 340 one-sec epochs for saw
movie (170 for 2D and 170 for 3D). Epochs of each class were
divided into two groups. The first group was called training set
(which contained 190 epochs) and the second group was called

test set (which contained 190 epochs). Date set characteristics
are given in Table 2.

Fig. 1. Electrodes array as the international 10-20 system and used electrodes
(Marked with red) and the reference electrode (marked with green) [11].
TABLE II
DATA SET DESCRIPTION

1-sec
epochs

½ -sec
epochs

avatar

380 epochs in total
190 epochs class1,
190 epochs class2
95epochs training, 95
epochs test
760 epochs in total
380 epochs class1,
380 epochs class2
190 epochs training, 190
epochs test

saw

340 epochs in total
170 epochs class1,
170 epochs class2
85epochs training, 85
epochs test
680 epochs in total
340 epochs class1,
340 epochs class2
170 epochs training, 170
epochs test

III. FEATURE EXTRACTION
In this paper, to transmit signals to the frequency domain, the
Fast Fourier Transformation is applied to the EEG signals that
are defined as (1). The DFT converts discrete-time sequences
into discrete-frequency versions which are derived by (2). FFT
command is available as a function fft () in MATLAB which is
used in this study.

X(f)=F{x(t)} =∫
X (f) =∑

( )
/

dt
for k=0, 1,…,n-1

(1)
(2)

Where in (1), x(t) is the time domain signal, and X(f) is its FT,
and in (2), x is the input sequence, X is its DFT, and n is the
number of samples [5].
After signal transformation, for each epoch of 12 channels,
the five bands of EEG signals (Delta, Theta, Alpha, Beta, and
Gamma) were obtained. For each epoch, the sample’s average
for each band is calculated in order to reduce the dimension of
EEG signal. In this way, for each epoch in one channel, 5
features were extracted and, as mentioned, 12 channels were
used. So, 60 (12*5) features were prepared for each epoch.

IV. CLASSIFICATION PROCEDURE
To recognize different characteristics of EEG signal, various
machine learning algorithms have been used including kNearest Neighbor (k-NN) [12]. k-NN is a simple algorithm that
accumulates all available samples and classifies new sample
based on its neighbor’s distances. k-NN algorithm is used to
classify generated EEG signal. Due to the importance of
choosing optimal k value, the small value of k means that
disorderliness will have a higher influence on the result of the
test. Similarly large numerical value is difficult to calculate. A
simple approach to select k is k = √ (2^n) [13]. In this study,
In order to obtain optimum k value, 10-fold cross-validation
technique was applied. It makes the best use of the available
data and avoids the problems of random selections [14]. Four
metrics are used to evaluate the performance of classifier as
below:

A. Performance metrics for classifier
1) Classification accuracy: Classification Accuracy (CA)
is defined as the number of trials that classified correctly in the
test set over the total trials. It is calculated by:

(3)

CA=

In the binary (two-class) prediction problem, we can define
positive and negative classes. In this case, a classifier has the
following four possible outcomes:
•
True positive (TP): The number of positive samples
correctly predicted.
•
True negative (TN): The number of negative samples
correctly predicted.
•
False positive (FP): The number of positive samples
incorrectly predicted.
•
False negative (FN): The number of negative samples
incorrectly predicted.
In our study, we defined the 2D class as the positive
samples and the 3D class as the negative samples.
2) Sensitivity and specificity: A Sensitivity (SE) and
specificity (SP) are calculated by the following formulae,
respectively:
Sensitivity = TP/(TP+FN)
(4)
Specificity = TN/(TN+FP)

(5)

For our study, the sensitivity refers to the ratio of correctly
classified 2D to the total population of 2D cases, whereas
specificity is the ratio of correctly classified 3D to the total
population of 3D cases.
3) Kappa: A Kappa statistics is described as the ratio of
correctly classified samples after accounting for the probability
of chance agreement. It is calculated by:

Kappa =

( )

( )
( )

(6)

Where P(D) denotes the proportion of overall agreement and
P(E) is the probability of expected agreement by chance. The
maximum value for the kappa coefficient is 1 (perfect
classification), and the minimum value is -1 (completely wrong
classification). A Kappa coefficient with value 0 means that the
performance is equal to the random guess. The value changes
depending on the correlation between the predicted classes and
the real classes [15].
V. RESULTS
In this section classification results of the test data for 1-sec
epochs and ½-sec epochs for each movie are presented,
separately. Results of classification between 2D vs. 3D of
AVATAR movie in 1-sec epochs are presented in Table 3. The
mean and standard deviations of the classification accuracy
(CA), Sensitivity (SE), specificity (SP) and Kappa of the test
data for 8 subjects are shown in this table. This results, when
we used ½-sec epochs for this movie are shown in Table 4.
Comparing results between 1-sec epochs and ½-sec epochs
show that ½-sec epochs are better than 1-sec epochs.
TABLE III
RESULTS OF CLASSIFICATION OF 1-SEC EPOCHS FOR AVATAR MOVIE
CA
SE
SP
Kappa
(Mean±Std)
(Mean±Std)
(Mean±Std)
(Mean±Std)
S1 0,7240±0,045 0,7653±0,073 0,7030±0,047 0,4000±0,070
S2 0,6550±0,030 0,6576±0,051 0,6587±0,038 0,4591±0,063
S3 0,5475±0,050 0,5449±0,049 0,5558±0,064 0,0633±0,094
S4 0,6175±0,054 0,6283±0,064 0,6135±0,054 0,3325±0,108
S5 0,6662±0,054 0,6600±0,051 0,6810±0,068 0,2350±0,108
S6 0,5316±0,047 0,5220±0,039 0,5641±0,092 0,0950±0,101
S7 0,7295±0,031 0,7584±0,052 0,7121±0,036 0,3100±0,077
S8 0,7000±0,035 0,7204±0,048 0,6931±0,054 0,4490±0,091
TABLE IV
RESULTS OF CLASSIFICATION OF ½-SEC EPOCHS FOR AVATAR MOVIE
CA
SE
SP
Kappa
(Mean±Std)
(Mean±Std)
(Mean±Std)
(Mean±Std)
S1 0,7116±0,038 0,7512±0,035 0,6930±0,060 0,4233±0,077
S2 0,7225±0,032 0,7551±0,039 0,6987±0,034 0,4450±0,064
S3 0,5370±0,032 0,5375±0,033 0,5396±0,040 0,0741±0,065
S4 0,6554±0,023 0,6666±0,027 0,6466±0,023 0,3108±0,046
S5 0,6550±0,025 0,6437±0,023 0,6699±0,033 0,3100±0,051
S6 0,6550±0,021 0,6214±0,020 0,7200±0,037 0,3100±0,042
S7 0,6795±0,026 0,7166±0,052 0,6555±0,019 0,3591±0,053
S8 0,7158±0,017 0,6620±0,020 0,8450±0,081 0,4316±0,035

Results of classification between 2D vs. 3D of SAW movie
for 1-sec epochs are presented in Table 5. The mean and
standard deviations of the classification accuracy (CA),
Sensitivity (SE), specificity (SP) and Kappa of the test data for
8 subjects are shown in this table. This results, when we used
½ - sec epochs for this movie are shown in Table 6. Results
comparing between 1-sec epochs and ½-sec epochs show that
½-sec epochs are better than 1-sec epochs, similar to AVATAR
movie.

S1
S2
S3
S4
S5
S6
S7
S8

TABLE V
RESULTS OF CLASSIFICATION OF 1-SEC EPOCHS FOR SAW MOVIE
CA
SE
SP
Kappa
(Mean±Std)
(Mean±Std)
(Mean±Std)
(Mean±Std)
0,9875±0,011 0,9790±0,019 0,9967±0,010 0,9750±0,022
0,6225±0,026 0,6287±0,027 0,6180±0,030 0,2450±0,053
0,7575±0,023 0,7992±0,050 0,7287±0,017 0,5150±0,047
0,7443±0,040 0,7435±0,067 0,7557±0,034 0,4887±0,081
0,6725±0,035 0,6827±0,044 0,6661±0,035 0,3450±0,070
0,7666±0,032 0,8039±0,047 0,7416±0,037 0,5333±0,064
0,5966±0,033 0,6286±0,065 0,5817±0,026 0,1933±0,066
0,5683±0,027 0,5719±0,032 0,5704±0,030 0,1366±0,055

TABLE VI
RESULTS OF CLASSIFICATION OF ½-SEC EPOCHS FOR SAW MOVIE
CA
SE
SP
Kappa
(Mean±Std)
(Mean±Std)
(Mean±Std)
(Mean±Std)
S1 0,9884±0,004 0,9981±0,004 0,9792±0,009 0,9768±0,009
S2 0,5937±0,022 0,5977±0,027 0,5914±0,019 0,1875±0,044
S3 0,7046±0,022 0,6887±0,019 0,7259±0,036 0,4093±0,045
S4 0,7618±0,022 0,7893±0,031 0,7411±0,025 0,5237±0,045
S5 0,7243±0,018 0,7158±0,024 0,7366±0,028 0,4487±0,036
S6 0,8041±0,024 0,7641±0,027 0,8619±0,040 0,6083±0,049
S7 0,6137±0,026 0,6020±0,028 0,6306±0,028 0,2275±0,053
S8 0,5975±0,024 0,5980±0,024 0,5984±0,027 0,1950±0,049

To compare the results, the average of performance metrics
in 8 subjects was calculated. These averages are shown in Table
7. As mentioned, the results of classification in ½ -sec epochs
are better than the result of classification in 1-sec epochs, for
both of the movies. The results show that our proposed method
can be classified EEG signals in about 72 percent in ½-sec
epochs, when the subject watches 2D video and when watches
3D video.
TABLE VII
AVERAGE PERFORMANCE OF THE CLASSIFIER FOR 8 SUBJECTS

Data sets\Parameters
Avatar 1-sec epochs
Avatar ½-sec epochs
Saw 1-sec epochs
Saw ½-sec epochs

CA
64,65
71,45
66,65
72,35

SE
65,72
72.97
66,92
73,31

SP
64,77
70,73
68,35
71,92

Kappa
29,3
42,92
33,3
44,71

VI. CONCLUSION AND DISCUSSION
Our research study shows an analysis of EEG signal in adults
while watching movie in 2D and 3D modes. Our results show
that the EEG signals, when the subject watches a 2D video, is
different from when the subject watches a 3D video. To prove
this idea, we used EEG bands and for achieving these bands,
Fast Fourier Transformation (FFT) was employed to 1-sec and
½-sec epochs, separately. The feature vectors are 60dimensional (12*5). The results also showed that the k-NN

algorithm can achieve relatively good performance to classify
two tasks.
The EEG of eight subjects (male & female) was monitored.
Differences in achieved EEG of these two modes (2D vs. 3D),
can be used in BCI systems. To control a device (on or off
mode), we can apply these differences.
In future, we would like to design a suitable BCI system
based on 2D and a 3D motion image. This study is the first step
to design and implement a BCI system. Also, we hope that this
proposed method could be used to detect the drowsiness of
driving.
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Abstract— Heart diseases are one of the most important diseases
illnesses that threaten human life. Diagnosis of this disease
requires expensive and time consuming systems. Also these
systems may have misdiagnosis rate. In addition, currently used
systems have been quite incomplete in terms of early diagnosis of
disease. Because of these reasons, alternative methods are
developed to diagnose heart diseases. In this study, clinical
decision-making software was developed using four different
cardiac diseases and healthy classes. Used data were taken from
Cleveland Dataset. In this dataset, certain information was
obtained from patients who were diagnosed with heart disease and
from healthy subjects. First feature matrix was created with this
information, then this matrix was normalized. In order to reduce
dimension of feature matrix, Probabilistic Principal Component
Analysis method was used. This data belong to women and men
are classified separately with Divide and Conquer method. When
classification success rates are examined, it is shown that healthy
female and male individuals are discriminated from female and
male patients by 94.7% 86.2% respectively. Classification
successes of data as regards stages of disease were examined in
detail in conclusions section. It is observed that obtained results in
this study are one of the best results when compared to results of
previous studies in the UCI website.
Keywords— Clinical Decision Making Software, Diagnosis of
Heart Disease, Probabilistic Principal Component Analysis,
Divide and Conquer Classification. Cleveland Dataset.

I. INTRODUCTION
In the world today, heart diseases affect quality of life
negatively and have maximum cost in health expenditures. The
World Health Organization has announced that heart diseases
are one of the most leading factors to human deaths. In 2012
Worldwide, cardiovascular diseases caused 46.2% of noncommunicable diseases related deaths. Deaths due to
cardiovascular diseases are estimated to be 22.2 million in 2030
[1].
Diagnosis of coronary heart disease by alternative systems
has great importance for researchers during last two decades.
Studies performed in recent years aimed to establish systems
that can distinguish patients and healthy persons by using
clinical information. There are many different studies in the

literature about this area. One of these studies categorized
individuals by using Cleveland Dataset. In that study, dataset
were used as two classes (healthy and heart disease patient).
Support Vector Machines algorithm was used as classifier and
classification success was achieved as 82.18% [2].
In another study, Cleveland Dataset was classified by a
hybrid system consist of Artificial Neural Network and Fuzzy
Neural Network methods. As a result of that study, 86.8%
classification success rate was obtained [3]. In another study
researchers presented a solution in order to predicting severity
levels of heart diseases by using data mining approaches.
Cleveland Dataset with four different severity levels was used
to detect severity of disease [4].
A data mining operation was performed by researchers using
noninvasive clinical information obtained from patient to
determine coronary artery disease. Different classification
techniques were applied to clinical data and success rates of
those algorithms were analysed [5]. In another study, a mixed
system based on Fuzzy Analytic Hierarchy Process (AHP) and
Fuzzy Inference System methods was developed to evaluate
level of heart disease. The developed system was designed to
determine probabilities of individuals having heart disease or
not [6].
Cardiovascular diseases lead to metabolic and physiological
changes, such as high blood pressure (hypertension), excess
weight or obesity, high blood sugar (diabetes), blood lipid
elevation (dyslipidemia) [7].
For this reason, in this study, clinical decision-making
software was developed in order to diagnose of diseases by
observing these changes. Data belong to patients and healthy
subjects were obtained from Cleveland Dataset. A feature
matrix was extracted with information from four different
groups of heart disease and healthy subjects. Then this matrix
was normalized. In order to reduce dimension of feature matrix,
Probabilistic Principal Component Analysis (PPCA) method
was used. Obtained feature matrix was classified by Divideand-Conquer method and classification success rate was
determined.

II. MATERIAL AND METHOD

A. Dataset Description
In this study, Processed Cleveland Heart Dataset belong to
UCI Machine Learning Repository database was used [8].
There are four different heart diseases information within
dataset. The entire dataset has a total of 76 features including
class labels. However, Cleveland Dataset used 14 of these
features.

C. Dimension Reduction Method with PPCA
Feature matrix obtained from patients with different cardiac
diseases and from healthy individuals can be large dimensions.
This situation affects speed and success of system negatively.
For this reason, different algorithms are used to reduce size of
feature matrices. [10]. These dimension reduction algorithms
preserve a large part of information in feature matrix. In this
study, dimension of feature matrix was reduced by Probabilistic
Principal Component Analysis method.

There are 5 classes from 0 to 4 in dataset. Class 0 represents
healthy individuals. Class 1, 2, 3 and 4 represent individuals
with heart disease. Class 1 indicates lowest risk level of heart
disease, while Class 4 indicates highest risk level of heart
disease.

Probabilistic Principal Component Analysis method is used
to create reduced dimensional feature subspaces. The input
records taken as observations may be generated by means of
the PPCA model [11]. This process can be seen in equation (2).

There are 303 samples in dataset. 164, 55, 36, 35 and 13 of
these samples belong to Class 0, Class 1, Class 2, Class 3 and
Class 4 respectively. Features and class information in dataset
are given in detail in Table I.



TABLE I
FEATURES IN DATASET

1

Age of Subject

2

Gender of Subject

3

Chest pain type

4

Resting blood pressure

5

Serum cholesterol

6

Fasting blood sugar

7

Resting electrocardiographic results

8

Maximum heart rate achieved

9

Exercise induced angina

10

ST wave depression induced by exercise

11

Slope of the peak exercise ST wave

12

No. of vessels colored by fluoroscopy

13

Normal or fixed defect or reversible defect

14

Stage of heart ailment 1 or 2 or 3 or 4

Especially, there are significant differences between values
of variables measured from different units. It may be useful to
bring such data to same standards before doing anything on the
variables [9]. In this study, feature matrix derived from clinical
information of patient was normalized. Normalization was
applied data by subtracting mean and dividing by standard
deviation. Thus, data was zero averaged and unit variant.
Mathematical expression of normalization process is shown in
equation (1).

 

In this equation,𝑦𝑠 refers to a vector of hidden variables
having dimension Rx1. It is assumed that hidden variables have
zero mean and unit variance, as well as independent and
identically distributed. This assumption is given in equation (3).


𝑦𝑠  N (0, I) : s ∈ {1, 2, … , M }





In equation (2), CxR dimensional  represent matrix that
mapping between data obtained observations and hidden
variables. It is a linear type of mapping.  (having dimension
Cx1) represents mean vector of each variable and s (having
dimension Cx1) represents random error vector. It is assumed
that error vector also has normal distribution with zero mean
and unit variance.
In general, it is expected that observed variables will be
obtained from lower-dimensional latent space. In this case it is
R<C. Maximum likelihood (𝑀𝐿 ) is estimated using EM
algorithm. The maximum likelihood solution for τ projection
matrix contains subspace of eigenvectors as its columns. These
are the same as eigenvectors for PCA covariance matrix. This
procedure can be seen in equation (4).


B. Normalization Process

𝑦𝑠 = 𝑥𝑠′ ss ∈ {1, 2, … , M }

𝑀𝐿 = 𝑉𝑅 (Ʌ𝑅 − 𝜎 2 𝐼)1/2 S





In this equation, 𝑉𝑅 (having dimension CxR) is eigenvectors
of variance-covariance matrix of hidden variables, Ʌ𝑅 (having
dimension RxR) is eigenvalue of variance-covariance matrix of
latent variables. S (having dimension RxR) is an arbitrary
orthogonal rotation matrix [11] (which can be chosen as the
identity matrix).

D. Classification of Data

In this study, Divide and Conquer algorithm is used for
classification of data. Divide and Conquer algorithm is a
𝑥𝑖 −𝑥µ𝑖
method for decomposing multi-class data. When the algorithm

𝑥𝑖′ =


𝜎𝑥𝑖
dividing classes, firstly all classes are considered as a single
problem, then this problem is divided into similar subIn here, 𝑥𝑖′ is normalized data, 𝑥µ𝑖 is average of raw data and problems. Subsequently, algorithm solves the sub-problems
and main problem is solved by responses obtained [12].
𝜎𝑥𝑖 is standard deviation of raw data.

In this study k-Nearest Neighbor Algorithm is used as
classification algorithms. This method, dimension of test data
is measured and data is assigned to proper class [13]. In this
study, Support Vector Machines was used as another
classification algorithm. This method hyperplanes are used to
divide into data points.
III. CONCLUSIONS
In this work, first data belong to Cleveland Dataset was
transformed into a feature matrix in MATLAB 2017b version.
There are a total of 14 attributes and 303 experiments in dataset
including class information. For this reason, dimension of
feature matrix is 303x14. Feature matrix was normalized due to
unitary differences between data. In the next step, dimension of
feature matrix was reduced to 303x11 by applying the PPCA
method. Low dimensional feature matrix was classified by
Divide and Conquer algorithm and classification success rate
of each class tested. Female and male individual in dataset were
classified separately. Steps in Divide and Conquer method are
as follows.
First, all classes in dataset were divided into two classes:
patient and healthy. Class 0 represents healthy individuals and
Class 1234 represents patient individuals. Subunits were
classified with k-Nearest Neighbor (k-NN) and Support Vector
Machine (SVM) algorithms. In this case, classification success
rate in females and males are shown in Table II.
TABLE III
DIFFERENTIATION OF PATIENT AND HEALTHY GROUP FOR FEMALE AND MALE
Gender

Patient-Healthy Group Classification Success
Rate (%)
k-NN

SVM

Female

94.7

89.63

Male

86.2

80.1

The second step in the algorithm is to successfully separate
classes of patients (1234). There are 7 possible situations for
this process step. These situations are 1 against 234, 2 against
134, 3 against 124, 4 against 123, 12 against 34, 13 against 24,
and 14 against 23. In this way, class information is mixed and
problem was reduced two classes. Highest classification
success rate of these groups was obtained from men and women
2 against 134 and 1 against 234, respectively. Classification
success rate for all group shown Table III and Table IV.
In the second step of algorithm, Class 2 was successfully
distinguished from other classes in male. For this reason, in
third step, it was tried to distinguish the remaining 1, 3, 4
Classes. In this case, there are 3 possible situations. These are
1 against 34, 3 against 14 and 4 against 13. Classification
success rate of this group are given in Table V.

TABLE IIIII
CLASSIFICATION SUCCESS OF MALES PATIENT GROUP (1234)
Male

Selected Sub-Classifier Success Rate for
Divide and Conquer Algorithm (%)
k-NN
SVM

1-234

71

66

2-134

80.84

78.54

3-124

77.27

70.07

4-123

75.09

77.48

12-34

70

62.2

13-24

67.54

57.82

14-23

70.58

62.35

TABLE IVV
CLASSIFICATION SUCCESS OF FEMALES PATIENT GROUP (1234)
Female

Selected Sub-Classifier Success Rate for
Divide and Conquer Algorithm (%)
k-NN
SVM

1-234

96.7

89.63

2-134

81.29

80

3-124

76

62

4-123

75.6

73.2

12-34

76.54

74.2

13-24

88

76

14-23

84.28

76.4

TABLE V
CLASSIFICATION SUCCESS OF MALES PATIENT GROUP (134)
Male

Selected Sub-Classifier Success Rate for
Divide and Conquer Algorithm (%)
k-NN
SVM

1-34

76.28

67.05

3-14

70.41

60.29

4-13

72.8

61.52

In the second step of algorithm, Class 1 were successfully
distinguished from other classes in female. For this reason, in
fourth step, it was tried to distinguish the remaining 2, 3, 4
Classes. In this case, there are 3 possible situations. These are
2 against 34, 3 against 24 and 4 against 23. Classification
success rate of this group are given in Table VI.
In the third step, Class 1 is successfully separated from the
other stages in male. In the fourth step, Class 2 is successfully
separated from the other stages in female. For this reason, in
the last step of algorithm, remaining Class 3 and Class 4 are
separated from each other in male and female. Classification
success rate of this group are given in Table VII.

TABLE VI
CLASSIFICATION SUCCESS OF FEMALES PATIENT GROUP (234)
Selected Sub-Classifier Success Rate for
Divide and Conquer Algorithm (%)
k-NN
SVM

Female
2-34

90.18

82.9

3-24

83.2

72.6

4-23

78

77.5

TABLE VII
CLASSIFICATION SUCCESS OF CLASS3 AND 4 IN MALE/FEMALE
Selected Sub-Classifier Success Rate for Divide
and Conquer Algorithm (%)
k-NN
SVM

Gender
Female

78.2

75

Male

76.2

73

Female and male was classified separately and general tree
structure that seen in Figure I and Figure II was created.
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Abstract— DC microgrids are composed of distributed generators
(DGs)– mainly renewable energy sources, energy storage units,
and critical and non-critical loads – which can be operated either
on grid or off grid (island) mode. One of the critical issues of DC
microgrids is coordination of power flow and energy management
among DGs. Some operating rules such as the states, properties
and priority order of each parts have to be created to organize
energy transfer among the DGs in the DC microgrid. This paper
summarizes an energy management and monitoring system for
grid connected DC microgrid having PV panels, storage unit,
electric vehicle, critical and non-critical loads.
Keywords— DC Microgrid; Energy Management System;
Monitoring System.

I. INTRODUCTION
Environmental issues are essential part of the electricity
generation and energy consumption. In spite of the fact that our
world is affected from all type of energy sources
environmentally, especially fossil fuels based electricity
generation is the one of the important actor in air pollution.
Therefore, renewable energy sources have substantially
increased in electricity production at last two decades. Amount
of power obtained from renewable energy sources, however,
depends upon geographical area and atmospheric conditions
and varies day to day and hour to hour. Any changes at
atmospheric conditions affect the power quality of energy
sources because of the fact that these conditions causes
oscillations in obtained energy [1-3]. In order to improve power
quality and supply the loads with continuous and smooth
energy, storage units such as battery, supercapacitor are used in
the power systems including renewable energy. In this way,
feeding of the loads from energy sources or storage units is
provided continuously.
Global warming and climate changes are also main problems
originated from fossil fuels. Transportation is one of the reason
increases greenhouse gas emissions and air pollutions in the
world. By penetrating vehicles use clean energy into
transportation sector, greenhouse gas emission can be reduced.
Recently due to great interest to EVs, electric car markets has
grown and importance of the EV’s battery technology and
charging methods has increased. Nevertheless, more complex
structures are formed by connecting electric vehicle batteries to
the grid.

Small scale power systems including distributed generators
(DGs), mainly renewable energy sources, and storage units are
called a microgrid (MG) which can be constructed either AC or
DC. The MG commonly includes distributed energy sources,
energy storage units, AC/DC loads which can be critical or noncritical loads and electric vehicles (EV). The MG can also be
operated in either grid connected or islanded modes. Owing to
easy conversion among the voltage levels, AC power has
dominated as a main power sources at the centralized power
system. In the ways of microgrid, however, DC microgrids
have some advantages compared to AC microgrids. For
instance, since multiple converters used for DC loads such as
LED lights, EVs have been reduced, losses has also been
reduced which result in higher efficiency on the DC microgrids.
Various DC DGs, such as solar photovoltaic (PV), energy
storage, and fuel cells can easy be integrated to the DC
microgrid. There are no need to excitation units for exciting
rotary generators which are separately excited. Because DC
MG has no frequency phase or reactive power control, without
synchronizing the buses bus ties can be operated [4].
In terms of continuity of the energy, it is necessary to transfer
energy among the units connected to the DC microgrid. As a
result, energy management systems (EMS) have to be created
on the DC microgrids. Energy management systems are created
by considering situations such as energy cost [5-7], power
sharing [8-12], energy demand [13-15].
In this study, design and monitoring of EMS for grid
connected DC microgrid, including PV, storage unit, electric
vehicle battery, DC load and critical load has been provided by
voltage droop control method. Overall structure of the study has
been organized as follows: DC microgrid under consideration
has been summarized in section II, control methods and
monitoring of the EMS for designed DC MG has been outlined
in section III and IV respectively. Finally developed EMS
concluded in section V. The operation of the system is
performed under different scenarios and the operation of the
system is monitored.
II. DESIGN OF A DC MICROGRID WITH ENERGY
MANAGEMENT SYSTEM
Block diagram of the DC microgrid concerned about is
shown in Fig. 1. The system has solar panels, battery storage

unit, electric vehicle, AC and DC loads which can be critical or
non-critical. The MG has also been connected to the AC main
grid via point of common coupling (PCC).
AC Loads

PV

AC Utility
PCC

microgrid. With the condition that energy obtained from both
PV and storage units are below the consumed energy, AC
utility grid feeds the DC microgrid. In this study AC utility grid
can supply the DC microgrid from either single phase or three
phase. During operation the EMS searches for AC utility grid
phases. If all phases are available, The MG is fed from three
phases. Suppose one of phases is absent, the MG is supplied
from one of available single phases.

EMS

Fig. 2 shows operating conditions of the DC microgrid. At
the beginning, power produced by PV and power consumed are
calculated. If the power produced by PV greater than consumed
power then the operating mode of the MG is selected as
islanded mode otherwise operated in gridconnected mode.
Start

DC Loads

EV

Calculate; PPV, PL_AC , PL_DC

Battery

Fig. 1 The DC Microgrid Structure with EMS

In MGs there should be a good coordination and
communication among the DGs. Coordination and
communication in midst of the components are provided by
EMS. In order to fulfill the loads demands whilst satisfying a
number of necessities in terms of the equipment and system
operation, the EMS determines optimal running schedule for
the MG. In this study following rules have been built up so as
to the EMS can settle optimum operating plan.
 Dominant source of the considered MG is PV. In case
of having enough energy, PV supplies the loads and
charge the both storage and EV’s batteries until upper
limit of the state of charge (
). If the power
produced by PV,
, exceeds the power consumed,
+ _ and SoC of the storage units reach their
_
upper limit, extra power are transferred to the AC utility
grid.
 In the absence of solar power, the storage and EV’s
batteries feed the loads as long as their SoC goes to
minimum level (
). If SoC of one of the storage
units goes to
, then energy transfer from one
storage to another is also possible.
 Unless PV source are unavailable and SoC of the storage
units are minimum level, the main AC grid provides
necessary power from either single or three-phases.
III. THE DEVELOPED ENERGY MANAGEMENT SYSTEM
The flow chart of the developed EMS for the DC microgrid
has been formed according to status, properties of the energy
sources connected to the DC grid. If the PV panels has enough
energy for supplying all loads are fed from PV and storage units
are charged from exceeding energy as long as PV has excess
energy. The exceeding energy is transferred to AC utility grid,
when all storage units reach to
. In case PV has
insufficient energy for supplying consumed power and
>
of storage units then storage units are support the DC

P PV 
Yes
Islanding
Operation



PL
No
On-Grid
Mode

End

Fig. 2 Flowchart of PV Control

A. Islanded Mode Operation
Power sharing on the MG in steady state can be written as
follows:
−

±

±

±

+

_

+

_

=0

(1)

where – denotes produced power,  represents consumed
power and ± refers to both consumed and produced power,
is power transferred to the utility grid. PV panels always
generate the power during sunlight of the day, while AC and
DC loads usually consume power in steady state mode as
indicated (1). Equation (1) also specifies that utility grid and
storage units can penetrate the MG as well as withdraw power
from it.
Islanded mode operation occurs when the MG isolated from
utility grid ( = 0). It happens in the event that PV power
produced satisfy demand power. Several scenario can be
written for the islanding mode.
1) Loads and storage units are supplied from PV panels:
During strong sunlight of the day, PV panels produce high
power. The generated power is used for feeding AC and DC
loads. In the event that the power provided from PV is larger
than the power consumed by loads, extra power is used for
charging storage devices if
<
. EV and Battery
Storage can be charged at the same time, however, first Battery

Storage and then EV can be charged. Supposing that all storage
units fully charged, the MG switches to grid connected mode
and excess power penetrate the utility grid.
2) Loads are supplied from PV panels: In this operation
mode, PV panels generate power, just adequate for load
demands. In general this type of operation is not common and
it may occur in a short time of the day. If the demands side can
be characterised for several categories and priority setting for
them can be constructed, however, loads are put into use based
on priority order and available power. In this study critical and
non-critical loads are defined for both AC and DC loads. In case
of limited power only critical loads are supplied.
3) Loads are supplied from PV panels and storage units:
Depending on the weather condition, PV panels sometimes
could not generate enough power to meet load demands. For
instance, sun rising, sun set, cloudy weather or any shielding on
the PV panels lead to low power generation. In this case storage
units support the MG to fulfill the required power. Storage units
are commissioned based on their SoC level. The EMS firstly
checks the battery SoC level and enable to provide power if its
SoC level is more than SoCmin. Otherwise it check the EVs
battery whether or not it has connected to the MG. If EV
connected to the MG and its SoC level is more than SoCmin then
EV started to feed the MG.
4) Loads are supplied from storage units: In this study
two types storage units has been defined. First one is battery
stroge which is used for storing excess energy. Stored energy is
then used for feeding loads while promising power stability.
Latter is the EV which is used for transportation and is load for
the MG in nature. However, on the assumption that available
power on the MG is not adequate for answering load
requirements and/or instabilities because of stochastic nature of
the PV, it can be used for satisfying load needs especially for
critical loads and ensuring power stability. Unless PV panels
supply the MG, storage units provide necessary power for the
MG as long as their SoC > SoCmin.
Fig. 3. shows flowchart of the EMS for islanding operation.
Observation of
PPV , PL_AC , PL_DC,
SoCbattery, SoCEV

B. Grid Connected Operation
In order to guarantee operation of the batteries in the safe
margins without decreasing the life cycles, lower and upper
charge levels have been defined for both battery storage and EV.
The MG operates islanding mode whenever SoC of the storage
units are between the lower and upper limits. The MG switch
to grid connected mode, however, with the condition that SoC
of the storage units goes out of safety margins. In the grid
connected mode power sharing exists between the MG and
utility grid. If the PV panels provide power for the MG and SoC
of the storage units is over SoCmax, the MG penetrate power to
utility grid, else if PPV  0 and SoC of the storage units is lower
than SoCmin, the MG receive power from utility grid.
Connection between the MG and utility grid is performed by
bi-directional voltage source inverter (VSI), given in Fig. 4,
which is capable of operating either single or three phases.
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Fig. 3 Flowchart of Islanding Operation

DC Grid
Voltage
Measurement
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Fig. 4 VSI Used for Grid Connection

In this way protecting of the MG from power shortage can
be possible even though one or two phases of utility grid are
missing. Supposing power supplied by PV is available on the
MG and SoC of the storage units is maximum level, excess
power passes through to utility grid. From (1), power
transferred to the utility grid can be written as follows:
=
− _ − _
(2)

As indicated before grid connected operation occurs when
SoC of the storage units are above the SoCmax or below the
SoCmin. In the event that former realizes, VSI operates at
inverter mode and power transferred to the utility grid has also
been given (2). In the latter case, VSI operates at rectifier mode
and utility grid feeds the loads and charges storage units. At this
time power extracting from utility grid can be determined as
follows:
=
+
+ _ + _
(3)
Once storage units are fully charged, the MG switches to
islanding mode again. Flowchart for the grid connected
operation are depicted at Fig. 5. As seen from the figure that the
EMS observes the powers of PV panels and loads, SoC of the
storage units and phase voltages of utility grid. If power of the
PV panels is more than total load powers, the MG goes to
islanding operation. Otherwise the MG operates as grid
connected mode. When grid connected operation starts, the
EMS check the voltages available on the grid. A safety margin
has been defined for the grid voltages to establish reliability of
the conversion process. According to [16], safety margin
defined as 0.9Vn < VA,B,C < 1.1Vn, where Vn is the rated rms
voltage of grid and VA,B,C are the A, B, C phase voltages
respectively, power converter operates at three phase mode and
the MG is supplied from three phases. On the assumption that
any of the phase voltages are out of safety margin more than
one minute, the EMS checks the voltages A, B, C respectively
and feeds the MG from available one of single phase.

IV. MONITORING SYSTEM FOR DC MICROGRID
A visual interface has been prepared thru the LabVIEW
software to monitor system. The prepared interface for the EMS
of the DC microgrid is given in Fig. 6. In order to inform users
whether or not the components connected to the MG are active,
a lamp indicator has been inserted to the interface for every
component. When components of the DC microgrid are
connected, the warning lamps on the interface light in green,
otherwise they blink red. When the flow direction of the energy
is towards the DC grid from the components, the energy lines
light in pink, whereas, when it is from the DC grid to
components, it’s color return to yellow. If any component status
is inactive, the energy line of this component turns to black. As
indicated before, power flows of the PV and loads are one
unidirectional, while storage units and utility grid are
bidirectional. In the visual interface, the PV panel voltage, the
voltages of each phase of the AC grid, the charge levels of the
storage and the electric vehicle batteries have also been shown
separately so that the operating status of the system can be
monitored easily.
MONITORING OF ENERGY MANAGEMENT SYSTEM
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200
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Fig. 6. LabVIEW Interface of the Energy Management System
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Charge
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V. CONCLUSIONS
Within the scope of the work, energy management system
for the DC microgrid has been designed and a monitoring
interface with LabVIEW program has been prepared to monitor
the operation of the system. PV panels, DC and AC loads, EV
and battery storage have been considered for designing of the
MG. Islanding and grid connected operation of the MG have
also been investigated in the study. The EMS designed has been
tested for several conditions both islanding and grid connected
modes. All operations of the EMS have been monitored from
the monitoring system. It can be concluded that designed EMS
and monitoring system are easily used for controlling and
monitoring of the MG at steady state conditions. Transient
operation, stability and power quality issues about the MG,
however, need to be taken into account.

Islanding Operation

Fig. 5 Flowchart of Grid Connected Operation
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Abstract— In PLC communication integrated with smart grid
technology, it is an important subject to investigate the broadband
data transmission possibilities of busbar distribution systems as a
communication channel. In this regard, the influences of branches
(number and length) on transfer function were investigated
assuming the busbar PLC channel as an N-branched network.
Moreover, the bit error rate performances were also carried out
for varying branch number and branch length between
transmitter and receiver. The results presented in this study show
that the attenuation and the depth of notches in the transfer
function increase with increasing number of branches and branch
lengths. While the notch positions in the transfer function do not
change according to both the branch number and frequency, they
are related to the branch lengths. For the different signal paths
in the busbar, the notch positions remain the same. Attenuation is
maximum for L2-N signal path in each case. Additionally,
increasing branch length and branch number decrease the BER
performances. At the same SNR, the highest BER value was
obtained for the L2-N signal path. This study is a contribution for
the power line communication researchers in terms of
characterizing busbar distribution systems as a transmission line
along with the cables.
Keywords— Branched network, bit error rate performance,
busbar, power line communication, smart grid, S-parameters,
transfer function modeling

I. INTRODUCTION
Using the existing infrastructure of electrical grid to transfer
the data is called as “Power Line Communication (PLC)” and it
is a powerful candidate as a low-cost solution for smart grid
applications. Although there are some advantages in terms of
installation cost, the hostile medium of the grid has been the
most important challenge both researchers and PLC designers.
Recently, the demand of wide area communication is becoming
an increasingly subject in terms of Internet of Things (IoT). IoT
consists of virtual connections between everything: vehicles,
buildings, machines, humans, animals, etc. In this concept, PLC
as a low-cost solution has begun to gain importance as expected.
Dynamically changing structure of the grid needs to know both
the characteristics of each component within the grid and the
effects of these time-varying changes for providing a consistent
data communication.
There are various studies in the literature in terms of
different PLC network configurations effects on channel
transfer function [1-8]. These studies generally investigate the
influences of line length, branching and load impedances on the
transfer function of the PLC network for cables such as medium

voltage, underground, in-building cables which are commonly
used. Additionally, in LV grid, busbar distribution systems are
also used to carry energy [9-14]. Thus, the similar researches
should be made for the busbars which they have different
structural and physical properties. In some previous studies, the
broadband [14-16] and narrowband characteristics [11-13] of
busbar distribution system were obtained with the help of
measured S-parameters but, then again, it is not enough to
characterize busbar distribution system as an PLC network.
From this point of view, the investigation of the characteristics
of the busbar PLC network with varying topology are essential
due to further reserach is needed for PLC designers.
In our previous study [17], the influences of line length on
the channel transfer functions were investigated. However, the
branch effects on transfer function was not the scope of [17].
Thus, in this study, the influences of branches (number and
length) on transfer function were investigated assuming the
busbar PLC channel as an N-branched network Moreover, the
bit error rate (BER) performance was also analyzed for varying
branch number and branch length between transmitter (Tx) and
receiver (Rx) as a contribution to this area.
II. TRANSFER FUNCTION AND BIT ERROR RATE
PERFORMANCE OF THE BUSBAR PLC SYSTEM
To obtain the transfer function of busbar PLC network
(cascaded N-single branch) as shown in Fig. 1, the transfer
function of each single-branch network, separately that is called
as bottom-up approach. It is a frequency domain channel
modeling approach based on the derivation of the physical
explanation of electromagnetic wave propagation in
transmission line networks with known characteristic
impedance (Z c ) and propagation constant (γ) parameters [18].

Fig. 1 N-branch busbar PLC network (b N : branch).

Firstly, S 11 and S 21 parameters of the each single-branch
network is calculated [19]. S 21 is obtained indirectly with a
well-known approach by applying shifting in the reference

planes [20]. Then, by using the chain-scattering matrix method
that employs S-parameters of each single-branch network, the
S-parameters of the whole busbar PLC network can be
calculated. The desired transfer function of the system is S21
term of the S-parameters of the whole PLC network with 50 Ω
reference impedance [20]. To show the effect of the branch
lengths (l d ) and branch numbers (d s ) between Tx and Rx on
transfer function (H(f)), some experiments were conducted at
the 630 A current level busbar up to 50 MHz for L1-N, L2-N,
and L3-N signal paths.
In this study, BER performances were examined using
Decision Feedback Equalizer (DFE) equalizer. 4-QAM
modulation was used due to it is a widely preferred modulation
in digital communication systems in terms of high bandwidth
and power efficiency. Least Mean Squares (LMS) Algorithm
was utilized as adaptive algorithm due to it is generally used in
receiver units using such types of equalizers. In the simulations
5000 data packets were send to 500 different busbar PLC
channels. The first 1000 symbols of the data packets are used
for training to the equalizer filters and the remaining 4000
symbols are used for the BER results. The BER results are
compared for the L1- N, L2-N, and L3-N signal paths of the
630A current level busbar. All computations are performed in
baseband with using Monte Carlo simulation in MATLAB
environment.

A. The Influence of Branch Length (l d ) between Tx and Rx for
Different Signal Paths
The effect of varying branch length on H(f) was shown in a
single-branch network configuration with a 100 m line length
(l TR ) and 100 Ω load impedance (Z d ). The l d was taken as 3 m,
6 m, and 12 m for H(f) calculations as shown in Fig. 2.

it is seen that the number of notches and peaks of H(f) did not
change with frequency but changed with branch length. As the
branch length increases, the number of notches and peaks in H(f)
increases, and the notch and peak positions do not change for
different signal paths. The attenuation increases with frequency
and the most attenuation is realized for the L2-N signal path.

Fig. 4 BER performance with varying branch lengths.

When the BER performances are evaluated according to the
different branch lengths, the BER increases as the branch length
increases as shown in Fig. 4. The SNR values encountered in
the L1-N signal path for l d = 3 m, 6 m, and 12 m for a bit error
rate of 10-4 are 17.76 dB, 18.06 dB, 18.45 dB; 18.33 dB, 18.88
dB, 19.74 dB in the L2-N signal path; and 17.74 dB, 18.32 dB,
and 18.78 dB in the L3-N signal path.

B. The Influence of Branch Number (d s ) between Tx and Rx
for Different Signal Paths
The branch number between Tx and Rx was increased to
show the effect of d s on transfer function from 0 to 10 and the
l TR , l d , and Z d were set 100 m, 3 m, and 100 Ω, respectively as
shown in Fig. 5.

Fig. 2 Busbar PLC network configurations with varying branch lengths.

Fig. 5 Busbar PLC network configurations with varying branch number.

Fig. 3 Transfer functions for different branch lengths.

Fig. 3 shows the effect of the branch length on the transfer
function (frequency domain H(f) and time-domain, h(t)) for
different signal transmission paths (L1-N, L2-N, L3-N). Here,

Fig. 6 shows the effect of branch number on transfer
functions (frequency domain H(f) and time-domain, h(t)) for
different signal transmission paths (L1-N, L2-N, L3-N). The
notch and peak positions of H(f) do not change with the branch
number or frequency and are same for different signal paths.
Attenuation increases with both branch number and frequency.

The depth of notches increases as the number of branches
increases. In no branch case (d s =0), attenuation is less.

Fig. 6 Transfer functions for different branch numbers.

When the BER performances are evaluated according to
different branch numbers, the bit error rate increases as the
number of branches increases as shown in Fig. 7. For a BER
level of 10-4, the SNR values encountered in the L1-N signal
path at d s = 3, 6, 10 are 14.89 dB, 17.93 dB, 19.25 dB; 15.7 dB,
18.75 dB, 20.76 dB in the L2-N signal path; And 14.87 dB,
18.28 dB, and 19.86 dB in the L3-N signal path.

more inter-symbol interference (ISI). For this reason, in this
study BER performances were examined using DFE equalizer
to reduce the ISI and noise effects. As a result, BER
performances decrease as the branch length and branch number
increase. At the same SNR, the highest BER value was obtained
for the L2-N signal path as expected.
Last of all, the observations presented in this study will be
helpful for PLC researchers in this research area in terms of
busbar analysis for data transferring.
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Abstract— In this study, three-phase, two-leg inverter topology
with proportional-resonant (PR) controller is proposed as a grid
interface of grid-scale battery energy storage systems (BESSs).
The proposed inverter has only two legs and four switches instead
of six switches of conventional three-phase inverter. Thus, features
of the conventional three-phase inverter are provided by reduced
switch count inverter. In addition, the reduced switch count
inverter topology has also bi-directional power flow ability. The
proposed system is modelled and simulated with
MATLAB/Simulink. Simulation results show that the system
performs as well as ordinary inverters when evaluated according
to system performance parameters such as system dynamic
response and steady state error. In addition, inverter current THD
level is in the limits of the international standards.
Keywords— Reduced number of switches, two-leg inverter,
proportional-resonant controller, energy storage.

I. INTRODUCTION
Increasing energy demand, the depletion of fossil fuels, the
guarantee of energy security, the principle of energy production
in the place where the energy is consumed and the
environmental concerns have led to an increase in distributed
power generation station such as PV, wind, biomass, tidal etc.
[1]. Since the power level of the renewable energy sources are
generally related about some natural effects such as wind speed,
solar irradiation, energy storage systems have also gained
importance to provide sustainable energy to the loads. In
addition, variation on these natural effects causes some
fluctuations on the output power of the renewable energy
sources, and these fluctuations threaten the power quality and
power system stability. These effects are more effective in
micro-grids. Therefore, large-scale energy storage systems have
been designed for providing continuous energy to the loads or
power system, improving the power quality and power system
stability, mitigating the power fluctuations and other purposes
such as spinning reserve, peak shaving, load levelling etc. [2].
Different energy storage topologies have been presented
such as the pumped-hydro storage systems, the compresses air
storage systems, the batteries, the flow batteries, the hydrogen
based storage systems, the superconducting magnetic energy
storage systems, the flywheels and the supercapacitors. Among

them battery energy storage system which is modular in nature
is commonly used in grid-scale energy storage systems.
Although different chemistries are possible, the Lithium-ion
(Li-on) and Sodium-sulphur (NaS) are more common in these
applications [2, 3].
The three-phase conventional voltage source inverters
(VSIs) are commonly used as grid interface in grid-scale BESSs
and renewable energy application [4]. The three-phase VSI has
three legs with two switches and their inverse diodes. Certainly,
a gate driver is required for each switch. Since the element count
affects the cost and volume, and reduction in the cost and
volume are attractive all the time, researchers have been
focusing on reduction of these factors and have suggested some
new converter topologies [5-8]. The two-leg inverter which is
also known as B4 inverter is proposed as new topology for
motor drives [9-11]. This structure can replace with
conventional three-phase VSI (also called as B6 inverter) based
motor driver provide similar features with fewer switches.
Although this method, which has been proposed for electric
motor drives decades ago, has not been popular for many years
due to some limitations, but it became popular research topic
again with developing semiconductor switch, capacitor and
microcontroller technology. Some recent studies on gridconnected inverter, active power filter, STATCOM applications
have been proposed. In addition, there are researches on
impedance network with two-leg inverter to provide boost mode
operation [12].
In BESS applications, bidirectional converters are used as
grid interface of the energy storage system. The power flow is
bidirectional and especially for power fluctuation mitigation
process, the reference current of the BESSs is highly dynamical.
Therefore, this system requires fast and dynamic control
schemes. Certainly, the controller must have these features for
both operation modes (power flow directions). The rotating
frame PI and/or PID controller provides acceptable performance
for three-phase AC systems. In this case, Clarke and Park
(abc/αβ and αβ/dq) transformations of the voltage and current
quantities should be required. The PR controller which provides
fast transient response and good tracking ability of AC signals
can be used instead of PI and/or PID controller, thus number of
transformation can be reduced. Since the PR controller tracks

the AC signals, Park transformation requirement can be
removed. Thus, computational burden can be also reduced [13].
In this study, three-phase two-level reduced element count
inverter is proposed for grid interface of the BESSs. This system
has two operation modes such as charging (or rectifying) and
discharging (or inverting) and operates as bidirectional gridconnected inverter. Comparing to the conventional three-phase
inverter, the proposed inverter has only two-legs and four active
switches and it provides the same tasks with two-thirds less
switches and gate drivers. Thus, reduction in size and cost is
achieved. The inverter current is controlled by PR controller,
which provides high gain values at specific frequency and low
gain values other frequency values. Thus, a dynamic control
structure is obtained. The proposed system is tested with
MATLAB/Simulink platform and the simulation results show
that the proposed inverter has fast dynamic response either
direction. Furthermore, steady state error is removed and very
low THD values which are in the limits of international
standards such as IEEE1547 and IEC61727 is obtained.
II. THREE-PHASE TWO-LEG VSI
The two-leg VSIs are designed to replace the three-phase
VSIs which are commonly used in medium and high-power
applications. The two-leg VSI reduce the number of switch six
to four thus reduce the system complexity, size and cost.
Although initial studies on two-leg inverters are mainly focus on
the motor drives, these inverter topology is also applied to unity
power factor rectifiers, active power filters and distributed
generation applications [14-16].
Three-phase conventional VSI and three-phase two-leg
inverter structures are depicted in Fig. 1. Three-phase two-leg
inverter voltage equations are written as:
VAN  Vdc ( S1a  S2 a )

(1)

VBN  Vdc ( S1b  S 2b )

(2)

where S nm (n=1, 2 and m=a, b) are position of switches (1 =
ON and -1 = OFF). State equations can be expressed as:
dia
di
(3)
 Lb b  vAN  van  vcn
dt
dt
di
di
(4)
Lb b  Lc c  vBN  vbn  vcn
dt
dt
Equations (3) and (4) can be written in the state space form as
given Eq. 5:
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As seen from Fig. 1, the two-leg inverter can operate as threephase three-level with only four semiconductor switches.
Compared to conventional three-phase inverters, the number of

(a)

(b)
Fig. 1. Three-phase VSIs a) The conventional three-phase inverter, b) The
three-phase two-leg inverter.

semiconductor switches and drivers is reduced to two-thirds of
conventional three-phase VSIs.
III. THE PROPORTIONAL-RESONANT CONTROLLER
The proportional-resonant controllers are well-known
method for especially sinusoidal signal tracking applications.
These controllers provide high gain at their resonant frequencies
and zero gain at other frequencies. They have equivalent
features with proportional-integral (PI) controllers in DC
systems. Therefore, the PR controllers are applied in gridconnected inverters, unity power factor rectifiers and active
filter applications. The transfer function of the ideal PR
controller is given as follows:

G( s) 

2K s
Y ( s)
 Kp  2 i 2
E ( s)
s 

(6)

here Kp and Ki are the PR controls gains and  is the resonant
frequency [17]. These gains are similar to gains of the PI
controller and they can be defined like the PI controller gains.
The dynamics of the systems e.g. bandwidth, phase margin and
steady-state response can be determined by changing the Kp and
Ki gains. The ideal PR controller has infinite gain at the resonant
frequency. Although high gain values provide fast transient
response, it may cause stability problems. Therefore, a damping
is added to the ideal resonant controllers to provide stronger
stability. The transfer function of the dumped PR controller is
given in Eq. (7):
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where, c is the cut-off frequency and it is very small when
compared to resonant frequency .

the current error signal. The equation defining the control signal
(u(t)) generation is given below:

2Kic s
(15)
)
s 2  2c s   2
After the required transformation the control signal u(t) is
applied to the PWM generation unit and required gate signals
of the four semiconductor switches located at two-leg of the
inverter are generated.
*
U (s)  (i
(s)  i (s)( K p 

IV. PROPOSED SYSTEM
The proposed three-phase two-leg inverter scheme with PR
controller is shown in Fig. 2. The proposed system consists of
the DC voltage source, three-phase two-leg VSI, the output
filter, the PR current regulator and the phase locked loop (PLL)
circuit. Voltage divider capacitors are used to obtained DC link
voltages and midpoint of the DC link voltage is connected as the
third phase.
The three-phase two-leg inverter can be modeled as given
below:
di1a
(8)
 ra ia  SaVdc  Van  VnN
dt
di
(9)
Lb 1b  rb ib  SbVdc  Vbn  VnN
dt
di
(10)
Lc c  rc ic  Vcn  VnN
dt
Equations (8)-(10) can be revised if the system is balanced
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Then, the equations (11)-(13) can be written in the stationary
reference frame for La=Lb=Lc=L and ra=rb=rc=r as given below
La

diabc _ 

(14)
 riabc _   Vn  Vabc _  .
dt
The PR controller is designed to control the output currents of
the three-phase two-leg grid-connected inverter. The PR
controller generates the necessary control signal according to
L

V. SIMULATION RESULTS
The proposed bidirectional three-phase two-leg inverter and
the PR controller is modeled and simulated with
MATLAB/Simulink. The parameters used in the simulations
are given in Table 1.
TABLE I
SYSTEM PARAMETERS

Parameter
Grid voltage amplitude, Vg

Value
230 2 V

Grid frequency, fg
Inverter-filter inductance, L1
Switching frequency fsw
PR Controller parameters, Kp, Ki
DC capacitor C1, C2
Filter inductance

50 Hz
1.74 mH
10 kHz
20, 1000
1000 uF
1.1 mH

The proposed system is started in inverter mode, and export
energy stored in the battery energy storage system to the grid.
At t=0.04 s, the reference currents of the inverter are reduced
from 50 A to 25 A. It is seen from Fig. 3 that; inverter output
currents are all in sinusoidal waveform and balanced. The
inverter output currents are also in phase with the grid voltage,
and unity power factor operation is obtained. Besides, it is seen
that the proposed controller tracks the reference current with
great success, has fast transient response. At the time of
reference variation, there is not any oscillation or overshoot. In
this operation condition, the THD value of the inverter output
currents is obtained as 0.63% and 1.22% for 25 A and 50 A

Fig. 2. The block diagram of the proposed grid tied inverter system.

Fig. 3 Grid voltage and current waveforms for discharge mode operation at
step reference change.

Fig. 5 Grid voltage and current waveforms at mode changing instant.

Fig. 6 Grid voltage and current waveforms for charge mode operation at step
reference change
Fig. 4 The harmonic spectrum of the current for discharging mode

reference conditions, respectively. The harmonic spectrum of
the current for discharging (inverter) mode is given in Fig. 4.
At t=0.09 s (when one of three-phase currents is at its peak
value), the reference currents are inversed and operation mode
is switched from inverter mode to rectifier mode. In this
operation mode, the proposed inverter charges the batteries
from the grid. It is seen from the Fig. 5 that smooth transition
from one operation mode to the other is obtained and the
inverter output currents all track their reference values without
any oscillations both on grid voltage and output currents. The
proposed system keeps operating with 25 A peak reference
current value. At t=0.013 s, the peak value of the reference

currents is increased to 50 A. The of the inverter is reduced
from 50 A to 25 A. It is seen from Fig. 6, that, rectifier
(charge)currents are all in sinusoidal waveform and balanced.
They are also synchronized with the grid voltage and frequency.
Besides, it is seen that the proposed controller has fast transient
response in rectifier mode, too. The THD values of the rectifier
currents are obtained as 1.26% and 0.64% for 25 A and 50A
reference current values, respectively.
VI. CONCLUSIONS
In this study, a three-phase two-leg inverter is proposed for
grid scale battery energy storage applications. The proposed
inverter is used to charge and discharge the battery system. The
current drawn by or injected through the grid is controlled with

PR controller. The simulation results show that, three phase
currents are all balanced and in sinusoidal waveform. The THD
value of the current is 1.26% and 0.64% for 25 A and 50A
reference current values in charge mode, and 0.63% and 1.22%
for 25 A and 50 A reference current value in discharge mode,
respectively. Besides, the unity power factor operation for both
charge and discharge mode of operation is obtained. Moreover,
three-phase inverter-rectifier operation is provided with only
four switches, thus operation with reduced number of switch is
obtained.
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Abstract— Long term surveillance of underwater environments is
a job which is possible to encounter many hardships due to the
environment being unlimited along with being a job that requires
great labour and time. Underwater surveillance has the potential
to be more efficient and effortless with the help of underwater
observation cameras. By recording the obtained image data,
studies about underwater can be repeated and improved. In this
study, 130 colour and mask images belonging to Amphiprion
clarkii, Neoniphon sammara, and Pomacentrus moluccensis fish
species were used which were obtained for Fish4Knowledge
project supported by FP7 European Commission. These 3
different kinds of fish were classified using Artificial Neural
Network based on shape, colour and texture features extracted. It
can be seen from the classification accuracy of 98.88% that the
study was successful.
Keywords— Amphiprion clarkii, Artificial Neural Network,
Classification, Feature Extraction, Fish Species, Image
Processing, Neoniphon sammara, Pomacentrus moluccensis

I. INTRODUCTION
Long-term observation of underwater environments is
necessary to determine the effects of climate change and
pollution in underwater environments. One of most significant
environments is coral reefs. In order to detect seasonal changes
and pollution effects, it is imperative to monitor the animal
population and biodiversity first, and nowadays it is still very
challenging to do so because the environment is unstable and
unlimited [1]. For proper management and protection of
migratory fish species requires accurate monitoring of the
number, size, species and movements of fishes during climate
changes [2]. Often these observations are done by marine
biologists with the help of setting, underwater photographs and
video recordings taken by divers and the combination of setting
and acoustic (sonar) methods which are processes that require
great deal of time and labour [3]. Moreover, the obtained image
data is insufficient in terms of amount for the accurate
identification of the observed environment [4]. Also, manual
detection of fish species is difficult due to the poor quality

images because the nature of the environment is ambiguous [2].
In general, machine vision systems are used in various
disciplines to remove the difficulties stem from manual
operations. Despite promising developments in the
uninterrupted, economical and efficient detection of fish
species using image processing, studies have mostly been
carried out on dead fish [5]. The reason for this is the inability
to measure fish properly due to mobility of living fish and
environmental variability.
There are many field studies in the literature ranging from
studies measuring the size of fish produced in fish breeding and
accordingly developing breeding policy to determining of the
natural environment of many fish species.
In one of these studies, Storbeck et al. (2000) have classified
6 different fish species according to their width and height
measurements at different regions using artificial neural
network. The accuracy rate obtained was 95% [4].
LeFeuvre et al. (2000) developed software for the
identification of fish species in the North West Atlantic by
extracting shape, texture and position properties from acoustic
(sonar) images and obtained 98.9% and 97.1% accuracy rates
for carp and hatchlings, respectively [6].
Lee et al. (2003) extracted shape features from 22 different
images of 9 different breeds and performed curvature function
analysis to find critical points. As a result, they measured the
difference between the tested fish and the feature extracted fish
[2].
In another study, White et al. (2006) calculated the length of
7 different fish species moving on a conveyor band and realized
the classification of fish species. They made accurate
measurements with a standard deviation of 1.2 mm in length
and achieved a classification accuracy of 99.8% for 7 different
fish breeds [7].
Zion et al. (2006) derive the size and direction-independent
properties of three different edible fish breeds from the images
obtained in a water tank similar to the cultivation environment,
and obtained 98.9%, 94.2% and 97.7% accuracy results for
three fish breeds respectively using a Bayesian classifier [8].

Larsen et al. (2009) performed classification by linear
discriminant analysis using shape and texture properties
obtained from108 different images of 3 different fish species
which resemble each other. The accuracy rate obtained from
training data was found as 76% [9].
Spampinato et al. (2010) obtained shape, environment and
texture properties for underwater detection and tracking of fish
species and realized classification using discriminant analysis
with accuracy rate of 92% [3].
Rodrigues et al. (2010) used scale invariant feature
transformation (SIFT) and principal component analysis (PCA)
to obtain shape, appearance, and motion properties of 9
different fish species. Same species were clustered using
artificial immune neural network (aiNET) and adaptive radius
immunity algorithm (ARIA). They were also classified by a
simple nearest neighbour strategy. The accuracy rate obtained
from this classification was 92% [10].
Hu et al. (2012) performed classification on 6 different fish
species using colour features, statistical texture features and
wavelet features obtained from colour and texture sub-images.
The average highest accuracy was found as 97.77% form three
different classifiers [11].
In another study, Boom et al. (2012), which uses the data set
we used in our study, have designed an online system and
interface that detects and clusters 15 different species of fish
underwater, labels each fish and performs follow-up [1].
Hsiao et al. (2014) have designed a system to monitor coral
reefs around Taiwan. The success rate achieved in this system
which recognizes and classifies the fish by extracting the colour
features from the obtained video images is 96% [12].
In another study realized by Qin et al. (2016), deep learning
was used to extract features which belongs to 23 fish species
from images taken by underwater cameras. The accuracy rate
obtained with a support vector machine (SVM) classifier is
98.64% [13].
Miranda et al. (2017) have designed a prototype system that
will be used in fish breeding for measuring the length of fish by
taking advantage of the rainbow trout known for its ability to
swim in the opposite direction of the water flow. Fish lengths
were measured using image processing techniques and the
mean absolute error was found as 1,413 cm [5].
In this study, 130 colour images and mask images of
Amphiprion clarkii, Neoniphon sammara, and Pomacentrus
moluccensis fish which were obtained for Fish4Knowledge
project were used and 4 shape features, RGB colour features
and 4 texture features depending on the change of these colour
features were extracted. Artificial neural network trained
according to the features was used for classification and applied
as function to the images anew.
II. MATERIAL AND METHODS
In this study, segmented images are created by adding mask
images on 130 color images of Amphiprion clarkii, Neoniphon
sammara, and Pomacentrus moluccensis fish species which
were obtained for Fish4Knowledge project. The color images
used in the study are shown in Figure 1.

Figure 1. Color images of Amphiprion clarkii, Neoniphon
sammara, and Pomacentrus moluccensis fish species
respectively from top to bottom
Blob analysis was performed to extract shape features
belonging to fish species from these images. A blob is a region
of bound pixels of an object and consequently, blob analysis is
a method which explores blob regions and gives information
about the morphological characteristics of regions with
identification process [14]. The pixels are distinguished from
each other according to their values and divided into two
categories by the blob analysis algorithm. The foreground, that
is, the regions in which the objects are located, is often a
category of pixels with a non-zero value. The background is the
category where zero valued pixels are located. Thus, the blob
analysis algorithm extracts the morphological properties of the
object regions in the images [14]. In this study area, perimeter,
equivalent diameter and eccentricity shape features were used.
Color properties were obtained depending on the pixel
density of the regions which were segmented by masking. The
average pixel densities of the images which relates to the R-red,
G-green, and B-blue channels of RGB color space, one of the
most popular hardware-focused color spaces used for hardware
operations such as image acquisition, recording, and viewing,
were used as color features [15]. The properties that depend on
the variation of the pixel values of the regions are the texture
properties. The texture features used in the study were standard
deviation, entropy, skewness and kurtosis. All the features used
in the study are shown in Table 1 with their definitions.
Since an intelligent system is needed to classify the fish
species after the extraction of the features, these characteristics
belonging to each fish species were given to an artificial neural
network and training was carried out.
Artificial neural networks are similar to the working
principle of the human brain, and are developed for modeling
and solving difficult real-world problems [16]. An artificial
neural network generally consists of three layers; input, hidden
and output layers, each of which consists of neurons [16, 17].
At the input layer, feature data for all samples are fetched and
transmitted to the hidden layer for processing. The hidden layer
processes the data according to the weight values of the
connections between the input layer and the hidden layer and
transmits them to the output layer. Finally, the output layer
divides data into different classes [16]. Since there is no analy-

TABLE I
MORPHOLOGICAL, COLOUR AND TEXTURE FEATURES AND THEIR
DEFINITIONS

Features

Definitions

Area

The number of pixels in a region
The length(in pixels) around the boundary of
the region
The diameter of a circle with the same area as
the region
The ratio of the distance between the foci of
the ellipse and its major axis length
Red Channel
Green Channel
Blue Channel

Perimeter
Equivalent
Diameter
Eccentricity
R
G
B
Standard
Deviation
Entropy
Skewness
Kurtosis

belong to any class. None of the others except for fish that
cannot be identified have had incorrect classification.

Standard deviation of pixel density variation
Randomness of pixel density variation
A measure of the asymmetry of the data around
the sample mean
A measure of how outlier-prone a distribution is

tical method for determining the number of neurons in the
hidden layer, the ideal number of neurons is found
experimentally [16, 17].
The artificial neural network was defined as a pattern
recognition network and the connections between the layers
were updated with resilient backpropagation algorithm. The
input and output transfer functions were selected as hyperbolic
tangent function. In addition, the error function of this network,
which has a hidden layer with 10 neurons, was the mean square
error function. The input layer of the network receives 11
features of 360 data sample and transmits it to the hidden layer
for processing. The hidden layer also transmits the data to the
output layer to be classified in 3 different categories. The data
used in artifical neural network were randomly divided into
training, test and validation data with 70%, 15% and 15% rates,
respectively.
III. RESULTS AND DISCUSSIONS
After training the artificial neural network, the obtained
function is applied on the features obtained from various fish
species and the classification results have been marked on the
images. After the training of the neural network, the obtained
performance graph is shown in Figure 2, the receiver operating
characteristics graph is shown in Figure 3 and the confusion
matrix is shown in Figure 4. Also, the overall accuracy of the
neural network was found as 99.7%.
After applying the neural network function obtained to 360
images one by one, the classification results were found to be
inaccurate for only 4 images and the accuracy rate was found
as 98.88%. A sample of the classification results is shown in
Figure 5. In Figure 5, the results of the classification were
shown by drawing a box around the fish. The green, yellow and
red colours were used to indicate each class, while the blue
colour was used to indicate non-identifiable fish that do not

Figure 2. Performance graph of artificial neural network

Figure 3. Receiver operating characteristics

Figure 4. Confusion Matrix

[7]
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[14]

Figure 5. A sample belonging to the classification results
IV. CONCLUSION
As the results show, the study has been very successful in the
classification of these three fish species. Beyond this, a study
on the development of a system in which more fish species can
be classified quickly and successfully is imperative. It is also
important to carry out a healthy segmentation process that will
not be affected by the variability of the environment. The
development of a software that will eliminate the bad effects of
the camera’s close or distant proximity to the fish or the
position of the fish is a prerequisite for real and instantaneous
classification.
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Abstract— It is desirable for the SRC used in many applications
due to its high performance to operate at the resonance
frequency where the power switches are turned on and off under
ZCS conditions. For this reason, PLL application in PSIM is
carried out in order to follow the resonance frequency of the
SRC used as the power converter in the electrolysis system.
P&O, which is often used when tracking the maximum power
point of wind turbines and solar panels in renewable energy
systems, is adapted to PLL algorithm. In order to observe
whether or not the algorithm follows the resonance frequency,
the value of the resonance capacitor, that is the resonance
frequency, is changed during the operation using the parameter
sweep tool. The PLL algorithm, developed to follow the changing
resonant frequency, is run using simple c-block. In the
simulation study, it is observed that the algorithm follows the
changing resonance frequency thus the ZCS conditions that are
lost with the changing resonance frequency are maintained.
Keywords— Soft switching, Resonant converter, PLL, P&O,
Electrolysis.

I. INTRODUCTION
In many applications, such as in the power conditioning of
the electrolyzer used in the hydrogen production by
electrolysis method, DC-DC converters are used as a power
conditioner between the input power supply and the load [1-5].
Soft switching techniques such as ZVS and ZCS are used to
reduce the switching losses of these converters. ZCS is
suitable for IGBT due to its tail current at low switching
frequencies, but not for MOSFETs preferred at high switching
frequencies. This is because is that turn-on losses of
MOSFETs are more dominant than turn-off losses. Therefore,
ZVS is preferred to reduce turn-on losses especially when
MOSFETs are used as the switch at high switching
frequencies [6-8]. However, turn-off losses of MOSFETs
cannot be prevented. Moreover, if the quality factor of the
resonance circuit is not good enough, turn-off losses are
increased, and also the high turn-off currents can have
devastating effects on the switches. As a result, the efficiency
of the converter is reduced and power switches can be
damaged.

The converter is operated at the resonance frequency at
which the switching losses are removed altogether to avoid
these adverse situations. At this frequency, switches are turned
on and off under the ZCS conditions so that switching losses
are avoided. However, in such applications, the resonance
frequency which, depended on L and C resonance elements,
should be continuously monitored. The reason for this is that
the values of these elements can change in time due to
environmental and physical factors. In this study, in order to
overcome this adverse situation, PLL application in PSIM is
performed for the SRC, which is often used because of its
advantages in many applications [9, 10]. In order to follow the
resonance frequency of the SRC, Perturbation&Observation
(P&O) method used for tracking the maximum power point in
renewable energy applications is adapted as the PLL
algorithm. The reason why P&O is preferred is its simplicity
and ease of implementation [11, 12]. In the following sections
of the study, the proposed PLL algorithm is first analysed.
Then, in order to verify the validity of the analysis, the
algorithm is applied to the SRC, which functions as the power
conditioner for the electrolyzer.
II. P&O BASED PLL ALGORITHM
The circuit structure of the SRC, which functions as the
power conditioner for electrolysis and is controlled by the
P&O based PLL algorithm, is as shown in Figure 1. The
converter must be operated at the resonance frequency in
order that the power switches of M1 and M2 are turned on and
off under ZCS conditions. To do this, it must be determined
whether the resonance circuit is lag-phase or lead-phase and
then the switching frequency should be updated according to
this information. The control structure that performs this
digitally is examined in detail.
As is known from the AC circuit analysis, the resonance
current i of the SRC can be lag, lead or zero phase with
respect to the resonance voltage vab. The low-pass filter (LPF)
output VMes is given in Figure 2 for three different phases
varying according to the switching frequency in order to
reveal the distinguishing sides of these phases and then apply
them to the digital control.
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and so the next perturbation can be applied in the same or
opposite direction. If this scenario is applied to the X-Y points,
as in points A-B, the rule table in Table 1 is obtained.
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Fig. 1 P&O based PLL controlled SRC for hydrogen production
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The phase of the resonance circuit and the next perturbation
are determined by the rule table and the switching frequency
of the converter further approximates the resonance frequency
by the next perturbation to be applied. The main problem with
P&O in renewable energy applications is the oscillations
around the power point. Since the reference value (0 V) is
known in this application, this problem is overcome by
applying proportional control given in the equation after P&O.

VMes
A

TABLE I.

fs

Fig. 2 Example of an unacceptable low-resolution image

As can be seen from the filter output, the filter output is 0 V
for the zero phase occurring only at the resonance frequency,
whereas the filter output for the other frequencies is the
voltage of positive. Therefore, while the zero phase can be
distinguished from the output of the filter, the other two
phases cannot be distinguished. For this reason, it must be
determined which phase the resonance circuit is operating
before updating switching frequency fs. The P&O algorithm is
used to determine the operating phase of the resonance circuit.
Using Figure 2, if the intersection of fs and VMes is at the point
A and a perturbation is applied to the switching frequency in
the positive direction, that is, fs is increased, the new
intersection point will be B. In this case, if the error is defined
as e, VRef and VMes will be 0 V and the measured value
respectively. In such a case, the error at point A is;
(1)
The error at point B is;
(2)
The difference between these two errors, that is, the
difference between the current error (ce) and the previous
error (pe) is the change in the error and is given at the
equation.

(3)
When the "sign" in the proportional control equation
indicates the sign of the next perturbation, Kp is constant of
the proportion. The flow diagram summarizing the above
statements is given in Figure 3.
Measurement “e”
fs = fs ++
Measurement “e”
de = ce - pe

de < 0

de == 0

de > 0

sign = -

sign = 0

sign = +

fs = fs + sign.Kp.e
Measurement “e”
Fig. 3 P&O based PLL algorithm

As seen from the algorithm, the error is measured first then
the switching frequency of the converter is slightly increased
(3) as the perturbation. The error is then measured again and the
change in the error is determined. Since the sign (+) of the
For this scenario, the change in the error is negative. initial perturbation applied to the converter is known, the sign
Therefore, to reach the resonance frequency, the next of the next perturbation is decided and the proportional
perturbation must be applied in the same direction. This control is applied to equalize the error to zero. Thus,
scenario shows that when it is known whether the initial oscillations around the resonance frequency are prevented and
perturbation and the change in the error are positive or the resonance circuit operates at exactly the resonance
negative, the phase of the resonance circuit can be determined frequency.

III. SIMULATION STUDY
The PSIM circuit of the half-bridge SRC in which the
theoretically analysed P&O based PLL algorithm is applied is
as shown in Fig. In the simulation study, the electrolyzer is
modeled as a passive load. The PLL algorithm of the flow
diagram given in Figure 4 is run using simple c block. To test
the robustness of the PLL algorithm, the resonance capacitor
C is defined as a variable of the param sweep tool. Thus, for
each different value of C, it is tested whether the changing
resonance frequency is followed.

As seen from the simulation circuit, the only input of the
PLL algorithm is the LPF output. The value of resonant
capacitor C is changed to 5 nF, 10 nF and 15 nF respectively
by the param sweep tool. The changing resonant frequencies
for these values are calculated as 142.35 kHz, 100.65 kHz and
82.18 kHz, respectively. Figure 5 shows the switching
frequency and the LPF output for different C values. Thanks
to the algorithm, the output of the LPF is fixed to 0 V, which
is the reference value, for each different C value. As a result,
it is seen that the changing resonance frequency is followed by
the algorithm.
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Fig. 4 PSIM simulation circuit

In the simulation study, it is assumed that the active and
passive circuit elements on the primary and secondary sides
are ideal, that there are no transmission losses and therefore
the efficiency of the converter is 100%. In addition to these
assumptions, the parameters of the converter and electrolyzer
are as given in Table 2.
TABLE II.

THE CONVERTER AND THE ELECTROLYZER PARAMETERS

Input voltage

Vin

300 V

Electrolysis voltage

VE

37.5 V

Electrolysis current

IE

30 A

Resonant inductance

L

250 µH

Conversion ratio

n

4

Resonant capacitor

C

5 nF, 10 nF, 15 nF

0.04

0.2

Fig. 5 fs and VMes for different c values

The resonance voltage and current curves of the SRC
operating at different resonance frequencies for varying values
of C are given in Figure 6. As can be seen in the figure, since
the SRC operates at exactly the resonance frequency, there is
no phase difference between the resonance voltage and the
current.
As a result of working at the resonance frequency, the
resonance current is pure sinus, and so this current does not
contain any harmonic component. As a result, the resonant
circuit functioning as a filter acts as a current source and
performs power transfer to the load via the transformer with
the fundamental component of the input voltage without any
loss of energy. The electrolysis current and voltage curves
obtained for three different resonance frequencies are given in
Figure 7.
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IV. CONCLUSIONS
In the simulation study, the resonance frequency of SRC is
followed by P&O based PLL algorithm against changing
resonance parameters. Thus, the current of the resonance
circuit is pure sine and so it does not contain any harmonic
component. In this way, energy transfer to the secondary side
from the primary side is performed without loss. Also, turn-on
and turn-off losses are prevented because the power switches
of the converter operate under ZCS conditions. No analogue
integrated circuit is needed since the PLL application is
completely digitally realized by using the algorithm which has
the single input as the output of the low pass filter. The
functionality of the analysed P&O based PLL algorithm is
verified by the simulation study realized in PSIM.
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Abstract--- In this work the effect of plasma etching on
graphene was investigated. Multi-layer graphene sheet was
etched, layer by layer, using specific values of plasma
parameters. The graphene layers was etched on ground
electrode of the plasma etcher as it produces lower surface
defects. Graphene layer was annealed at 1000 ºC in Argon to
reduce surface defects. Field effect transistor (FET) based on
single graphene layer was fabricated using the etched
graphene. This etching technique opens the door towards batch
production of graphene with the desired number of layers at
the same sheet. This technique is also promising for the
nano/micro devices fabrication.
Keywords—Nanofabrication, nano-device, graphene, plasma
etching

I. INTRODUCTION
Graphene received great attention due to its excellent
electronic, mechanical, and optical characteristics [1-7].
Reported articles shows multidiscipline applications of
graphene such as large bandwidth transistors and
nanosensors [8-12]. Great achievement has been made in
generating large size and high quality graphene, epitaxial
synthesis [13] and chemical vapor deposition [14, 15]. On
the other hand, produce the desired graphene thickness is
still an issue.
In this work, a simple technique has been adopted for
obtaining the desired number of graphene layers through the
use of oxygen plasma. By selecting the parameters of the
plasma such as plasma power, flow rate of oxygen, working
pressure and processing time, with this method a single layer
was etched at a time.

The single layer etching of graphene was implemented
using plasma instrument (March, PX-250). The following
plasma parameters was used: radio frequency of 13.56 MHz,
oxygen flow rate of 10 sccm, RF power of 70 W, and
processing pressure of ~326 mTorr base pressure of 70
mTorr for 17 sec. These parameters were carefully selected
to avoid damage of crystalline structural of graphene.
Atomic force microscope and scanning electron microscope
were utilized to investigate the surface topologies of
graphene samples. To determine the number of graphene
layers and to characterize the surface defect, Raman
spectroscope was utilized.
III. EXPERIMENTAL
Several graphene samples were used in our experiments,
also Several plasma parameters were used to achieve single
layer etching at a time. The etching duration was increase by
a step of 2 sec. Also the surface defect and the number of
graphene layers of each sample were investigated by AFM
and Raman spectroscopy . Since monolayer and bilayer can
easily be detected by Raman and AFM, the used samples
were mono and bilayers only. It is noted that the thickness of
the layer is thicker than expected because of the
contamination during fabrication process.

II. METHODOLOGY
High quality graphene was achieved using micromechanical exfoliation technique then transferred to
dielectric substrate. To recognize the graphene sheet under
optical microscope, a Si/300 nm SiO2 substrate was utilized
[16]. To recognize the number of graphene layers,
particularly, mono- and bi-graphene layers, Raman
spectrogram (HoloProbe, 532nm, and 0.53mW) was used.
Then the graphene sample was cleaned from the tape
residues by annealing in Ar/H2 environment at 400C for 1
hour [17, 18].

Monolayer
(a)

Bilayer

1

Totally burned

Fig. 2 AFM images and showing thickness, and surface
profile of the graphene sheet before and after single layer
etching.
After investigation of the monolayer that is generated by
the bilayer, we noticed that a decreasing in the 2D/G band
ratio indicating a surface disorder in the graphene layer.
To handle this annealing treatment in the Ar environment
was applied at 1000 ºC for 2 hours. As shown in Fig. (3),
The 2D/G was significantly decreased after annealing
process. This mean decreasing in the surface defect was
achieved.

(b)

D
Fig. 1 (a) Optical microscope image of, from left to right,
bilayer, monolayer, totally eched graphene sheet. (b)
Raman spectrum of etching single graphene layer by
ground electrode oxygen plasma etching.
Raman Spectroscope and AFM was used to verify the
graphene thickness. The thickness of the bilayer decreased
after etching from 1.25 nm to 0.81nm, which means etching
one atomic carbon layer of about 0.34nm thick. It is clear
from Raman spectroscope results that the 2D peak of its
Raman spectrum indicates of a single-layer sheet of
graphene [19, 20]. Repeating etching process one more time
led to completely etching the bilayer graphene.

2D
(a)
G

(b)

Graphene sheet

2

(c)
(c)
Fig. 3 G band and 2D bands at 2700 cm-1 of Raman spectra
of bilayer graphene (a) as it and (b) after etching, while (c) is
the spectrum of the mono-layer after the 1000 ºC.
IV- FABRICATION OF GRAPHENE FET
After graphene etching, e-beam lithography (JEOL
840A SEM, JEOL Ltd.), thermal evaporator and metal liftoff
was used to fabricate metal electrodes as shown in Fig 4. IV characteristic of the device (Fig.4 b) was investigated
using semiconductor parameter analyzer. Results show a ptype characteristic of graphene transistor. This can be
attributed to the O2 adsorption of graphene sheet in the
testing environment [21, 22].

(a)

Fig. 4 (a) Schematic of the fabricated graphene FET, (b)
optical microscope image of the graphene FET. (C) IV
characteristic
V- CONCLUSIONS
Our etching technique makes the process of obtaining
single graphene layer easier particularly with large sheet
areas, thus provide the possibility of using graphene for
applications that needs relatively large area graphene, for
example, the bio-application. We also recognized that the
oxygen plasma etching method will enrich the defects of the
graphene. Although this may be conventionally considered
as a disadvantage for graphene-based transistors, we think it
an advantage for improving the sensitivity of our sensors
and for engineering the conductivity of graphene. These
techniques will undoubtedly support the fulfilment of this
project.
Our proposed technology for etching graphene and
control its thickness is compatible with the conventional
microtechnology fabrication process. Furthermore, the
surface disorder can be significantly reduced by annealing
process. Finally, Single-layer graphene FET with P-type
semiconductor properties was successfully fabricated after
etching process of a bi-layer.
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Abstract 1 —In the field of information security, the traditional
method is territory-defending approach, focusing on border
security, system security and data transmission security. Data are
almost in the naked state in storage, in systems and in application
terminals. Hackers can steal data by exploiting system bugs and
vulnerabilities, using Trojans and backdoors. Some organizations
even develop traitors to steal and sell internal data. Data security
in the open environment is facing difficulties and challenges. In
addition, the lack of data ownership, the absence of data subject,
the lack of data security responsibility, the lack of data security
classification, and the lack of an efficient mechanism of data
architecture, which greatly affect the development of Internet and
data applications.
This paper proposes an architecture for data security and
application based on data ownership called DOSA (a.k.a., Data
Ownership Security Architecture). DOSA solves information
security problem in open Internet environment from the view of
data and treats data as the core of all. Thus, it could not only
address data security and application issues, but also guarantee
the benefits of data owner.
The core of DOSA is innate encryption of data based on CA/PKI
(Certificate Authority / Public Key Infrastructure), which
guarantees the right of data ownership and data protection. Its
fundamental blocks are natural data ownership binding and data
registration. To share data and make data applicable, DOSA also
establishes data ownership authorization, records data usage,
finds illegal use of data, traces data history. Thus, Data can be
shared and used safely in open environment with ownership
mandate. Meanwhile, data ownership is clarified; the interests of
the data owner could be guaranteed.

Keywords— data ownership, data security, ownership authority,
data innate encryption, data id and register
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I. INTRODUCTION
Information is valuable, and it can be extracted from data.
In information society, data become important resources and
human assets.
Data has played a very important role in many fields such
as government affairs, enterprise management, economic,
finance, healthcare, education, culture, traffic, energy,
environment, scientific research, engineering management,
public security, national defense, etc.
Data can bring human wealth, but the security is a big
issue. (1) Human privacy such as living style, habits, location,
and society relationship, could be easily deduced or
excavated by big data collecting and analysis. (2) Data
Assets such as digital rights, virtual currency and network
game equipment, could be easily copied and owned by others.
(3) Confidential digital documents from government or
enterprise could be stolen by hackers or traitors.
Data is easily obtained and disseminated in the open
Internet environment, yet the behaviour of infringement of
the right to privacy and the copy of illegal data are difficult
to be detected. This is an unequal contradiction. The
consequence is more and more serious.
Considering security, traditional method is territorydefending approach, focused on border security, system
security and data transmission security. Data are almost in
the naked state in storage, in systems and in application
terminals. Hackers could steal data through exploiting
system bugs and vulnerability, using Trojans and backdoors.
Some organizations even develop traitors to steal and sell
internal data. Data security in the open environment is facing
difficulties and challenges. In addition, the lack of data
ownership, the absence of data subject, the lack of data
security responsibility, the lack of data security classification,
and the lack of an efficient mechanism of data architecture,
which greatly affect the development of Internet and data
applications.
There are many actions to deal with data assets. In 1998,
The United States promulgated “Digital Millennium

Copyright Act ， DMCA),” as in [1]. This was the first
copyright law in Internet age in the world. The act has made
detailed provisions on the legal protection of digital content
copyright protection measures. DMCA prohibits the
unauthorized production and dissemination of copyright
protected technologies, equipment, or services in the form of
criminal legislation.
The transaction of digital properties caused a wide range
of research in enterprises, banks and scientific research
institutions, such as Blockchain, Fair Exchange Protocol etc.
Since 2015, Marie Vasek, Philip E. Bourne, and Andy
Extance respectively published articles in Science and Nature
to discuss virtual assets and currency, pointed out that
establish new assets management and application model is
the important research direction of virtual assets protection in
encrypted currency era, as in [2] – [4].
Qingqi Pei, Jianfeng Ma et al studied the technical
standards of digital rights and management. From 2007 to
2010, they proposed three International standards IEC/TS
62224-2007 [5]、IEC/TS62227-2008 [6] and IEC/TS 625792010 [7] about digital rights management, copyright license
code and domain management conceptual model. These
standards provided International technical bases and safety
indicators for digital virtual assets contents protection.
Since 2013, Qinlong Huang, Yixian Yang et al also
established security management model for digital virtual
assets research. The achievements include (1) general format
multimedia digital rights protection method based on
unstructured encryption method to overcome the limit of
content encryption [8]; (2) license-based control method of
how to use virtual assets, using agent re-encryption algorithm
to realize smart and dynamic authorization [9]; (3) virtual
assets encryption and access control method based on cloud
storage, using attributes encryption and access tree to realize
assets data fine-grained degree access, and supporting
efficient revocation of access policy [10], [11].
Since 2015, Xiaochun Cao et al [12], [13] proposed (1) an
easy broken watermark image copyright protection method
for plaintext image protection, using compression perception
to embed high capacity reversible data and to locate
tampered watermark contents and recovery; (2) compression
redundant image content method of sparse representation for
cipher-text image protection, efficient increasing embedded
copyright watermark information rate.
Since 2012, Fang Miao [14], [15] proposed Data-Oriented
Architecture (DOA) and Data-Oriented Security Architecture
(DOSA) in general sense for data security application,
intending to establish a feasible frame system for data
ownership designated, data innate encryption, data use by
authorization, data attributes register, data procedure
recording, data tracing to the source, data illegal use
discovering, data value assessment, etc.
Techopedia had given data ownership definition: the act of
having legal rights and complete control over a single piece
or set of data elements. It defines and provides information
about the rightful owner of data assets and the acquisition,

use and distribution policy implemented by the data owner
[16].
In Aug. 2015, the Army Product Data and Engineering
Working Group (PEWG) and Department of Defense (DoD),
in order to help Army and other Military Service
professionals better understand data and data rights
acquisition and management throughout the DoD life cycle,
published “Army Data & Data Rights (D&DR) Guide”
[17], indicates that data deliverables and data rights form the
foundation of a complete product solution (data + data rights
= complete product solution). Data rights involve with the
ability to use, modify, reproduce, perform, display, release,
or disclose the data in any manner, and for any purpose
whatsoever, and to have or authorize others to do so.
David Loshin analyzed data rights, data ownership and
other concepts. To understand data ownership, the author
discussed and listed creator, consumer, compiler, enterprise,
funding organization, decoder, packager, reader, the subject,
purchaser / licenser and everyone as data owner, who could
claim of ownership [18], [19].
Paul B. Schneck et al [20] designed a system to control the
access and distribute of digital property. Lu Chun-Shien [21]
studied multimedia security by using watermark to protect
intellectual property. Mark Stefik et al [22] studied digital
property rights concerned with digital libraries.
In data assets, virtual currency, data security and its
application area, the rapid developed blockchain techniques
need to be followed.
Blockchain technique uses a
collectivization, de-centration, de-trusting method to
maintain a reliable and distributed database. All nodes in the
system communicate and exchange information in
cryptology algorithm recording in a block to chain next block
and check if it is true. Concerned with data security
application, J. Kishigami et al [23] studied blockchain-based
digital content distribution system. Jeff Herbert et al [24]
studied the innovation method for license verification of P2P
software by using blockchain de-centration. Idrissa Sarr et al
[25] studied social model based on blockchain. D. Wilson et
al [26] studied using Bitcoin and blockchain to enhancing the
security of PGP.
In summary, for data assets there are no systematically
studies concerned with data ownership, data security, data
application etc. This paper discusses a new mechanism for
data security application from the point of view of dataoriented and data ownership, and proposed an architecture
called DOSA (Data Ownership Security Architecture).
DOSA is an information security solution in open Internet
environment from data view and treated data as the core of
all. It combined data with people in encryption form, not
only address data security issues, but also solve the problem
of protected data’s applications, and the data owner's
interests are guaranteed.
II. DATA THINKING AND DATA ARCHITECTURE
Data are the blood of countries, societies and economics.
Data are contents of transmission, thoughts of

communication. Data are the support of applications and the
basis for decisions.
Data are the origin of non-material (i.e. information,
knowledge, wisdom, etc.). The real world is inseparable from
the virtual world made up of data. The development of
human civilization has entered the era of data civilization.
We need a new vision for the coming world, namely, data
thinking and data architecture. The following viewpoints are
part of the new vision some of which we are discussing latter.
(1) Data point: everything is data.
(2) Data theory: data science and data rules.
(3) Data technology: data-based approach.
(4) Data ownership: data and human dependency.
(5) Data control: data innate registration and data innate
encryption.
(6) Data use: authorization and tracing back to the source.
(7) Data security: network real name and authority binding.
(8) Data application: ecosystem and sustainable
development.
(9) Data law: data rights law.
From the view of data, everything in the world is data as
shown in Fig. 1.

Table I shows the contrast of material and data. From
which we notice that to make good use of data, we need to
enhance data management and domination, as well as data
assets security, data ownership, data sharing, data application,
data profits, etc.
TABLE I
CONTRAST OF MATERIAL AND DATA

III. DATA OWNERSHIP
As we talk about data ownership, we divided it into 4
types: data owner, data producer, data user and data agent
show in Fig. 2.

Fig. 1 Data point: everything is data

We divided the virtual world into two parts, one is supply
side called cloud services (S, Service clouds), another is
consumption side called general terminals which is facing
human beings (G, General terminals). People use G to
communicate and interactive with S to get data and
information. Three clouds compose S: (1) “physical” cloud,
composed by physical sensing dynamic real time data, that is
Internet of Things (IoT); (2) “network” cloud, composed by
social network APPs dynamic real time data, that is social
network; (3) storage cloud, composed by statistic and
historical any types of data.
We add a mechanism part called DOSA data registration
center to connect all parts of the world and make it possible
and flexible to work together.
Furthermore, we must contrast material and data to
distinguish the difference of real world and virtual world.
Like material property owned by people in real world,
data assets could be owned by people in virtual world, yet
the nature of the ownership is totally different from the
material world (real world).
Unlike material, data is very easy to copy and transmit. It
causes that data is difficult to control and manage, and the
safety of data is also a big issue.

Fig. 2 Data Ownership

Data owner has the right and domination of the data.
Data producer is authorized by the owner to create and
collect the data.
Data user is authorized by the owner to use the data.
Data agent is authorized by the owner to own a kind of
rights of the data, such as to manage data for the owner, to
sell data for the owner, or to transmit data for the owner, etc.
The following are some examples about the above
definitions of data ownership in different situations.
(1) Data Owner = Data User = Data Producer = Data
Owner (e.g. People uses digital camera to take pictures and
self-appreciation；Scientific research institution creates data
and makes analysis and decisions).
(2) Data Owner = Data User ≠ Data Producer ≠ Data
Owner (e.g. Photo gallery takes digital pictures for customers;
Government gets data from professional department to make
decisions support).

(3) Data Owner ≠ Data User = Data Producer ≠ Data
Owner (e.g. Hospital makes patient physical examination and
gets data to prescribe prescription; Lawyer gathers client’s
information to make evidence).
(4) Data Owner = Data Producer ≠ Data User ≠ Data
Owner (e.g. Digital rights author sells his / her digital works
such as music, video, novel, article to live; Satellite’s
company collects the Earth remote sensing data for anyone
who wants to use it).
(5) Data Owner ≠ Data Producer ≠ Data User ≠ Data
Owner (e.g. Medical student studies patient physical
examination data; Users download music and video works
for entertainment from authorized Web sites).
The above four kind of ownership people all have the data,
but only owner has right to dominate the data. Data producer,
user and agent all need authorization.
There are two kinds of authorizations to be used as
ownership authorisation: (1) Law authorization, like normal
situation to sign contract to get authorization. (2) Technical
authorization is to make ownership to be authorized, is the
key of this paper.
We combined data ownership with CA/PKI (Certificate
Authorization / Public Key Infrastructure) to form a new data
architecture called DOSA.
IV. DOSA DESCRIPTION
To construct security information system and security data
system, taking data ownership as the core to form theory,
method, technology and product. Based on data-oriented,
summarized the scientific and reasonable data architecture to
face future orderly data society.
DOSA (Data Ownership Security Architecture) theory
core is a data-oriented nature of data innate encryption to
protect the data from being free to use. The premise is the
natural of data ownership binding and data registration. To
share data and make data applicable, the mechanism of data
ownership authorization, the recording procedure of data
usage, the mechanism of finding the violations use of data, as
well as data history tracing, are also established. Fig. 3 shows
the basic principles of DOSA.

bound for one body, data innate registered for a wing, data
innate encryption for another wing, respectively support
open data application and data security application.
CA / PKI supported the architecture for people identity
and authorization, data encryption, ownership binding,
ownership authorization, and data use.
DOSA’s mission and role is:
(1) To interpret the whole world from the point of view of
data and human being.
(2) Carding the relationship between people, data and
material.
(3) To construct data value system and data thought
method system.
(4) Contrasting blockchain technology, make data
manageable and controlled.
(5) To solve “data, security, application” problem.
(6) Making data ownership feasible in theory and
technology.
(7) Promoting the legislation of the “data right law”.
(8) Providing basic technical support for the construction
of an “orderly data society”.
The main issues of human being faced with in data era and
researches are new perspectives, new ideas and new methods.
Human has created a virtual world by the Internet. People
take advantages of the virtual world to communicate and
interact with the real world for better cognitive and live in
the real world. The contents of the virtual world are those
flowing data, visible and invisible data. These data constitute
the entire contents of the virtual world, supporting the
operation of the virtual world and the whole world.
People are entering an era of data based. Therefore, people
need to understand the data role, data value and data methods
to know the rules and architecture of this new world. Let us
recognize that data play an important role and significance to
human civilization, social, economic and industry
development. Data value and data method is the key and
kernel for achieving human society development in the
future. Study and understand data assets, value assessment,
rights
attribution,
responsibility attribution,
share
characteristics, safety and security, protection of interests,
the application system etc., are the new theory of cognitive
point of view, ideas and methods.
The following are key characters of DOSA.

A. Data security and data application

Fig. 3 The basic principle of Data Ownership Security Architecture

DOSA build schema architecture of “one body two wings”
based on data as the core. That is data and data ownership

On traditional knowledge, data security and data
applications, is a paradox and inverse relationship. In general,
an application system is to find a balance between security
and application to achieve a certain protection effect and a
certain application effect.
In accordance with the data-oriented security architecture,
data security is to better application, data application is under
data security.
To solve this contradiction, the first thing to consider is
data own safety to protect data from not being free to use.
While making protected data can be accessed and can be
used for others that involves the problem of data ownership.

B. Data ownership, data rights and data authorization
To understand data assets and data value assessment, data
must have ownership attribute. Because data are very easy to
copy and transfer, and can be owned by many people, so data
ownership attribute is not easy to determine. We classify data
ownership for four cases: data owner, data producer, data
user and data agent, can cover almost all types of data
ownership.
To confirm data ownership, we used data encryption
approach based on data ownership. General practice is based
on the data owner's public key to encrypt data, so the data
ownership is determined, and the data is protected.
If others want to use the data, the data ownership
authorization should be carried on. Generally, there are two
methods of data ownership authorizations, the contract
licensing and technology authorization. The former
constrains the second party, while the latter allows the
second party but constrains the third party. The technology
authorization is ownership authorization, that is, using the
user’s public key to encrypt data to ensure the only user to
use the data.

C. Innate data encryption and registration
To achieve maximum protection of data, as well as be able
to understand the condition of being protected data, we
proposed a method of data innate encryption and data innate
registration.
Data registration is for its application, data encryption is to
determine the ownership and to protect the data. To use
related software to encrypt data automatically and to register
data automatically when the data generated.
In this way, we classified data into "data state" and
"application state" two states. Data in "data state" is forever
in an encrypted state, whether it is in a stored procedure, or
in the course of transmission. Data in "application state" is in
a decrypted state, appear only in the application process,
while the application terminal is in a safe environment.

large scale; grade 3 is a share level, or a sharing level in
small scale. Grades 4-5 are protection level, can only be used
in the inner network environment. Among them grade 4 is a
general protection level and needs encryption and
registration, can only be used in inner environment; grade 5
is totally protected level, it needs encryption but do not
manageable. Table II shows the detail of the data
classification.
TABLE III
DATA CLASSIFICATION FOR SECURITY AND OPEN USE

For the data in grade 2-4 and above, using the technology
mentioned above, we can realize secured data sharing,
secured data transactions and secured data applications.

F. Data security application ecological system
DOSA’s “one body two wings” builds data security
application ecological system; break the traditional software
engineering method and data security protection system.
DOSA determine data ownership and protect data via data
encryption, build data big platform via data registration,
achieve fragments of application in growth via shared
collaborative mechanism. It can be vividly expressed as that
a “plentiful and luxuriant” application “forest” is growing on
the “fertile and rich” data “soil earth”, under the protection of
data and benefits of data owner, shown in Fig. 4.

D. Data recording, data discovery, and data provenance
To prevent the second party (data is authorized to use) the
misuse of data, and / or to know data usage state, the data
logging module is needed to record the data usage, the data
authorization procedure, and so on.
Also, data exception notice module, data source tracing
module are needed to find data misuse or abnormalities, to
trace the data source and to identify offenders.

E. Data classification, data sharing, data exchange and

data applications
For data security features, we classified data from low to
high into 3 large grades or 6 small grades.
Grades 0-1 are open grades. Among them grade 0 is
totally open level, no data needs to manage; grade 1 is
general opening level, it needs registration and management,
but no need to encryption. Grades 2-3 are share grades; both
need registration and management, as well as encryption.
Among them grade 2 is public level, or a sharing level in

Fig. 4 DOSA: Create a "Data-Security-Application" Ecosystem

V. DOSA’S SCIENTIFIC VALUE
DOSA constructs a reasonable and feasible mechanism in
coping with the situation of the new era. The following are
some important viewpoints.

A. Data ownership is conducive to data protection and data

owner rights protection.
Data encryption is a direct way to guarantee data security.
But in traditional encryption, data owner often has no
domination of the data, and the data application is limited,

and also facing the possibility of internal traitor to sell the
data.
While data encryption based on data ownership, is using
data owner’s key to encrypt data. It not only determines the
ownership of the data, and protects the data, and also protects
the rights of the data owner.

B. Data registration is conducive to applicable of encrypted

data.
Data innate registration and data innate encryption are
indivisible components of DOSA.
By using data registry centre, we can learn information
about encrypted data, to know whether it is available or not,
and can decide whether or not to use it, and know how to use
it. This solved the problem of availability of encrypted data.

C. Data classification is conducive to different data

application scenarios.
Based on data opening, sharing, and protecting, we
classify data into 3-6 grades to manage different grades of
data in government, business and personal.
Combined with data ownership and encryption, we protect
data and make data applicable, adapted to different
application scenarios.

D. DOSA is a reasonable architecture to solve the problem

of data security application and is future-oriented.
In a closed and secure network environment, your data is
still faced with vulnerabilities, Trojans, backdoor and inside
theft threat. In an open environment, it is more tough and
challenging.
DOSA data innate encryption, using CA/PKI mechanism,
make data innately to wear helmets, and decryption keys is in
keeping the data owner's hand, is maximum protection of
data security. Data innate registration with data ownership
and data ownership authorization to use, the data can be used
on the premise of safety and security. This can solve problem
of Information Island, realize the true meaning of data
sharing, data exchange, data collaboration and data
applications. DOSA of one body with two wings, in the
context of data ownership and data security, achieved data
sharing, as well as data of personalized applications,
collaborative applications and integrated applications, while
protecting the interests of the data owner. DOSA is a
reasonable data security application solution in an open
environment of Internet.
The future civilization and the future society is of data
civilization and data society. The future world is a blend
world with a real world and a virtual world composed of data.
DOSA proposes and addresses issues of data ownership,
data security and applications. Built above DOSA, personal
privacy, corporate interests and national security cloud be
greatly protected.

Fig.5 The influence of material and data on human civilization

DOSA is the technical basis of building an ordered society
of data in the future, and the basic technical support for “data
rights law” to be able to set up and be implemented.
Fig. 5 tries to in “material” and “data” two-dimension to
generalize the human being civilization core pushing power.
It contrasts material and data from several aspects such as
technical basis, core elements, control architecture, important
law, key process, human civilization, degree of civilization
and future society.
Contrasting material and data, we find out that material
supports agricultural and industrial civilizations, data
supports information and intelligent civilizations, also
support the modern agriculture and modern industrial
civilization, and data sharing features support human
information society and knowledge society.
DOSA protects interests and value of data property from
ownership, security, application, is a sound technical
architecture for the future.
We can see data will be in every aspects in the future and
the control architecture of DOSA will be fundamental
supports.
Furthermore, data and people ownership binding, data
encryption to determine human rights, it can greatly limit the
abuse of data by super AI in the future. Super AI could only
use assigned and their own data in the specified aspects. So,
by DOSA, we can use human wisdom to overcome machine
Intelligence, let machine better serve human beings.
VI. CONCLUSIONS
This paper illustrates a novel data architecture, DOSA,
which has the potential of securing big data. Due to the
importance and significance of data to human civilization,
social development, economic development and industrial
development, data has been regarded as the core content of
building an orderly data society in the future. Data
constitutes the whole contents of the virtual world.
Data assets attributes, value attributes, rights attribution,
responsibility attribution, sharing characteristics, security
protection, interest protection and so on, still lack deep
research and effective practice.
DOSA has made a meaningful exploration and made
preliminary progress in this regard.

Data value and data method are the core of the
development of human society in the future.
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Abstract— Up to now, several factors have been put forward in
order to measure and evaluate software developers’
performance, and some points – reactions – have been arisen as a
result of this measurement and evaluation issue: Productivity,
Creativity, Engagement, Skills and Management, Learning and
Skills, Problem Solving Capacity, Analytical Thinking, Cognitive
Processing Ability, Understanding, etc. However, there is no
universally accepted set of factors to measure and evaluate
software developers’ performance. Three main reasons of this
situation which may be thought; Firstly, each part of software
creation is unique. There is no compelling reason to assemble two
times the same parts of software as it might be duplicated by
copying it. This makes it truly difficult to make a formal and
thorough correlation between two parts of software based on
both qualitative and quantitative approach. Secondly, the
current technology is something that changes at a truly fast pace
– phase. So, as a natural result – a characteristic consequence –
of this situation and since technology based factors are
sufficiently dependent on innovation, they are generally starting
to be old and obsolescence in time. Thirdly, there is a gigantic
zone for innovativeness in discovering the diverse answers for a
unique issue. For instance, calculating coding lines that software
developers write for the same problem means size of the solution,
not the problem. This case shows us difficulty of turning or
converting tangible data to a factor set. In this study, the factors,
which affect software developers’ performance positively, have
been researched, analyzed and evaluated, and in the result, 24
articles, which are related to the study directly or indirectly, have
been extracted. In the light of these articles, which factors affect
software developers’ performance in a positive way have been
shown, listed, analyzed, evaluated and explained in detail in this
work.
Keywords— Software Engineering, Software Developers,
Performance, Positive Factors, Measurement, Evaluation.

I. INTRODUCTION
Measurement is the task of numerals to questions or
occasions as indicated by some standard. Numerals are the
marks which have no inalienable significance, such as postal
districts and car tags. Numbers are the numeric which have
quantitative importance and could be investigated, such as
weight and height [1]. The stages of measuring operation are
like in the following.
1- Real World Entities
2- Criteria belong to Attributes
3- Measurement of These Criteria

4- Numerical Relations of This Measurement
5- Try & Feedback
6- Formulation
The guidelines for allotting marks to properties of variables
are the most critical segments of measurement, in the light of
the fact that the consequence of poor principles is futile results.
Ideas frequently could not be measured straightforwardly, so
what are generally measured are markers of builds; for
example, speed, rationale, verbal aptitude and so on [1].
Four scales which belong to measurement have been
distinguished. Those scales vary in how nearly they come
close to the construction of the number framework which we
utilize. Finding out the scale of estimation of attributes
utilized as a part of examination is critical on the grounds that
the type of estimation decides the sorts of factual
investigations that can be directed. The conclusion that can be
drawn from exploration rely on upon the factual examination
utility [1].
Evaluation is the deliberate (methodical) gathering of data
about the attributes, exercises and results of administrations or
projects to evaluate the degree to which targets have been
attained to, recognize required changes and/or settle on
choices about future programming [2], [3], [4], [5].
Evaluation is different from assessment. That is the
procedure of social affair and dissecting data about the current
status and unmet administration needs of a characterized
populace or geographic area. In the connection of the CARE
Act, it needs appraisal that includes gathering data about the
needs of individuals living with HIV/AIDS, recognizing
CARE Act and different assets that are accessible to address
those issues and deciding the administration holes that need to
be tended to [6], [7], [8], [9].
Evaluation is different from monitoring. That is the
continuous methodology of auditing and reporting the project
execution, regulatory exercises and consumptions of
administration suppliers. The checking methodology
incorporates standard audits of every administration supplier’s
advancement in satisfying contract terms and conditions, the
distinguishing proof of territories obliging remedial activity,
and catch up to guarantee that restorative activities are
effectively actualized [6], [7], [8], [9].
Evaluation is different from research. That is the procedure
of social occasion data to find new learning, test hypotheses or
make truth. The basic role of exploration is to extend the

group of learning in a field or teach instead of to advise choice
making or enhance administration adequacy [6], [7], [8], [9].
Evaluation is different from improvement. That is a
continuous methodology that includes authoritative
individuals in checking and assessing inputs, yields and
results so as to persistently enhance administration
conveyance [6], [7], [8], [9].
Evaluation can be arranged by center or by their proposed
employments. Contingent on the inquiries that you need to
reply, an assessment study may concentrate on system
structure, administration conveyance courses of action, project
yields or system results. When the study’s center is dead set,
choices must be made on how the consequences of the
assessment will be utilized [2], [3], [4], [5].
II. CRITERIA RESEARCH AND ANALYSIS
In this part, 24 articles from 1992 to 2014, which are
related to software developers’ performance and also about
the factors which affect developers’ performance in a positive
way, have been explained by giving main positive parameters
chronologically.
In 1992, Ronald H. Rasch and Henry L. Tosi showed the
positive effects on software developers’ performance in a
software development project in the light of these criteria:
effort, non-ambiguity of role, achievement needs, focus of
control, self-esteem, goal specificity, non-difficulty of goal,
intellectual ability and education quality. Also, they did a
table about correlation matrix of these variables, and this
matrix displayed the positive effect on developers’
performance in a tangible way [10].
In 1996, Joseph D. Blackburn, Gary D. Scudder and Luk N.
Van Wassenhove showed the positive effects on software
developers’ performance in a software development project in
the light of these criteria: prototyping design, customer
requirements specification, use of CASE tools, use of
concurrent engineering, less rework, project team
management, good testing strategy, reuse operation, use of
modules, good communication and good coding. These
effective parameters were presented that they were related to
software project management. This type of project
management aims to accomplish the software development
project by increasing software developers’ performance in
order to decrease the cost of time. This means that the more
effective performance of software developers, the more
successful software projects and the less cost of time [11].
In 1997, Diane B. Walz and Judy L. Wynekoop showed the
positive effects on software developers’ performance in a
software development project in the light of these criteria:
intelligence of developers, achievement of software
development projects, autonomy of developers, creative
personality, endurance of software development projects, ideal
self, leadership, order of software development projects, selfconfidence, experience, abasement of software developers,
dominance of developers, self-interception of software
developers and personal adjustment. In addition, these factors
were displayed that they were significant coefficients of
special software developers who were different from the

others with regard to performance – individual performance
and software development team performance. Moreover, the
effects of those criteria were showed as a tangible value by
giving considerable percentages in the work [12].
In 1998, S. Sawyer and P. J. Guinan showed the positive
effects on software developers’ performance in a software
development project in the light of these criteria: coordination
and
communication,
supportiveness,
analysis-designmanagement, use of methods, use of tools, quality of software
development products, stakeholders and self-esteem of
software development teams. Furthermore, it was claimed that
these effective parameters were reliable since they were
formed in the result of two surveys: The first one was
conducted formally with 45 software development teams and
56 people. The second one was conducted informally with the
same 45 teams but different 153 software developers. In the
light of surveys’ results, several motivators which had
tangible values on software developers’ performance came to
exist [13].
In 1999, Kurt R. Linberg showed the positive effects on
software developers’ performance in a software development
project in the light of these criteria: education level,
experience, temperament profile and job-work satisfaction
level. In addition, these factors were indicated as specific
characteristics of software developers. It was stated that the
more mature of these data, the more motivators and the more
effective performance of developers [14].
In 1999, VS Lai showed the positive effects on software
developers’ performance in a software development project in
the light of these criteria: productivity, quality of work,
customers satisfaction, managers satisfaction, maintain of
systems, system development, business requirements
specification, plan and control. Also, these variables were
specified as operational definition of work (individual and
team) performance parameters. Moreover, this work
performance was defined as the perceived improvements
related to the accomplishment of expected customer and
business requirements on the part of individual software
developers and software development teams in a project [15].
In 2000, Judy L. Wynekoop and Diane B. Walz showed the
positive effects on software developers’ performance in a
software development project in the light of these criteria:
abstraction of business problems and translation of it into
system, creative problem solving, good interpersonal and
communication skills, high level of technical knowledge,
orientation of software development team, high level of
business knowledge, analytical and logical thinking, prefer of
challenging work, organization of software development
teams, dependable and reliable software developers
characteristics, good leadership skills, self-motivation of
developers. Furthermore, these criteria items were showed as
the most important and significant traits of top software
developers. These parameters were also related to developers’
individual features. This means that if a software developer
has one or more of these characteristics, s/he is closer to the
top developer and has more effective performance in a
software development project [16].

In 2001, Xavier Ferré, Natalia Juristo, Helmut Windl and
Larry Constantine showed the positive effects on software
developers’ performance in a software development project in
the light of these criteria: usability effect, good use of
available instruments, plan and organization, analysis and
observation, evaluation and design. This criteria set was
related to the feature of usability specification table, as well.
In addition, it was specified in the work that usability feature
in software engineering was related to customer requirements
specification. This means the more usability, the more
customer satisfaction and the more successful software
projects – the more effective performance of developers in a
project [17].
In 2003, Michael J. Gallivan showed the positive effects on
software developers’ performance in a software development
project in the light of these criteria: creative style development,
job satisfaction level, job-work performance level, usefulness
level, ease of use software development products and
compatibility of software project parts. These variables
presented a framework that formed software developers’
performance scale and table. Since innovators had a creative
style that predisposed developers to prefer novelty and change
in their routines, whereas adaptors were comfortable with the
status quo, it followed logically that innovators should have
had more positive attitudes to their job when they were forced
to adopt a technological innovation that significantly changed
the nature of their work processes [18].
In 2003, Jan Guynes Clark, Diane B. Walz and Judy L.
Wynekoop showed the positive effects on software developers’
performance in a software development project in the light of
these criteria: dependability, good communication skills,
technical knowledge, the ability to integrate knowledge areas,
the ability to translate requirements into computational
structures, the ability to manage a project, the ability to
develop and simulate complex models of a system mentally
and the ability to envision the interactions of system
components. These factors were displayed in the work that
they were parameters of developers’ personality dimensions.
The more these characteristics a software developer has, the
more effective performance s/he has, the more successful
software development projects and the more satisfaction
customers have [19].
In 2003, Bill C. Hardgrave, Fred D. Davis and Cynthia K.
Riemenschneider showed the positive effects on software
developers’ performance in a software development project in
the light of these criteria: usefulness level, complexity of
software development projects, social pressure, compatibility
of software project parts and organizational mandate (force).
That these variables of criteria set were related to the intention
to follow and apply a software development methodology was
showed in the work. It was stated that software development
methodology was aim to complete software projects in a
successful way. Successful software projects required and
forced successful software developers and indirectly more
effective developers. This means that the more methodology a
developer follows and applies, the more successful projects
and the more effective performance a developer has [20].

In 2004, Narasimhaiah Gorla and Yan Wah Lam showed
the positive effects on software developers’ performance in a
software development project in the light of these criteria:
information gathering level, decision making level, interaction
and communication, leadership, heterogeneity of leaders and
members in a software development team. These parameter
set was specified in the work as assessment of a developers’
characteristics. This assessment was associated with
performance scale of developers as both individual and team.
Also, it was presented that software developers’ personalities
affected directly the direction and the process of a software
development project and indirectly the performance of
themselves and the others in the software development project
team, as well [21].
In 2005, Michael A. Chilton, Bill C. Hardgrave and
Deborah J. Armstrong showed the positive effects on software
developers’ performance in a software development project in
the light of these criteria: personal abilities, job-work
satisfactions level, job-work demands level and demand
abilities. These presented factors were specified as person-job
fit. It was stated in the work that this fit operation forced the
strain of developers and so, it mandated to improve and
increase their performance in the software development
process. Moreover, the strain operation resulted with high
level of customers’ demands satisfaction and high level of
usability of software products, as well [22].
In 2005, Teresa Lesiuk showed the positive effects on
software developers’ performance in a software development
project in the light of these criteria: music. In the work, it was
displayed that when music evoked a pleasant mood and an
increased arousal state, software developers performed better
on non-musical tasks. Thus, there was support for an increase
in creative problem solving and task performance by
developers in the software development processes [23].
In 2006, Nathan Baddoo, Tracy Hall and Dorota Jagielska
showed the positive effects on software developers’
performance in a software development project in the light of
these criteria: technically challenging works, several
opportunities for achievement of software development
projects, several opportunities for promotion of developers,
pay and benefits, recognition of software developers,
increased responsibilities of developers, technical support and
supervision, job-work security, job-work conditions, senior
management support of developers, company policies,
autonomy of software developers and sense of ownership of
developers. This motivator factors set was determined and
specified in the work and also, this set showed tangible values
which presented how software developers’ performance
change in the development process. All of these values were
positive and one or two out of ten that means they increased
developers’ performance by ten or twenty percent [24].
In 2007, Chorng-Guang Wu, James H. Gerlach and Clifford
E. Young showed the positive effects on software developers’
performance in a software development project in the light of
these criteria: motivation on helping, motivation on enhancing
on human capital, motivation on career advancement,
motivation on satisfying personal needs and motivation on

software developers’ intention on achievement. These
specified parameters were presented in the work as the factors
which were effective on satisfaction of software developers.
This issue was about the situation of software development
process. The more satisfaction a developer has, the less time a
software development process has, the less cost a software
project has, the more effective performance a software
developer has and the more successful a software project has
[25].
In 2007, Sami Surakka showed the positive effects on
software developers’ performance in a software development
project in the light of these criteria: the ability of design, the
ability of implementation, the ability of requirements
specification, the ability of testing, the ability of concept
exploration, the ability of approval, the ability of maintenance,
the ability of installation and checkout, the ability of
packaging and delivery, the ability of configuration, software
project management and documentation jobs. These variables
were determined and specified in the work as the skill which a
software developer had. They were stated as important and
significant subjects and abilities of successful software
developers. It was clear that successful software projects
required and forced successful software developers and also,
they mandated more effective performance from developers.
The more successful a software developer is, the more
effective a software developer has [26].
In 2008, Andrew Begel and Beth Simon showed the
positive effects on software developers’ performance in a
software development project in the light of these criteria: the
ability of programming (reading, writing, commenting, proofreading and code review), the ability of working on bugs
(reproduction, reporting, triage and debugging), the ability of
testing (writing and running), software project management
(check-in, check-out and revert), documentation jobs (reading,
writing and search), specification jobs (reading and writing),
good use of available tools (discovering, finding, installing,
using and building) and good communication skills (asking
questions, persuasion, coordination, e-mail, meetings, meeting
preparations, finding people, interacting with managers,
teaching, learning and mentoring). They were displayed as
important and significant tasks and duties which software
developers had to do in software development processes. It
was stated in the work that these responsibilities of developers
forced and mandated more performance, and so they got to be
motivators on software developers’ performance [27].
In 2009, J. Drew Procaccino and June M. Verner showed
the positive effects on software developers’ performance in a
software development project in the light of these criteria:
requirements specification jobs, organization-coordinationmanagement, testing and debugging jobs and software
development project team personalities. This criteria set was
presented in the work as several stages of software project
management. It was stated that software project management
aimed to develop and complete successful software projects
and this situation required and forced more effective software
developers. In the result of this, this came to exist as a

motivator factor for developers in a software development
process [28].
In 2011, Gunnar Rye Bergersen and Jan-Eric Gustafsson
showed the positive effects on software developers’
performance in a software development project in the light of
these criteria: experience, working and job memory,
knowledge, abilities and skills. These variables created a
model about software developers’ performance based on
mathematical substructure. This model was claimed to be
reliable and has trustworthy estimates since it was depend on
statistical parameters which were descriptive. In addition, this
gave tangible values – in a positive way – about software
developers’ performance [29].
In 2013, Daniel Graziotin, Xiaofeng Wang and Pekka
Abrahamsson showed the positive effects on software
developers’ performance in a software development project in
the light of these criteria: the mood of happiness. It was
reported an empirical study on the impact of affective states
on software developers’ performance while programming.
Moreover, it was demonstrated the value of applying
psychometrics in software engineering studies and echo a call
to valorize the human, individualized aspects of software
developers. It was validated a measurement and evaluation
instrument about the productivity of software developers –
software developers’ performance [30].
In 2014, Daniel Graziotin, Xiaofeng Wang and Pekka
Abrahamsson showed the positive effects on software
developers’ performance in a software development project in
the light of these criteria: the instruments’ spectrum and voice.
In this work, it was claimed that some instruments and voices
changed people’s as well as software developers’ moods
sometimes in a negative way but sometimes in a positive way.
The more positive change a software developer’s mood has,
the more effective performance a software developer has in a
software development process [31].
In 2014, André N. Meyer, Thomas Fritz, Gail C. Murphy
and Thomas Zimmermann showed the positive effects on
software developers’ performance in a software development
project in the light of these criteria: complete tasks or goals,
no interruptions and distractions, no meetings, clear goals and
requirements and plan of the workday. These variables and
parameters were stated as top reasons and factors of a
productive day for software developers. In addition, these
were specified as several responsibilities and tasks which a
software developer had to do in a workday. It was showed that
their duties forced and required more disciplined software
developers, and also, this situation mandated more effective
performance from them [32].
In 2014, Daniel Graziotin, Xiaofeng Wang and Pekka
Abrahamsson showed the positive effects on software
developers’ performance in a software development project in
the light of these criteria: creativity, analytical problemsolving, positive psychological status, skills, abilities and
multidisciplinary viewpoints of software developers.
Furthermore, this work echoed the call to employ
psychological measurements in software engineering research.
It was reported and stated a study with 42 participants to

investigate the relationship between the effective states,
creativity, and analytical problem-solving skills of software
developers. The results claimed that happy software
developers were indeed better problem solvers in terms of
their analytical abilities [33].
III. CONCLUSION
In the result of this study, the factors which affect software
developers’ performance positively have been determined,
specified and shown. In order to do the study, 24 articles from
1992 to 2014, which are related to software developers’
performance and also about the factors which affect
developers’ performance in a positive way, have been
reviewed, analyzed and examined.
In the light of this study, developers’ characteristics,
personal features, abilities and skills have been seen very
often as the parameters in the most articles. In addition,
organizational features such as management, coordination and
communication have been realized and seen to have
importance
for
software
developers’
performance
measurement and evaluation. Moreover, psychological factors
of developers such as the mood, happy, sad, angry, and the
atmospheric and the environmental factors where software
developers work such as off, on, musical, non-musical,
crowded, uncrowded, noisy and quite have been come to exist
as performance parameters. Furthermore, several factors have
been seen as specific factors based on the particular software
projects such as documentation jobs, testing operations,
working office security, packaging and configuration tools.
Also, it can be easily realized and seen that there are more and
more parameters and factors in the second main title “Criteria
Research and Analysis” than summarized in this paragraph.
“You can’t manage the process which you don’t measure.”
This statement which is claimed to be said by Peter
DRUCKER shows that the software development process has
to be measured by clear and objective variables. Thus, some
reliable data are specified and determined so that this software
development process can be managed by benefiting from
these trustworthy results. According to the results of this
evaluation, manpower, what is the main resource of software
development process will be used more effectively. And then,
the benefits of the “Software Engineering” may be seen more
tangible.
REFERENCES
[1]
[2]
[3]
[4]

[5]

R. S. Michael (2008) Measurement. [Online]. Available:
http://www.indiana.edu/~educy520/sec5982/week_3/measurement_rsm
.pdf
What
is
evaluation?
[Online].
Available:
ftp://ftp.hrsa.gov/hab/m4p1.pdf
United States General Accounting Office (1998) Performance
Measurement
and
Evaluation.
[Online].
Available:
https://www.gao.gov/special.pubs/gg98026.pdf
P. A. Tatian (2016) Perfomance Measurement to Evaluation. [Online].
Available:
https://www.urban.org/sites/default/files/publication/78571/2000555performance-measurement-to-evaluation-march-2016-update_1.pdf
D. S. Sink, T. C. Tuttle, and S. J. Devries, “Productivity Measurement
and Evaluation: What is Available?,” Global Business and
Organizational Excellence, vol. 3, pp. 265-287, 1984.

[6]
[7]
[8]

[9]

[10]

[11]

[12]
[13]
[14]
[15]
[16]
[17]
[18]
[19]

[20]

[21]
[22]

[23]
[24]
[25]
[26]
[27]
[28]

M. Allen and P. McGee, “Measurement and Evaluation in Corporate
Universities,” New Directions for Institutional Research, vol. 2004, pp.
81-92, 2004.
R. L. Doran, “Implications for Measurement and Evaluation from the
Trends of Science Education,” Science Education, vol. 60, pp. 199-209,
1976.
D. Taain (2017) What is the difference between measurement and
evaluation?
[Online].
Available:
https://www.researchgate.net/post/What_is_the_difference_between_m
easurement_and_evaluation
A. Mahmoud (2016) Differences Between Measurement, Assessment,
and
Evaluation
in
Education.
[Online].
Available:
https://www.linkedin.com/pulse/differences-between-measurementassessment-evaluation-ammar-mahmoud
R. H. Rasch and H. L. Tosi, “Factors Affecting Software Developers’
Performance: An Integrated Approach,” Society for Information
Management and The Management Information Systems Research
Center, vol. 16, pp. 395-413, 1992.
J. D. Blackburn, G. D. Scudder, and L. N. Wassenhove, “Improving
Speed and Productivity of Software Development: A Global Survey of
Software Developers,” IEEE Transactions on Software Engineering,
vol. 22, pp. 875-885, 1996.
D. B. Walz and J. L. Wynekoop, “Identifying and Cultivating
Exceptional Software Developers,” Journal of Computer Information
Systems, vol. 37, pp. 82-88, 1997.
S. Sawyer and P. J. Guinan, “Software development: Processes and
performance,” IBM Systems Journal, vol. 37, pp. 552-569, 1998.
K. R. Linberg, “Software Developer Perceptions about Software
Project Failure: A Case Study,” The Journal of Systems and Software,
vol. 49, pp. 177-192, 1999.
V. Lai, “A Contingency Examination of CASE-Task Fit on Software
Developer’s Performance,” European Journal of Information Systems,
vol. 8, pp. 27-39, 1999.
J. L. Wynekoop and D. B. Walz, “Investigating traits of top performing
software developers,” Information Technology & People, vol. 13, pp.
186-195, 2000.
X. Ferré, N. Juristo, H. Windl, and L. Constantine, “Usability Basics
for Software Developers,” IEEE Software, vol. 18, pp. 22-29, 2001.
M. J. Gallivan, “The Influence of Software Developers’ Creative Style
on Their Attitudes to and Assimilation of a Software Process
Innovation,” Information & Management, vol. 40, pp. 443-465, 2003.
J. G. Clark, D. B. Walz, and J. L. Wynekoop, “Identifying Exceptional
Application Software Developers: A Comparison of Students and
Professionals,” Communications of the Association for Information
Systems, vol. 11, pp. 137-154, 2003.
B.C. Hardgrave, F. D. Davis, and C. K. Riemenschneider,
“Investigating Determinants of Software Developers’ Intentions to
Follow Methodologies,” Journal of Management Information Systems,
vol. 20, pp. 123-151, 2003.
N. Gorla and Y. W. Lam, “Who Should Work with Whom? Building
Effective Software Project Teams,” Communications of the ACM, vol.
47, pp. 79-82, 2004.
M. A. Chilton, B. C. Hardgrave, and D. J. Armstrong, “Person-Job
Cognitive Style Fit for Software Developers: The Effect on Strain and
Performance,” Journal of Management Information Systems, vol. 22,
pp. 193-226, 2005.
T. Lesiuk, “The Effect of Music Listening on Work Performance,”
Psychology of Music, vol. 33, pp. 173-191, 2005.
N. Baddoo, T. Hall, and D. Jagielska, “Software Developer Motivation
in a High Maturity Company: a Case Study,” Software Process:
Improvement and Practice, vol. 11, pp. 219-228, 2006.
C. Wu, J. H. Gerlach, and C.E. Young, “An Empirical Analysis of
Open Source Software Developers’ Motivations and Continuance
Intentions,” Information & Management, vol. 44, pp. 253-262, 2007.
S. Surakka, “What Subjects and Skills are Important for Software
Developers?,” Communications of the ACM, vol. 50, pp. 73-78, 2007.
A. Begel and B. Simon, “Novice Software Developers, All Over
Again,” ICER '08 Proceedings of the Fourth international Workshop on
Computing Education Research, pp. 3-14, 2008
J. D. Procaccino and J. M. Verner, “Software Developers’ Views of
End-Users and Project Success,” Communications of the ACM, vol. 52,
pp. 113-116, 2009.

[29] G. R. Bergersen and J. Gustafsson, “Programming Skill, Knowledge,
and Working Memory Among Professional Software Developers from
an Investment Theory Perspective,” Journal of Individual Differences,
vol. 32, pp. 201-209, 2011.
[30] D. Graziotin, X. Wang, and Pekka Abrahamsson, “Are Happy
Developers more Productive? The Correlation of Affective States of
Software Developers and their self-assessed Productivity,” ProductFocused Software Process Improvement, pp. 50-64, 2013.
[31] D. Graziotin, X. Wang, and Pekka Abrahamsson, “Software developers,
moods, emotions, and performance,” IEEE Software, vol. 31, pp. 24-27,
2014.
[32] A. N. Meyer, T. Fritz, G. C. Murphy, and T. Zimmermann, “Software
Developers’ Perceptions of Productivity,” Proceedings of the 22nd
ACM SIGSOFT International Symposium on Foundations of Software
Engineering, pp. 19-29, 2014.
[33] D. Graziotin, X. Wang, and P. Abrahamsson, “Happy Software
Developers Solve Problems Better: Psychological Measurements in
Empirical Software Engineering,” PeerJ, 2:e289, 2014.

Swarm Intelligence Weighted Multilayer Perceptron
Neural Network for Detection of Epileptic Activities
Sema Yildirim, Huseyin Harmanci, A.Hakan Ekmekci, Hakan Isik
Graduate School of Natural Sciences, Computer Engineering, Selcuk University, Konya, 42075, Turkey,
semayildirim@selcuk.edu.tr
Department of Electronics and Automation, Bogazliyan Vocational School, Bozok University, Yozgat, 66400, Turkey,
hharmanci42@hotmail.com
Department of Neurology, School of Medicine, Selcuk University, Konya, 42075, Turkey, hakanekmekci@selcuk.edu.tr
Department of Electrical and Electronics Engineering, Faculty of Technology, Selcuk University, Konya, 42075, Turkey,
hisik@selcuk.edu.tr
Abstract—Conventional frequency analysis methods have limited
application
in
the
diagnostic
classiﬁcation
of
electroencephalogram (EEG) signals. Thus, the classification of
EEG signals (EEGs) was studied here using artificial intelligence
techniques. It investigated the success of hybridized Multilayer
Perceptron Neural Network (MLPNN) models—constructed by
Swarm Intelligence (SI) methods—in determining an epileptic
activities or normal diagnosis. The weights of MLPNN n this
study were updated using Artificial Bee Colony (ABC) and
Particle Swarm Optimization (PSO) techniques. The
classification success of hybridized ABC-weighted MLPNNN,
PSO-weighted MLPNN and of the single-MLPNN algorithm was
determined using two different datasets. The evolution of the
proposed methods was conducted using classiﬁcation accuracy,
sensitivity and speciﬁcity values. In order to demonstrate the
success of SI-weighted MLPNN, they are compared with singleMLPNN. The experimental results show that the success of the
investigated methods on all datasets was higher than the singleMLPNN algorithm. In conclusion, this algorithm can not only
more successful than single-MLPNN algorithm in classifying
EEGs, but also accurately detect signals including epileptic
activities.
Keywords—Artificial
bee
colony,
particle
swarm
optimization, multilayer perceptron neural network,
electroencephalogram, discrete wavelet transforms.

I. INTRODUCTION
Electroencephalogram (EEG) is the recording of electrical
activity of the brain and it contain valuable. However, usually
massive amounts of data are included in EEG signals (EEGs)
and visual inspection for discriminating EEGs is a time
consuming and costly process [1]. Spectral analysis can be
recommended for EEGs, which can give information
regarding brain activities. As compared to the conventional
spectral analysis methods, ANNs can eﬀectively make a
decision regarding the class of the signal [2]. On the other
hand, the backpropagation algorithm encounter the local
minima problem because it using the gradient information.
The different algorithms that include evolutionary algorithms
have been surveyed to avoid this problem. We proposed SIweighted MLPNN, as hybrid methods, to analyze the epileptic

activities on the dataset. A signiﬁcant contribution of the
present study was the composition of extracted features by the
usage of eigenvector methods which were used to train novel
classiﬁer (SI-weighted MLPNN) for the EEGs.
II. MATERIALS AND METHODS
It is generally agreed today that the entire process of
methodologies developed for automatic classiﬁcation can
generally be subdivided into a number of disjoint processing
modules: pre-processing, feature extraction/selection, and
classiﬁcation (Fig. 1). Data preprocessing defines any type of
process performed on raw data to prepare another process
procedure. Feature extraction/selection It contributes
importantly to the performance of the classiﬁer without losing
its power while decreasing data size [3], [4]. Feature
extraction means transforming the existing features into a
lower dimensional space which is useful for feature reduction
to avoid the redundancy due to high-dimensional data. The
module of feature selection is an optional stage, whereby the
feature vector is reduced in size including only, from the
classiﬁcation viewpoint, what may be considered as the most
relevant features required for discrimination. The
classiﬁcation module is the ﬁnal stage in automated
classiﬁcation. It examines the input feature vector and based
on its algorithmic nature, produces a suggestive hypothesis
[5]–[9]. The present model consists of three main modules:
DWT and statistical functions generate a feature vector from
the EEGs, PCA method was used as a feature selection and
SI-weighted MLPNN performs the output class based on the
extracted features as shown in Figure 1.
A. EEG Dataset
Two EEG datasets were employed in this experiment. The
first dataset was obtained from publicly published material
from Boston Children’s Hospital, the second dataset was
obtained from Selcuk University Medical Faculty Hospital.
Boston Children’s Hospital that is the first dataset contains
EEG recordings, grouped into 23 cases, from 22 pediatric
subjects. The sampling frequency is 256 per second. Both the
file records-with-seizures and record-without-seizures include
100 records for this study [10].

Raw EEG
signals

Reprocessing
Feature extraction
DWT and Statistical feature extraction
techniques
(Feature vector)
x  { x z , x 2 ,..., x n }

PCA
(Eigenvector)
x   {x z , x 2 ,..., x m }

Feature selection
(Optional)

Classifier
SI-based MLPNN

Classes
Fig. 1. General block diagram of the EEGs classification process (x denotes features, n and m denotes features number where m<n)

EEG dataset recorded at the Department of Neurology of
Selcuk University Hospital, (Non-Invasive Clinical Research
Ethics Committee No. 2014/423) is obtained retrospectively.
EEG recordings with 18 channels that were carried out on 60
patients using the 10-20 international system of electrode
placement. The records are 200 samples per second and each
epoch consists of 15 seconds. This dataset, created by
specialists, included EEGs with various waves. In this work,
we used 5 epochs with both Set E and N, and the length of
each epoch was composed of 3000 samples (5
epochs × 200 Hz sampling frequency).
B. Feature Extraction/Selection
1. Discrete Wavelet Transform
Wavelet Transform (WT) time-scale analysis is a robust
method for decomposition of signals that provide a uniﬁed
framework for different techniques [11], [12]. Therefore
discrete wavelet transform (DWT) is often used. Discrete
Wavelet Transform (DWT)—a series of WTs—has been
successful in many works for pre-analysis of epileptic seizures
detection, unlike FFT, because EEGs are non-stationary [11].
2. Statistical Feature Extraction
The dataset is decreased to lower dimensions that contain
most of the useful information of original vector by means of
the feature extraction [13]. In this paper, ten statistical features
that include minimum, maximum, mean, median, interquartile
range, range, standard deviation, variance, kurtosis and

skewness are extracted from the data of each channel as the
most representative values to describe the original signals.
3. Dimension Reduction by Principal Component Analysis
PCA will reduce the degrees of freedom as well as the
space and time complexity. The objective is to represent data
in a space that best expresses the variation as a sum-squared
error. This technique is mainly beneficial for segmenting
signals from multiple sources.
A. Multilayer Perceptron Artificial Neural Network
Multilayer Perceptron Neural Network (MLPNN) has
features such as the ability to learn and generalize a smaller
training data requirement, a faster operation and easy
implementation; thus, it is one of the most widely used neural
network architectures. The MLPNN is a neural network for
performing varied detection and classiﬁcation tasks [14].
B. Swarm Intelligence Weighted Neural Network Methods
Algorithms based on swarm intelligence and social insects
begin to show their effectiveness and efficiency in solving
difficult problems. This collective behavior that emerges from
a group of social insects has been dubbed Swarm Intelligence
(SI). In the case of Swarm Intelligence, ABC and PSO are
widely used to solve pattern classification problems [15].
Therefore, the weights of the MLPNN algorithm were
optimized using Swarm Intelligence methods. For both
methods, after randomly assigning initial weights, activation

function values were calculated, and training of the network
was continued using the backpropagation algorithm with new
weights. The block diagram of the MLPNN method
hybridized using SI is shown in Figure 2. Weights obtained by
using SI between input-hidden layer and hidden output layer

are represented by WSI. A sigmoid function was used as the
activation function of the input-hidden layer and a linear
function was used as the activation function of the hidden
output layer.

Fig. 2. SI-based MLPNN structure with Swarm Intelligence (WSI: the weight of Swarm Intelligence, b: bias)

1. Artificial Bee Colony Weighted Neural Network
In the ABC algorithm, the colony of artiﬁcial bees includes
three groups: employed bees, onlooker bees and scout bees. A
bee observing the dance area to decide on choosing a food
source is called an onlooker, and a bee going to a food source
it previously visited is called an employed bee. A bee carrying
out a random search is called a scout bee [16]. This process
can be divided into two steps which are exploration and
exploitation [15].
2. Particle Swarm Optimization-Weighted Neural Network
PSO is an evolutionary optimization algorithm and graceful
motion of swarms of birds as part of a socio-cognitive study
investigating the notion of “collective intelligence” in
biological populations. Modified PSO is used in order to avoid
PSO being trapped in local minima by means of the inertia
weight (w) [17]. The inertia weight controls the last-step
inﬂuence in the evolution of a new solution.
SI-weighted MLPNN were terminated by either of the
following two criteria: 1) the minimum relative error value, or
2) the maximum number of iterations was reached.
III. EXPERIMENTAL RESULTS
As it is known, the EEG recording process takes about 30
minutes. These long-term EEG recordings that are rhythmical,
repetitive, or periodic body movements can often produce
artifacts that may be mistaken for activity coming from the
brain. Although EEG is designed to record cerebral activity, it
also records electrical activities arising from sites other than
the brain. Computers have long been proposed to solve this
problem and thus, automated systems to recognize
electroencephalographic changes have been under study for
several years. There is a strong demand for the development
of such automated devices, due to the increased use of

prolonged and long-term EEG recordings for proper
evaluation and treatment of neurological diseases and
prevention of the possibility of the analyst missing (or
misreading) information [11], [18]–[20].
The procedure of the proposed system can be summarized
as follows:
Step 1: The features calculated with a set of power features
in time-domain using DWT and a statistical features using
statistical parameters.
Step 2: We extract the features using ICA algorithm to
reduce the dimensionality. This step is performed to remove
the irrelevant features which are redundant and even degrade
the performance of the classiﬁer.
Step 3: The classiﬁcation process for epileptic activities
detection is carried out using SI-weighted MLPNN
classiﬁcation.
The wavelet function selected a fourth order Daubechies
wavelet, which has also been proven to be the best suitable
wavelet function for epileptic EEG analysis [14] and it was
used to decompose for sub-band in the time domain using fifth
level. Ten statistical features, namely, minimum, maximum,
mean, median, interquartile range, range, standard deviation,
variance, kurtosis and skewness have been from all channels
for each dataset. Then, DWT and statistically obtained
attributes were assembled and the unique feature vector was
constructed. PCA that was used to reduce the size of features
because selection of the number of inputs is very significant
[21]. After PCA was applied, the magnitudes of eigenvector
obtained by the eigenspace information (PCA space) for all
datasets are given in the “Feature Selection” section of Table
1. 4 sub-bands and 10 statistical features were extracted by
using DWT and statistical feature extraction techniques,
respectively. Furthermore, 13 and 24 features were obtained
by the PCA for each dataset.

TABLE I
THE NUMBER OF PROPERTIES AND FEATURE VECTORS OF BOSTON AND SELCUK DATASET

Properties
The number of Records
The number of Channels
Features after feature extraction (DWT and statistical functions methods)
Eigenvectors after feature selection (PCA method)
The current feature vector

Boston dataset
200
23
322 x 200
13
13 x 200

Selcuk dataset
60
18
252 x 60
24
24 x 60

For this work, we considered only a single hidden layer
perceptron network-based classifier, with twelve neurons in
the hidden layer [15]. Sigmoid and linear transfer function
were used for the hidden and the output layer transfer
function, respectively [22]. For best model selection in the
classiﬁcation problems described, a ten-fold cross-validation
technique was used [23]–[25]—where ten-fold cross-

validation is the most common in data mining and machine
learning. Therefore, 10% of the data was reserved for testing
and 90% for training as shown in Table 2. Statistical
parameters that include Sensitivity (SEN), specificity (SPE)
and classification accuracy (CA) values have been used to
calculate the success of proposed methods.

TABLE II
NUMBERS OF TRAINING AND TEST SETS

Dataset
Boston
Selcuk

Training set
180
54

Test set
20
6

Total
200
60

TABLE III
IMPLEMENTATION RESULTS OF SI-WEIGHTED MLPNN METHOD FOR EACH FOLD

Classifiers

ABC-weighted MLPNN

PSO-weighted MLPNN

Single-MLPNN

Fold Number
Fold 1
Fold 2
Fold 3
Fold 4
Fold 5
Fold 6
Fold 7
Fold 8
Fold 9
Fold 10
Fold 1
Fold 2
Fold 3
Fold 4
Fold 5
Fold 6
Fold 7
Fold 8
Fold 9
Fold 10
Fold 1
Fold 2
Fold 3
Fold 4
Fold 5
Fold 6
Fold 7
Fold 8
Fold 9
Fold 10

SEN (%)
83.33
70.00
71.43
77.78
92.31
66.67
84.62
85.71
66.67
90.00
57.14
80.00
71.43
72.73
90.91
57.14
73.33
76.92
75.00
75.00
37.50
80.00
55.56
63.64
50.00
92.31
81.82
70.00
62.50
100

Average SEN, SPE and CA values of the SI-weighted
MLPNN (ABC and PSO), and the single-MLPNN method for
each fold, on all datasets are given in Table 3. As seen in
Table 4, ABC-weighted MLPNN shows the highest success
rate (91.67%) with the Selcuk dataset while PSO-weighted
MLPNN and single-MLPNN methods show a success rate of
88.33% and 81.67%, respectively, on the same dataset. As a

Boston Dataset
SPE (%)
CA (%)
92.86
90.00
70.00
70.00
100
80.00
81.82
80.00
57.14
80.00
92.86
85.00
85.71
85.00
61.54
70.00
75.00
70.00
70.00
80.00
84.62
75.00
60.00
65.00
100.00
80.00
88.89
80.00
44.44
70.00
92.31
80.00
80.00
75.00
85.71
80.00
87.50
80.00
62.50
70.00
75.00
60.00
60.00
65.00
54.55
55.00
77.78
70.00
85.71
80.00
57.14
75.00
66.67
75.00
60.00
65.00
100
70.00
57.14
70.00

SEN (%)
100
100
100
100
100
66.67
75.00
100
100
100
100.00
100.00
50.00
75.00
75.00
100.00
100.00
100.00
75.00
100.00
66.67
100
66.67
75.00
100
66.67
100
100
100
75.00

Selcuk Dataset
SPE (%) CA (%)
100
100
66.67
83.33
100
100
100
100
50.00
83.33
100
83.33
100
83.33
100
100
75.00
83.33
100
100
100.00
100.00
100.00
100.00
100.00
66.67
100.00
83.33
50.00
66.67
100.00
100.00
100.00
100.00
75.00
83.33
100.00
83.33
100.00
100.00
100
83.33
100
100
100
83.33
100
83.33
33.33
66.67
100
83.33
100
100
75.00
83.33
100
50.00
100
83.33

consequence, the CA of ABC-weighted MLPNN and PSOweighted MLPNN methods is higher than the CA of singleMLPNN method for both Selcuk dataset and Boston dataset.
Therefore, it can be clearly seen that the successes of the
proposed methods are higher than the success of a singleMLPNN method.

TABLE IV
THE AVERAGE SUCCESSES (± STANDARD DEVIATION) OF EACH METHOD FOR EVERY DATASET

Methods

ABC-weighted MLPNN
PSO-weighted MLPNN
single-MLPNN

Dataset
Boston
Selcuk
Boston
Selcuk
Boston
Selcuk

SEN (% ± Std.dev.)
78.85 ±
0.0964
94.17 ±
0.1245
72.96 ±
0.0612
87.50 ±
0.1768
69.33 ±
0.1942
85.00 ±
0.1610

IV. CONCLUSIONS AND DISCUSSION
The classification success of an MLPNN algorithm, whose
weights were updated using ABC and PSO, was investigated
in this study. The classification success of the hybridized
methods were found to be higher than the single-MLPNN
algorithm. In this work, not just the satisfactory accuracy of
the proposed methods but also a suitable eigenvector feature
set was found by performing proposed methods. These
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Abstract— The Titanic disaster resulting in the sinking of the
British passenger ship with the loss of 722 passengers and crew
occurred in the North Atlantic on April 15, 1912. Although it has
been many years since this maritime disaster took place, research
on understanding what impacts individual’s survival or death
has been attracting researchers' attention. In this study, we
propose to apply fourteen different machine learning techniques,
including Logistic Regression (LR), k-Nearest Neighbors (kNN),
Naïve Bayes (NB), Support Vector Machines, Decision Tree,
Bagging, AdaBoost, Extra Trees, Random Forest (RF), Gradient
Boosting (GB), Calibrated GB, Artificial Neural Networks
(ANN), Voting (GB, ANN, kNN) and, Voting (GB, RF, NB, LR,
kNN) to Titanic dataset, which is publicly available, to analyze
likelihood of survival and learn what features have a correlation
towards survival of passengers and crew. Also, obtained Fmeasure score from machine learning techniques are compared
with each other and the F-measure score which is obtained
Kaggle. As a result of this study, more successful F-measure rates
have been obtained with GB and Voting than Kaggle.
Keywords— Machine learning, classification, data analysis,
Titanic, Kaggle

I. INTRODUCTION
The inevitable development of technology has both
facilitated our life and brought some difficulties with it. One
of the benefits brought by the technology is that a wide range
of data can be obtained easily when requested. However, it is
not always possible to acquire the right information. Raw data
that is easily accessed from the internet sources alone does not
make sense and it should be processed to serve an information
retrieval system. In this regard, feature engineering methods
and machine learning algorithms are plays an important role
in this process.
The aim of this study is to get as reliable results as possible
from the raw and missing data by using machine learning and
feature engineering methods. Therefore one of the most
popular datasets in data science, Titanic is used. This dataset
records various features of passengers on the Titanic,
including who survived and who didn't. It is realized that
some missing and uncorrelated features decreased the
performance of prediction. For a detailed data analysis, the
effect of the features has been investigated. Thus some new
features are added to the dataset and some existing features
are removed from the dataset.
Chatterjee [1] applied multiple logistic regression and
logistic regression to check whether a passenger is survived.

He reported performance metrics across different cases
comparison and concluded that, the maximum accuracy
obtained from Multiple Linear Regression is 78.426%; the
maximum accuracy obtained from Logistic Regression is
80.756%.
Datla [2] compared the results of Decision tree and
Random Forests algorithms for Titanic dataset. Decision tree
is resulted 0.84% correctly classified instances, while Random
Forests resulted 0.81%. As the feature engineering steps, they
created new variables such as “survived”, “child”, “new_fare”,
“title”, “Familysize”, “FamilyIdentity” which are not included
in feature list of Titanic dataset and also replaced a missing
value by the mean value of a given feature.
There are several studies in the literature that compared
different classification algorithms on multiple dataset. Meyer
et al., [3] compared SVM implementation to 16 classification
algorithms and for titanic dataset they achieved %20.81
and %21.27 error rates with neural networks and SVM
respectively as minimum errors. Ratsch et al. [4] compared
Adaboost classifiers to SVM and RBF classifiers. For titanic
dataset, %22.4 error rate is obtained from SVM as the
minimum error rate. Li et al. [5] used SVM as a component
classifier for Adaboost. They used titanic dataset as one of the
experimental data and the minimum error rate they obtained
is %21.8.
The rest of the paper is organized as follows: Section 2
presents the techniques employed in experimental studies.
Experimental setup and results are given in sections 3. Section
4 concludes the paper with a discussion.
II. METHODOLOGY

A. Logistic Regression
LR is one of the most popular methods used to classify
binary data. LR is based on the assumption that the value of
dependent variable is predicted by using independent
variables. In the model, Y is the dependent variable we are
trying to predict by observing X which is the input or set of
the independent variables ( , … , ) . The value of Y that
corresponds to the people as either survived (Y=1) or not
survived (Y=-1) and is summarized by (X=x). From this
definition, the conditional probability follows a logistic
distribution given by ( = 1| = ). This function called as
regression function we need to predict Y.

B. K Nearest Neighbors
kNN is one of the most common, simplest and nonparametric classification algorithms when there is little or no
prior knowledge about the distribution of the data. Using the
distance metrics to measure the closeness between training
samples and the test sample, kNN assigns the test sample with
class of its k nearest training samples. In terms of closeness,
the kNN is mostly based on the Euclidean distance. The
Euclidean distance between training sample
=
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When m = 1 the distance is called as Manhattan and
2 the distance called as Minkowski.

C. Naïve Bayes

(1)

>

NB, which is known as effective inductive learning
algorithm, achieves efficient and fast classification in machine
learning applications. The algorithm is based on Bayes
theorem assuming all features are independent given the value
of the class variable [6]. This is conditional independence
assumption and true in real world applications. Due to this
assumption NB performs well on high dimensional and
complex datasets.

D. Support Vector Machines
SVM, which was developed by Vapnik in 1995, is based on
principle of structural risk minimization that exhibits good
generalization performance. With SVM, finding an optimal
separating hyperplane between classes by focusing on the
support vectors is proposed [7]. This hyperplane separates the
training data by a maximal margin. SVM solves nonlinear
problems by mapping the data points into a high-dimensional
space.

E. Decision Tree
Decision trees with their fairly simple structure to create are
one of the most used classifiers. A decision tree is a tree
structured model with decision nodes and prediction nodes.
Decision nodes are used to branch and prediction nodes
specify class labels. C4.5 is a kind of decision tree algorithm
builds a decision tree from training data by using the
information gain. When building decision trees C4.5 uses
divide and conquer approach.

F. Bagging
Bagging is one of the oldest and easiest techniques for
creating an ensemble of classifiers, improves accuracy by
resampling of the training set [8]. The fundamental
assumption behind the bagging is to use multiple training sets
instead of using a single one to prevent results which depend
on a training set. A base single classifier is applied in parallel
to generated training sets then generated classification models
are combined according to majority voting. With bagging,

high accuracy, good generalization performance and reduce in
variance and bias are achieved.

G. AdaBoost
AdaBoost is one of the most used and effective ensemble
learning methods. The base notion behind AdaBoost is that a
strong classifier can be created by linearly combining a
number of weak classifiers [9]. In the training process
AdaBoost increases the weights of misclassified data points
while is decreasing weights of correctly classified data points.
That is, AdaBoost reweights all training data in its every
iteration. Weak classifiers are applied in serially then
generated classification models are combined according to
weighted majority voting.

H. Extra Trees
Extra tree (The Extremely Randomized Decision Tree) is a
decision tree ensemble classification method. Extra Trees are
based on the randomization. For each node of the tree splitting
rules are randomly drawn then the best performing rule based
on a score is associated with that node [10]. For each tree that
composed extra trees whole dataset is used for training.

İ. Random Forest
RF is a classification algorithm developed by Breiman and
Cutler that uses an ensemble of tree predictors [11]. It is one
of the most accurate learning algorithms and for many
datasets; it achieves a highly accurate classifier. In RF, each
tree is constructed by bootstrapping the training data and for
each split randomly selected subset of features are used [12].
Splitting is made based on purity measure. This classification
method estimates missing data and large proportion of the
data are missing it still maintains accuracy.

J. Gradient Boosting
GB was developed by Friedman (2001) is a powerful
machine learning algorithm that has shown considerable
success in a wide range of real world applications. GB handles
boosting as a method for function estimation, in terms of
numerical optimization in function space [13].

K. Artificial Neural Networks
Multilayer perceptron (MLP) is a kind of ANN has ability
to solve nonlinear classification problems with high accuracy
and good generalization performance. The MLP has been
applied to a wide variety of tasks such as feature selection,
pattern recognition, optimization and so on. A MLP can be
considered as a directed graph in which artificial neurons are
presented with nodes and directed and weighted edges
connects nodes to each other [14]. Nodes are organized into
layers: an input layer, one or more hidden layers and an output
layer. MLP uses backpropagation to classify data points and
by using backpropagation error is propagated in backward
direction to adjust weights.

L. Voting
For obtaining accurate classification results, a bunch of
classifiers are assembled for artificial and real-world datasets.
Voting is the simplest method which combines predictions
from multiple classifiers and made a single contribution. [15].
While majority voting is resulting with class with the most
votes, weighted voting makes a weighted linear combination
of classifiers and decides class with the highest aggregate.
III. EXPERIMENTS

A. Dataset
Titanic: Machine Learning from Disaster competition
dataset [16] was provided by Kaggle. The Titanic dataset
consist of a training set that includes 891 passengers and a test
set that includes 418 passengers which are different from the
passengers in training set. A description of the features is
given in Table I.
TABLE I
NUMBER OF FEATURES IN THE DATASET

Feature
PassengerId
Survived
Pclass
Name
Sex
Age
SibSp
Parch
Ticket
Fare
Cabin
Embarked

Value of Feature
1-891
0,1
1-3
Name of
passengers
Male, female
0-80
0-8
0-6
Ticket number
0-512
Cabin number
S, C, Q

Feature Characteristic
Integer
Integer
Integer
Object

Fig. 1 Distribution of sex feature.

2) Embarked: When we consider the distribution of the
“Embarked” feature, there are 644, 168, 77 passengers
boarding from the port “S”, “C” and “Q” on the ship
respectively. The survival rates of passengers boarding from
these ports are given in Fig. 2. When this figure is analyzed, C
is the port with the highest survival rate of 55%. Thus, this can
be interpreted like “embarked” feature gives important clues
about survival.

Object
Real
Integer
Integer
Object
Real
Object
Object

While the features such as PassengerId, Survived, Pclass,
Age, SibSp, Parch and Fare are numeric values, Name, Sex
and Embarked can take nominal values; the features such as
Ticket, Cabin can take numeric and nominal values.
For a detailed feature engineering we first analyzed the
features.
1) Sex: When we consider the distribution of the “Sex”
feature, there are 314 female and 577 male passengers. 233 of
female passengers have been rescued and others have lost
their lives. On the other hand, 109 of male passengers have
been rescued and others have lost their lives. If we analyze
these distributions it is realized that the survival rate of
women is higher than that of men. It has been concluded that
the effect of this feature on predicting the class label is
significant.

Fig. 2 Distribution of Embarked feature.

3) Pclass: “Pclass” feature describes three different classes
of passengers. There are 216 passengers belong to the class 1,
184 passengers in class2 and finally 491 passengers in class 3.
The survival rates of passengers due to “Pclass” feature are
given in Fig. 3. The passengers with the highest survival rates
are the first class passengers with 63%. This ratio also shows
that wealthy people are alive.

figure. When the correlation scores are evaluated it is
observed that the correlation between “Survived” and “Sex” is
highest while the correlation between “Survived” and “Age”
is the minimum. Apart from that, “Sibsp” and “Parch”
features are correlated by 0.41. Accordingly by combining
these two features a new feature can be created.

Fig. 3 Distribution of Pclass feature.

4) Age: When the “age” feature” is considered it is seen that,
the age of passengers are range from 0 to 80. If we group the
passengers by specific age ranges such as 0-13, 14-60 and 6180 then we realized that most of the passengers in the 0-13 age
group are survived and a large majority of passengers in the
age group 61-80 lost their lives. This statistical information
proves that the first children were rescued when the ship
started to sink.

Fig. 5 Correlation between data.

7) Family size: In machine learning applications, features
extension methods as well as feature reduction methods can
also improve the classification performance. In this study, a
feature named “Family_size” is created in addition to the
existing features. This feature is calculated by adding the
value of Sibsp feature to the value of Parch feature. After that,
we have distinguished this feature with two groups. In the
first group consist of passengers whose family_size is 0, 4, 5,
6, 7 or 10 and in the second group there are passengers whose
family_size is 1, 2 or 3. It is observed that most of the first
group lost their lives and the majority of the second group is
survived. These results show that the number of family
members strengthens the possibility of survival.

Fig. 4 Distribution of Age feature.

5) Fare: The “fare” feature specifies the fare paid by the
passenger and it changes between 0-512. If we distinguish this
feature with two groups as 0-90 and 91-512, then it is seen
that most of the passengers who paid between 0 and 90 lost
their lives and the majority of the passengers who paid
between 91and 512 survived.
6) Correlation between data: In classification task of
machine learning, the correlation which is often used as a
preliminary technique to discover relationships between
variables can be a key to improve the accuracy of a prediction
model. In classification models, the positive or negative
correlation between feature values can be used to discover
which ways the independent features influence intuitive
forecasting. The correlation between features of Titanic
dataset is shown in Fig. 5. Due to the embarked and sex
features have nominal values they are not included in this

Fig. 6 Distribution of Family_size feature

B. Preprocessing Steps
In this study data cleaning, data integration, data
transformation are applied as preprocessing steps. The missing
values of Age and Fare features are filled by meadian values
of these features. The missing values of “Embarked” feature
are filled by “C” value. The PassengerId, Name, Ticket and
Cabin features are removed from the feature set.

C. Experimental Results
All algorithms are run in order to analyze likelihood of
survival and learn what features have a correlation towards
survival of passengers and crew. When applying algorithms to
Titanic dataset, we have seen that to make the algorithm
accurate, some more adjustments on some model parameters
are required.
Logistic regression is applied with a penalty term which is
decided as “l2”. For kNN, number of neighbors is selected as
8 and Minkowski is selected as distance measure. Naïve
Bayes algorithm is used based on Bernoulli distribution. In
SVM, the penalty parameter is important to control level of
misclassification and determined as 3. Gini is used as impurity
measure in C4.5 decision tree. Apart from that maximum
depth is a parameter that makes the search space finite and
also prevents decision tree from growing to an extremely large
size and decided as 25. In Bagging, maximum bag size is
determined as 2.6%. Decision tree is used as the base
estimator in bagging and adaboost. Number of trees in the
forest is selected 15 and 200 for Extra Trees and Random
Forest classifiers respectively. In Gradient Boosting, Logistic
Regression is used as loss function to be optimized. Gradient
Boosting is calibrated with sigmoid function in Calibrated
Gradient Boosting. MLP with backpropogation is used as
Artificial Neural Networks. In the first voting algorithm, GB,
ANN and kNN are voted, in the second GB, RF, NB, LR and
KNN are voted.
Algorithms are evaluated according to accuracy and Fmeasure. We compare our F-measure scores with F-measure
scores obtained from Kaggle. The performances of the
algorithms are listed in Table II. It is observed that the best
performance is provided with Voting (GB, ANN, kNN) with
F-measure score of 0.82. Compared with Kaggle, more
successful F-measure rates have been obtained with GB and
Voting. With Calibration we expect to see better results but
our calibration doesn’t yield increase in F-measure score
while Kaggle yields.
TABLE II
COMPARISON OF ACCURACY, F-MEASURE AND KAGGLE SCORES OF
ALGORITHMS

Algorithm
Voting (GB, ANN,
kNN)
Gradient Boosting
Calibrated (GB)
Voting (GB, RF,NB,LR
kNN)
Random Forest
Artificial Neural
Networks
AdaBoost
Decission Tree
Bagging
Logistic Regression
Naive Bayes
Extra Trees
k Nearest Neighbors

Accuracy

Fmeasure

Kaggle

0.869
0.869
0.866

0.82
0.815
0.81

0.794
0.789
0.813

0.851
0.848

0.79
0.781

0.789
0.789

0.813
0.814
0.817
0.806
0.802
0.789
0.815
0.802

0.743
0.741
0.738
0.731
0.728
0.714
0.713
0.712

0.766
0.78
0.789
0.775
0.766
0.762
0.785
0.665

Support Vector
Machines

0.787

0.71

0.766

IV. CONCLUSIONS
Obtaining valuable results from the raw and missing data
by using machine learning and feature engineering methods is
very important for knowledge-based world. In this paper, we
have proposed models for predicting whether a person
survived the Titanic disaster or not. First, a detailed data
analysis is conducted to investigate features that have
correlation or are non-informative. And as a preprocessing
step some new features are added to dataset such as
family_size and some of them are excluded such as name,
ticket and cabin. Secondly, in classification step 14 different
machine learning algorithms are used for classifying the
dataset formed in preprocessing step.
The proposed model can predict the survival of passengers
and crew with 0.82 F-measure score with Voting (GB, ANN,
kNN).
As a conclusion, this paper presents a comparative study on
machine learning techniques to analyze Titanic dataset to
learn what features effect the classification results and which
techniques are robust.
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Abstract— Not only the feasibility and technical
applications issues, but also the planning, time and cost
management studies have been getting more important for
efficient investments if we think about speed of development. In
this sense, it is very crucial that all processes of each project to
be developed should be designed and planned in the best way.
Technological development projects, such as software developing
ones which do not have a lot of physical outputs should be
planned in the most convenient and efficient way as resources,
time, and cost. In this sector, software development processes are
proceed by applying various accepted methods since financial
data has great importance in this sector. These methods
implemented in practical industry provide programmers,
programmers, and administrators to evaluate and improve
software capabilities. These methods help managers and
software engineers to gain and develop skills and experiences
they need to plan, monitor, and analyze large, and complex
projects. For small scale program development needs, the
industrial applications of planning, monitoring, analysis and
quality management made with these methods are scaled. So
these small project disciplines form a solid foundation for larger
projects. In this study, how software development processes and
software project management were applied according to
industry standards in an information technology department of
approximately 320 people were expressed. All the methods and
processes applied throughout the software development lifecycle
from the first moment of any project are detailed and presented
in the study.

Keywords— SDLC, Software Development Life Cycle, Project
Management, Waterfall Model, V Model, Agile Model

I. INTRODUCTION
Globalization and its effects force the countries to find
new methods for make better competitive and effective politics
and companies. Improvement of technology, more competitive
market conditions and flexible business rules gives no other
action that the economic and social actors to improve their
systematic business methods. The Project Management
Techniques are become more valuable among other techniques
for using the resources more coordinate, more effective and
more efficient. Based on Project Management making business
culture finds more implementation areas with the effects of
Globalization of Companies on globalization of business itself

beyond the country borders, human resources indicates
different nation of employees, the change of supply and vendor
logics. The Planning of Business is identified as coordination
based time scheduling for optimize time and cost by all actors
like owner of goods, maker, supplier, formal institutes, all
employees on time, place, capacity, costs, inner and outer
conditions. In other words, The Planning is scheduling the
further activities based on choices and physical order among
them [1]. The most important phase of a project is the planning
phase. The chance of accomplish a project with success rises
with good planning. Turning institutional abilities into better
product, service and other outputs with minimal usage of
resources only following the professional project management
implements and techniques in Today’s competitive market
conditions. The success of the companies depends on
determining the true point of view and turning the views on
strategies and objectives, creating the projects according to the
objectives, perform the projects with scientific facts and
professionalism which shaped by requirements of Today. The
activities of accomplishing the company objectives by projects
and programs, shows the importance of organizational maturity
level in the fields of project management. In our country, the
necessity of project management offices which put in the
practice of the project management implementations, become
more significant, especially on the government institutes [2].
The prediction of which activities will be done on when, how
many human resource takes responsibilities on these activities,
how much time will be spent on performing these activities
with which type of equipment’s, which phase complete with
what type of activity, is very important. Minimal activities of
the software projects which indicates more issues like licensing
and support systems, will be planned and managed with a
systematic way from beginning to end. On the beginning phase,
making true decisions, true planning and meet with all
requirements must be hold in identified rules for achieving the
products meet all requirements with success for the
improvement of programs. The complexity of the business
requirements, company process and the count of procedures on
institutional and large scale companies, brings out the needs of
software projects development which managed by the existing
business with convenient resources and budget. The necessity
of information technologies and software solutions become
more important on service based banking systems which
indicates financial data’s, information’s with hard regulations.

The software solutions could be successful with using accepted
rules to performing the needs.
II. SOFTWARE LIFE CYCLE
The improvement of a software project not only
indicates coding. Simply, a project indicates the phases of
developing the planning, analyze, design, production and test.
The project may not be completed these phases performing for
once. These phases should be considered as cycle. After the
project finished these process continues with additional
demands, bug fixing, new modules etc. This cycle named as
software development life cycle [3]. Software Development
Life Cycle (SDLC), one of the example of structured project
management technique, manages the inspections of activities to
the projects with divide complex activities into manageable
little pieces. The software development process management
models are define the characteristics of a how to develop the
software or should be. But, none of the SDLC models does not
argue that the fundamental issues like event management and
version management process. These issues handle’s general
project management [4]. A software cycle indicates the phases
from planning, test and release activities and levels. All of these
activities performing different ways according to the
requirements [5]. SDLC is and explanatory model. SDLC
answers how to improve a specific software system.
Descriptive models could use like a foundation for
understanding software development process, improvement
and creating experimental rule models [6]. SDLC system
development life cycle begins with, kick off the system
planning process. SDLC continues with system development,
implementation, operation and maintenance. Eventually, ends
with system regulation. The decisions for security and control
criteria’s, must be made on all these phases. SDCL could be
shown as Fig. 1.

phases with using the engineering disciplines on every phase.
The process begins from planning and analyze phase to
accomplishing developments and tests. After the release, with
additional and alteration demands the process start again from
the first step. This cycle continues the project life time.
The Analysis is the beginning of SDLC. In this phase,
fundamental requirements are identified, project plan is created
and feasibility activities are performed. At the analyze phase all
activities of the project is determined with all details. The
requirements identified more specific level and the scope
identified according to the demands which converting from
identified requirements. Shortly, all details of the project are
determined on the analyze phase. The requirements which
demanded from the customer identified in specific words [7].
According to the scope details which specified after
design and analyze phase of the project, the necessary activities
such as architecture, user interface, system and data base
process identifies step by step. So the project plan has been
identified. Not only the project plan but also necessary
documentation must be prepared. The other documents must
indicate the information such as project general information,
purpose, scope, system design information, design details, data
modeling, user interface designs, UML diagrams. To supply
reference data to the developer on the software developing
phase and understanding the project easily for the new
developers assigned to the project are the main aims of the
documentation.
Software development process is the phase of
development, after identifying detailed activities and
accomplishing design & analyze steps. The software
development activities bounded by scope document. There is
no other activity performed which is not in the scope document.
On this phase there will be no more analyze activity, project
activities must be handle the plan which identified on the design
phase. On the development phase the developer has to make
Alpha Test steps. The Alpha Test made by the developer just
after completing the software developing process.
The Test Phase, the phase of performing the Beta Tests
by testing staff just after the developing process an before
showing the results to the customer. After the Beta Tests and
the fixing probable bugs the project forwarded to the business
unit for testing. Business unit is the customer who demanded
the project. The staff of business unit, tests the development
activities and confirm the suitability of scope. After this phase,
release activities of the project begins.

Fig. 1 – Software Development Life Cycle
For every developed software project process handle
by determining analyze, design, develop, test and release

In the release phase, the projects which accomplished
development and test steps are submitted for usage of
customers. This phase identified as The Release phase. Fixing
the probable bugs, software restoration and adding the
additional functions are the issues of the maintenance process.
In the maintenance phase these issues handle according to
reviews which comes from the users.

III. WATERFALL MODEL
Waterfall model one of the model which using on
software development process management. The model
schedules the activities like a water fall into the ground from
top of the hill. The process accepted as reputedly activities one
after to the other. Waterfall model known as step model too.
The model, first documented by Benington [8] in 1956 and
modified by Winston Royce [9] in 1970. The model gives the
fundamental condition of necessity information for that reason
this model supplies other models as well. Any project or
activity is analyzing before design and development activities.
The original model of Benington recommended that the
software activities performed by phase by phase. The phases
cold be identified as Analyze, design, software development,
testing and release. The model sown as Fig. 2.
There are some advantages disadvantages of using this
model. The activities must be handle without defect on every
phase. The exact accomplishment the rule of beginning the next
step. After every phase there must be a document. Software
process is solid, so the activities must be accomplished full to
jump to the next phase. The participation of the user is possible
on the beginning. User requirements are determined and
identified on the beginning. The project flow of the waterfall
model is jump to the next phase from the actual one. As a result
of project flow the information flow has one direction. The
feedback between the phases is not possible. The demanded
software by the customers, complete at the end of the project.
The customer cold test the outputs on this end phase. The
customer has to accept the results with all plus and/or minus
components. The time prediction made by the managers when
the project planning for module implementations. This
prediction is not represents the actual results because of the
managers does not have the full technical information. Well
prepared analyze let the project compete in success.

Analyze

Design

Implementation

Test

Integration

Fig. 2 – SDLC Waterfall Model

IV. MODEL
This model improved by NASA and first submitted on
NCOSE symposium on Chattanooga in 1991. Model represents
on Fig. 3. The left side of the model represents to dividing the
requirements into little pieces along with the analyze and
planning process. Le right side represents the integration and
the identification system components for implementation and
assembling phases. Vertical axis represents from top of the
system level to the lowest component level indicator. So more
complex system, represent with more level in V Model [10].

The classical model like Waterfall which accepted and
used many companies nowadays, the analyze phase takes much
time for planning the project and requirement analysis. The
analyze phase activities are made on the beginning of the
project. The other phases are performing according to the
analyze phase results. The approach of identifying the analyze
in the beginning, the changes trying to controlled or not the
added to the project along the project life time. So this model
could be useful on the projects which not contains the
possibility of changes.
Fig. 3 – SDLC V Model
This model could be considered as an improvement on
the Waterfall Model. Instead of following solid line, this model
follows a line to the top after the software development stage
and has a shape like V. V model shows every phase relationship
between the phases of SDLC. As its name this model follows
the line of V and the steps performed at this way. In this line
left side shows development activities and right side shows
testing activities. The development process and user relations

identified and the acceptance rules and plans are identified for
development process at the user model. At the architectural
model, system design and the sub system’s a whole system
acceptance activities are identified. At the Development Model,
coding the software modules and testing functions are handled.
This model is suitable for minimal uncertain issues and
identified business identification for information technology
projects. Also this model increases the user participation to the
project [11,12].

pieces software logic and strong information flow between
phases [13,14].

V. AGILE MODEL
Agile model occurs for solving the problems which
faced on the software developing process. Tis model based on
repetitive software developing model and this model
recommended step by step release and changes for software
development. Agile development encouraging changes, the
increasing the communication level among the team, release of
the software into little pieces, test oriented development and
adaptable planning. Agile model aims that divide the whole
project into the little pieces and perform analyze – design –
development – test – release process for all this pieces one by
one. This model has been used since 1970. At 2001 17
American publish the Agile Manifest. The manifest could have
expressed as 4 main matter.

Continuously Release of the software: After every
review cycle there is a working little software will be released
on agile method. This little software submitted to the customer
like working little software’s so the customer satisfaction
increases from the beginning to the end of the project, this
software’s are growing steadily. The literature shows that the
customers prefers working but not completed projects to
completed but not working projects [13,14].

Agile Manifest
1. Prefer Individuals and communication to process and
tool.
2. Prefer Working software properly to detailed
documentation.
3. Prefer Corporate with the customer to solid rules on
agreement.
4. Prefer Adapt to the change to specific plan.
We could summarize the advantages of Agile into 6 mail
heading;
Lower Risk: Repeating software development
methods increase the productivity by decreasing the project
risks and increasing success and decreasing bug ratios. The
main factor of this matter, results of developing the software in
little pieces, all deficiencies of the tools could be detected and
competencies of the project team could be seen in the beginning
phase. As a result of little pieces’ development logic, the
unnoticed risks realized in the beginning before they become
more serious problem [13,14].
Encouraging the Changes: The change is there
inevitable on software projects. Even middle level projects
changed approximately %30 of content from the beginning to
the end. For that reason, the change is the nature of software
projects and tis reality is an indicator that must be managed
handle by agile methodologies. Agile method prefer to convert
the changes for customer benefits not to block changes. Agile
methodologies ensures to adapt changes rapidly with realizing
the change needs at the beginning of the project with little

Management of complexity: there are linear
relationship between complexity and scope of the project and
bug ratios. Agile methods divide the projects into little pieces
so little pieces more easy to control than whole project. So the
scope does not matter for agile because of the method controls
the project with in little pieces so that the complexity become
lower level [13,14].

High Quality: Test oriented software development
logic is placed into repeating software development methods.
By means of performing test activities together and integrated
with the software development activities from the beginning of
the project, probable bugs detected early and fixed very
quickly. Bigger scope brings also bigger bug ratios together.
But agile methods, test the little pieces in their own little scope
so the bug ratios decreasing steadily [13,14].
Solutions for Meeting to The Customer Needs: The
programs are being created with high level capability for
meeting the customer needs by consultation from the beginning
the project with business unit, flexibility for changes and
customer oriented logic of Agile Methods. The customer
usually does not have any idea for what they want in the
beginning for the project. So that the requirements change
during the development phase. In the face of this reality agile
methods managed to achieve customer satisfaction on high
level by their flexible systematic and customer oriented
approach [13,14].
In the Waterfall method, we should design the
requirements according to the using code software’s
capabilities with a log documentation then give the documents
to the developer. Testing phase performed after the
development phase so if the customer requirements has
changed or probable bugs has occurred, the development phase
could go back to the beginning of the project.
However, in the Agile methods, this progress handle
at the level of requirement matter for one by one. First of all,
necessary implementation requirements are identified. After
this phase some idea could collect as feedbacks from the final
user, developers or enterpriser of the project. According to the
feedbacks which collected in the same time in development
phase, the project could be change according to these
feedbacks. Maybe there are some lack of budget or time. So

agile sees this issues at the earlier times of project so afterward
activities could be revise for actual realities. This approach
decreases time and costs. In waterfall method this type of
reality let the project to the beginning, but in agile methods this
type of reality occurs during the project. Thus make process
management more optimal.
We can easily say the matters identified below, for comparison
of Waterfall and Agile methods [16].
 Planning process takes long time in Waterfall.
 The time is very low between Analyze and
Development in Scrum.
 The problem at any phase realize very quic in Scrum.
 The risk level high for estimating the cısts at project
planning phase in Waterfall.
 Scrum is more ready for changes.
In Fig. 4 Agile and Waterfall techniques compared on
time basis. In Fig. 5 this comparison made by costs

Fig. 4 – Contrasting Agile and WaterFall by Time

Fig. 5 – Contrasting Agile and WaterFall by Cost

VI. CONCLUSIONS
The project management needs well planning and
more experiment. Especially the mistakes done in the planning
phase on software projects causes higher costs for fixing. 14
software development services and approximately 250 staff in

our company takes part in our company. The count of
developed project per year is about 600.For achievement for all
of the projects Waterfall, V Model and PMI standards using by
services in The SDLC approach. Every details of these projects
and every completed project documents are confirmed an
archived [17]. According to this documentation whole process
have manageable and observable. Performed developments are
carrying to the Prod by project numbers of the development
pieces. These project numbers lets us to track and report the
information of changes done when and by whom. In our
company there are 4 main development level using. These
levels identified as Development which developing stages
made in it, Test level which analyzer tests are performed,
Preproduction level which indicates business unit test activities
and lastly Prod level the users real production level. Between
the levels all of the development packages flow by this project
numbers. Our company use the PPM tool developed by HP for
managing project demands and activities. All of the users
identified in this software who has role in developing progress
[18].
The business unit demands their requirements in an
identified form which named as “Requirement Document”
from the application of PPM. The demands sending to the
demand managers. Demand managers performs planning and
estimating time with service managers. After this activity they
follow two different ways, one of them is submitted the
requirement document to the “Demand Management
Committee”. Other step is to take development demand into
scheduling phase for development process. The demands which
approved by committee and will be scheduled demands given
to the analyst by their manager one by one. The analysts
preparing the analyze document by meeting with the business
unit. The analyze document will be prepared after this phase.
The Analyze document will be sent to the business unit for
approve. After this approval phase the project send to the
regulation, Inner Control and Risk Management services for
confirmation. If there is no obstacle among the confirmation
from these services, software development will begin. The
developer codes the project just as from the analyze document
then merge the development to the Test Stage. The analyst tests
the project in Test stage. If there are any defect detected by
analyst, they sent the defects to the developer for fixing. After
fixing the bugs the codes transferred from Test stage to the
Preproduction stage for business unit tests. But for some
important projects Testing Service tests the project just before
the business unit tests. Just after the business tests if there are
no problem, the codes transferred from preproduction stage to
the Prod Stage for using by other real users. The projects rea
transferred forward according to SCLC process and project
management methodologies, because financial and banking
activities has its own risks. The last step of the project which
transferred to the Prod is closing the project. At the activities of
closing most important step is noting the lessons, realized along
with beginning to the end. This notes indicates important
information for further developments. The implementations
pass through many special tests by developed tools of tests

because of banking and finance information are usually cryptic
and private. The necessary activities performed after these tests
activity results.
One of the most important process is following the
methodologies. The Waterfall or Agile mothed could be using
according to the project’s special status for implementing PMI
standards. According to project scope, the count of the
stakeholders, Time and budget objectives, proper method could
be chosen. If a project indicates some uncertainty, low
information of stakeholders and small deadline Agile is
suitable. If a project indicates certain budget, time and scope
Waterfall model is suitable. Finally according to the project
characteristics two method could be using in our company.
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Abstract— Student performance estimation, measurement and
improvement are concepts that have gained importance in recent
years. Measurement of learning performance are one of the most
popular topics in educational data mining and learning analytics
research areas. 75% of the courses on massive open online course
platforms(MOOCs) are offered in English. The general problem
with these platforms is that the same content is presented to all
users in the same way. For this reason, the success rate of English
as a second language students studying on the platform varies
according to their English level. Within the scope of the study, it
is planned to analyze online course data taken from the
FutureLearn MOOC platform used in Southampton University,
England. We have previous work on this topic. In this work, we
will further analyze user comments on the forums. From the
comments, we will deduce information about their language
skills. We have divided users into groups such as i) English as
official and primary language ii) English as official but not
primary language iii) English as a second language learners.
After analyzing students’ comments on the forum we will update
the groups according to the results we gained. We aim to find
number of words and characters in the user's comments, the
average number of sentences, the number of conjunctions used,
the negative-positivity status of the words, and the number of
stop words (ineffective words). As a result, it is planned to
provide special insight to classification of students according to
their language proficiency level.
Keywords— Educational Data Mining, Learning Analytics,
Natural Language Processing, Massive Open Online Courses

I. INTRODUCTION
The research topic examined within the scope of the
project is the massive online platform utilization rate and
the success analysis of users according to their English
proficiency. The individuals who study on FutureLearn, a
massive open online learning platform, constituted the
study sample group.

The study data consisted of the FutureLearn data,
particularly the comments of those who actively use the
platform, from Southampton University.
Below, a brief explanation of certain terms is provided to
help facilitate a proper understanding of the purpose of the
study and analysis:
Educational Data Mining: A field that uses the data
obtained from educational systems to improve the learning
environment [1].
Learning Analysis: The analysis and reporting of the data
collected from learners, the learning environment and the
learning process [2].
MOOCs (Massive Open Online Courses): The courses
available on different subjects to all students with Internet
access. These courses appeal to large masses of people
thanks to the facts that they are not constrained by the
limitations of time and space and that they provide equal
opportunities for all students [3]. The goal of MOOCs is to
utilize the Internet to provide free, easily accessible
education to the entire world [4].
Text Mining: A machine learning algorithm commonly
used for mining through text, or more specifically, for
search engines. In the simplest sense, text mining is a data
mining operation that considers the text as a data source.
In other words, it aims at obtaining structured data through
text.
FutureLearn Platform: A platform that offers expanded
access to quality training materials. With this platform,
participants are provided unlimited access to courses and
can take courses whenever they wish and examine the
training materials they want.

II. LITERATURE REVIEW

III.METHODOLOGY

Examples of areas in which Learning Analytics Can Be
Applied: These are used to analyze the success of online
learning platforms, which is done by performing success
analysis on the individual data collected. Based on the
analysis results obtained, the scheduling of course curriculum
and policies and the evaluation of the learning process are
performed [5]

Data Analysis: The obtained data were evaluated in the R
Studio program, which uses the R programming language, and
then interpreted using data analysis. A web-based application
featuring a Shiny web framework that works with the R
programming language was developed to analyze user
comments, activity, registration and success information.

Student Performance Analysis in MOOCs: Throughout the
course of the learning process, a meaningful analysis of all
participant students is performed. This analysis involves
measuring their success levels in the course via all of the
interactions they perform in the lessons. Each click the
participants make on MOOCs and their online behaviors help
to predict their learning process in and attitudes towards the
course [6].

Instruments, Tools, and Devices: The data collected from user
comments were analyzed using the R programming language
in the R Studio program.

Despite the high popularity of MOOCs, they may pose
significant challenges for some individuals in terms of
language, difficulty level and flexibility of learning
approaches. According to year 2015 statistics, 75% of
MOOCs were available in English.

3.2 The Second Step of the Application:
After grouping the data, users and their comments were
grouped according to country information (Figure-3.1). The
following groups were created: 1) group of individuals who
use English as both their official and primary language, 2)
group of individuals who use English as official but not as
primary language, and 3) group of individuals who use
English neither as official nor as primary language.

The aim of this research is to contribute to the improvement of
student performance analysis and platforms.
The goal of the project was to reach a conclusion by analyzing
students’ performances thorough predictions of their
performance on distance learning platforms. The study also
aimed to determine the impact of the language proficiency of
students from different groups and with different English
skills, on their achievement status in course activities. After
analyzing the study and exercise performances of the students,
the results were used to develop software that shall serve to
contribute to their learning process. To accomplish all this, the
training activities of the students were recorded within a
certain predetermined period. The resulting data were then
analyzed using data mining algorithms, the results of which
were used to identify any deficiencies in the platform.

3.1 The First Step of the Application:
First, the data obtained was transformed into .csv format to
make it suitable for processing.

Figure 3.1 Distribution of users in the platform according
to country information

The following information is recorded in the FutureLearn data
from Southampton University:
●
●
●
●

Users’ personal information (Enrollments)
User comments (Comments)
Other users followed by users (Follow)
User activities (Activity)

The following information was obtained within the scope of
the study:
●
●

FutureLearn users’ personal information
FutureLearn users’ comments on the platform

3.3 The Third Step of the Application:
At this stage, the sentence structure of the user comments was
examined. The TM (Text Mining) library, which enabled
structured data to be created from the raw data obtained when
the analysis was performed, was used.

The TM library includes studies on classification of texts,
subject extraction from texts, and text summarization. Text
mining studies are often combined with natural language
processing (NLP) studies, which is another study in the
literature. Moreover, text mining studies mostly tend to draw
statistical outcomes from the text.

Figure 3.2 Total number of sentences in comments of EFL
primary users on the platform

3.4 The Fourth Step of the Application:
At this stage, the user comments were handled on a group
basis. Numerical data were obtained by examining the number
of sentences (Figure-3.2, Figure-3.3, Figure-3.4) in user
comments and the number of words (Figure-3.5, Figure-3.6,
Figure-3.7) and characters (Figure-3.8, Figure-3.9, Figure3.10) in these sentences. The positivity and negativity of the
words were analyzed. Ineffective words in user sentences
(stop-words) (Figure-3.11, Figure-3.12, Figure-3.13) were
first extracted before analyzing the words in these sentences.
Using the data obtained from the results of the analysis
performed, interpretations on the extent to which the user has
mastered the English language were carried out. Various
graphs (Box Plot, Violin Box Plot, Scatter Plot, and Bar Plot)
were produced using these data, which are planned to be used
to track students’ performances on course registration systems
and web-based learning management systems (LMS).
Within the scope of this study, it was aimed to conduct a
detailed analysis of student performances by developing a
Shiny web application and classifying the students
participating in the courses on the FutureLearn platform.

In Figure 3.2 shows us, scatter plot and boxplot of
total number of sentences in comments for EFL
primary user group which is frequent in the
range 1-5.

Figure 3.3 Total number of sentences in comments of EFL
Not Primary users on the platform

Figure 3.4 Total number of sentences in comments of Not
Official users on the platform

In Figure 3.3, we can understand from scatter plot and boxplot
of total number of sentences in comments for EFL not primary
user group that the range is also frequent in the range 1-5

Figure 3.4 which is the last figure for total number of
sentences in comments, display scatter plot and boxplot of
for ESL (not Official) user group which frequent in the range
4-8 and so different than first two group.

Figure 3.5 Total number of words in comments of EFL
Primary Users on the platform

Figure 3.6 Total number of words in comments of EFL
Not Primary users on the platform

Figure 3.5 shows us, scatter plot and boxplot of total number
of word in comments for EFL primary user group which is
frequent in the range 20-70.

In Figure 3.6, we can understand from scatter plot and boxplot
of total number of words in comments for EFL not primary
user group that the range is also frequent in the range 25-80

Figure 3.7 Total number of words in comments of Not
Official users on the platform

Figure 3.8 Total number of characters in comments of
EFL Primary users on the platform

In Figure 3.7, we can understand from scatter plot and boxplot
of total number of words in comments for ESL (not official)
user group that the range is also frequent in the range 10-50

Figure 3.8 shows us, scatter plot and boxplot of total number
of characters in comments for EFL user group which is
frequent in the range 250-330.

Figure 3.9 Total number of characters in comments of
EFL Not Primary users on the platform

Figure 3.10 Total number of characters in comments of
Not Official users on the platform

In Figure 3.9, we can understand from scatter plot and boxplot
of total number of characters in comments for EFL not
primary user group that the range is also frequent in the range
100-370

In Figure 3.10, we can infer from scatter plot and boxplot of
total number of words in comments for ESL (not official) user
group that the range is also frequent in the range 20-170

Figure 3.11 Total number of stop words in comments of
EFL Primary users on the platform

Figure 3.12 Total number of stop words in comments of
EFL Not Primary users on the platform

Figure 3.11 shows us, scatter plot and boxplot of total number
of stop words in comments for EFL user group which is
frequent in the range 10-30.

In Figure 3.12, we can understand from scatter plot and
boxplot of total number of stop words in comments for EFL
not primary user group that the range is also frequent in the
range 10-37

Figure 3.13 Total number of stop words in comments of
Not Official users on the platform

In the study, statistical usage analyzes of different
language groups were performed by taking advantage of
features such as total number of sentences, the total number of
words used in the comments, total number of characters in the
comments of the users from different language groups.
As a result of the analysis of the number of sentence
numbers used, the comments of users of EFL Primary and
EFL Not Primary groups in the Future Learn platform were
found to be concentrated in the 1-5 range. While sentences of
the ESL (not Official) user group contain more sentences.
We believe that the fact that there are more users in the ESL
(not Official) group played a role in that result.
When we look at the number of words used, it is seen
that the number of words in the official English language
(EFL Primary and EFL Not Primary groups) is higher. In
these groups, the number of sentences is low, but because of
the high number of words, the result is that they can make
longer sentences because of their language fluency.
Among the language groups, when the number of
characters used in the comments are examined, it is seen that
the users in the EFL group have the maximum number of
characters in their comments. EFL not primary group follows
it. ESL (not official user group) has the lowest number of
characters.
Finally, when the number of stop words used of
comments belonging to language groups is examined, it is
seen that the number of stop words is more in official English
(EFL Primary and EFL Not Primary groups). It has also been
observed that users in the ESL (not Official) group use fewer
stop words than other groups.

V. FUTURE WORK

In Figure 3.13, we can infer from scatter plot and boxplot of
total number of words in comments for ESL (not official) user
group that the range is also frequent in the range 5-22.

IV. CONCLUSION
In this study, users' behaviors in different language
groups were analyzed by using forum participation data of
Understanding Language: Learning and Teaching MOOC
(UL4 MOOC) course, which was published on 04.04.2016 14.05.2016 at Southampton University FutureLearn platform.

Within the scope of the study, a web application is developed
with R programming language and Shiny web framework. It is
aimed to perform detailed performance analysis by classifying
the students based on their activities on the courses in
FutureLearn platform. As a future work we plan to observe
the behaviour of students in terms of social network metrics
such as centrality etc. Students following each other and
leaving comments to each other on the platform creates a
social network. We plan to examine this graph and calculate
the social network metrics of students.
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Abstract— Heart auscultation is a non-invasive, low-cost screening
method that is defined as the process of interpreting the heart
sounds produced by the mechanical movements of the heart and
is used as a basic tool in the diagnosis of heart diseases. The
computer aided systems have been developed to more easily detect
heart diseases from heart sounds. These systems, which are used
in the automatic analysis of heart sounds, generally based on
classification of heart sounds. Mostly, segmentation of heart sound
signals is preferred way in order to increase the classification
success. In this study, the contribution of classifying S1-S2 sounds
segmented by the re-sampled energy method is examined. Three
different heart sounds data such as normal, murmur, and
extrasystole in the PASCAL Btraining data set were classified.
ANN was used for classification. Two classifications were made for
both segmented and non-segmented data to compare of obtained
results. As a result of the classification studies, 82.8%
classification accuracy of the non-segmented was achieved, and
86.5% classification accuracy was obtained in the classification
study of segmented S1-S2 sounds. In studies carried out, it has
been seen that segmentation increases the accuracy of
classification and contributes to the classification studies
efficiently.
Keywords— Heart sounds classification, artificial neural network,
heart sounds segmentation, re-sampled signal energy, heart
sounds.

I. INTRODUCTION
Heart auscultation is a non-invasive, low-cost screening
method that is defined as the process of interpreting the heart
sounds produced by the mechanical movements of the heart and
is used as a basic tool in the diagnosis of heart diseases.
Physician experience is also of great importance in
examinations made with Auscultation. In addition, the fact that
heart sounds are variable and complex, not all physicians have
the same experience, reveals the need for clinical decision
support systems to help diagnose heart sounds. For this reason,
many studies on heart sounds have been made. These studies
are usually about disease detection by classifying the heart
sounds. Naturally, scientific studies are mostly about increasing
the accuracy rate or classification success in classifying heart
sounds. Segmentation of S1 and S2 sounds in the heart sounds
is prominent in the studies performed. Segmentation is based
on the Shannon energy envelope, and reference of ECG signals
for the detection of the peak values of S1-S2 sounds are the
most prominent methods. In addition, using different
classification methods or hybrid classification methods are the

most referenced methods. Some examples of these were
explained below.
Shankar et al. proposed an algorithm for detection and
segmentation of S1 and S2 heart sounds using the Discrete
Wavelet Transform and Shannon energy envelop. They used
artificial neural network for classification and they tried to
detect heart murmur from the heart sounds [1]. Bahekar and his
colleagues also used the discrete wavelet transform for
detection and segmentation of S1 and S2 sounds in heart sounds.
They used adaptive neuro fuzzy inference system (ANFIS) for
classification. Sharma and his colleagues also segmented heart
sounds using Shannon energy envelope method. They first
found envelopes in heart sounds with Shannon energy.
Utilizing this, they determined the distance between S1 and S2
voices and thus performed the segmentation process by fully
calculating the systole and diastole intervals in the heart sounds
[3]. Kumar and Saha have proposed a method of detection of
artefact in heart sounds. They used an adjustable Q-wavelet
transform and a second difference signal combination with the
median filter to detect artefact infected subsequence. At end of
the study they have reached 96.98% segmentation accuracy [4].
Choi and Jiang, have made a comparative study about Shannon
energy, the envelope information of Hilbert transform, and the
cardiac sound characteristic waveform. They said that proposed
algorithm provided sufficient performance compared to
conventional Shannon envelope and Hilbert envelope
algorithms [5]. The algorithm proposed by Saini is an automatic
detection of two dominant heart sounds based on a 3-order
normalized mean Shannon energy envelope. This proposed
automatic detection and analysis algorithm can effectively
detect heart sounds S1 and S2 by reducing the effect of noises
in heart sounds. Due to the fact that the signal and the envelope
calculation was pre-processed, the noises in the heart sounds
could be easily suppressed [6].
El-Segaier et al. have used QRS complexes and T waves in
ECG signals to find S1 and S2 segments in their studies. They
used ECG signals as a reference for segmentation of S1 and S2
sounds [7]. T waves in some ECG signals cannot be clearly
selected. For such situations, Carvalho and his colleagues used
a new classifier in the selection of S2 sounds for low quality
ECG signals. Thus, they tried to come from above the problem
of not being classified signals [8]. Many researchers are trying
to define the S1 and S2 sounds with a few signal processing and
statistical methods to reduce the excessive workload without
using the ECG as a reference. Shervegar et al. first filtered the

noisy heart sounds using a Chebyshev type I low pass filter.
They then calculated the Bark Spectrogram. Using the bark
spectrogram, they calculated the sound intensity index by
taking the average of the amplitudes in all frequency bands.
Using the smoothened event detection function, they obtained
heart sounds S1 and S2 [9]. Elgendi et al. have developed a
Daubechies wavelet algorithm for the automatic detection of S1
and S2 using the wavelet coefficient ‘D6’ based on power
spectral analysis [10].
The purpose of this work is to improve classification
performance by easily segmenting without dealing with more
complex methods or algorithms. For this, segmentation was
done by using re-sampled energy method which is proposed by
Deperlioglu [11]. First, heart sounds samples were arranged for
8 seconds and normalized. After the pre-processing of the heart
sound signals was completed, filtering was performed with an
elliptic filter. Later, classification was done with artificial
neural networks. Two classification operations were performed
with the segmented and non-segmented data set to compare the
classification success. These studies are explained in detail in
the following sections.
II. MATERIAL AND METHODS
In this study, it is aimed to improve classification
performance by segmentation. For this, pre-processing of the
heart sound signals was done, and after this process is
completed, filtering was done by elliptic filter. After that,
segmentation process was performed and classification process
was started with artificial neural networks. The block diagram
of the process steps was shown in Fig. 1. These processes were
explained in detail in the following sections respectively.
A. Resampling and Normalization
Classification studies require that all heart sounds be at the
same duration and at the same sampling frequency. If the
sounds are recorded in different media with different devices,
they are resampled so that they have the same sampling
frequency. The sounds used in this study were recorded with
the digital stethoscope DigiScope® in the hospital. Therefore,
they were not resampled because they have the same sampling
frequency. Only the duration of all sounds is arranged as 8
seconds.
After the resampling step, the heart sound signals are
normalized to a fixed [-1 1] scale: because heart sounds should
be normalized before filtering. Normalization can be performed
as in Equation 1[12].

n  = x n 
x
norm
max  x[ n ] 

(1)

Where x[n] is the resampled signal and xnorm[n] is the
normalized signal.

Fig. 1 The block diagram of classification of heart sounds

B. Filtering
Heart sounds that provide valuable diagnostic information in
clinical examinations are among the most important
physiological signals in the human body. However, heart
sounds include noises, such as external sounds and lung sounds,
caused by signal recording conditions. Noisy heart sound signal
negatively affects the diagnosis of the doctor [13].
Digital filters are often used to filter biomedical signal.
Digital filtering is defined as the acquisition of desired
frequency values according to the characterization of the
desired filter in order to improve the signal according to the
intended use [14, 15]. Based on the experience gained from
previous studies, an elliptic filter was used in this study [11, 16].
C. Segmentation of heart sounds
In this study, segmentation was performed using re-sampled
energy method. S1 and S2 sounds were selected using the
intervals generated by the signal energy.
A short time energy account is used to calculate the energy
that the sound signal has at a given time. In this study, a square
total energy function was used with resampling of the filtered
signal. Sum of square energy can be calculated as Equation 2
[11].

E 

N

 x (i )

2

(2)

i 1

D. Classification
Artificial neural networks (ANN) was used in this study.
1) Multilayer feedforward network
The Artificial Neural Network (ANN) is an efficient data
processing system compromised by the analogy of centrally
based biological neural networks. ANN acquires a large
collection of units linked together in a specific way to
communicate between units. These units, also called nodes or
neurons, are simple parallel processors that operate in parallel.
A neural network is an interconnected combination of simple
processing elements, units or nodes based on the neuron of a
loosely functioning animal. The ability to process the network
has been recorded in a number of training examples, either at
adaptation or at a combination of weights obtained by the
learning process.
Associated memory can be defined as the process of calling
patterns or templates stored in a partial or loud version of the
original model. Feedforward networks can be used to
accomplish this task, but a more powerful tool is provided by
the repeating networking class. They may be thought of as not
repetitively processing input models to provide new versions
approaching a continuously stored memory.
Feedforward network is a non-repeating network with the
processing units or nodes in the layer, and all nodes in a layer
are linked to the nodes of the previous layers. There are
different weights on the connection. There is no feedback loop,
the signal input can only flow in one direction. Multilayer
feedforward network is feedforward ANN concept with
multiple weighted layers as seen figure 2. This network is
called hidden layers because it has one or more layers between
the input and output layers [17, 18].

involving the sum of the mean squares and the sum of the
square weights to minimize the prediction errors and obtain a
good generalized model.
Instead of BR or LM, Multilayer Feedforward Artificial
Neural Network or Radial Basis Function Artificial Neural
Network algorithms can be examined. However, BR and LM
are known to perform better than conventional methods in
terms of speed and overfitting problems [19].
The Bayesian regularization technique updates the weight
and bias values according to Levenberg-Marquardt's
optimization. With mean square errors, weights are reduced to
the greatest together and then the right combination is set to
create a generalized network. This process is called Bayesian
smoothing [20].
III. SEGMENTATION OF HEART SOUNDS
In this study, PASCAL Btraining heart sounds dataset was
used. Sound files in this dataset are in wav format and they were
obtained from a clinic trial in hospitals using the digital
stethoscope DigiScope® [21]. In total 192 files of 3 types, as
normal, murmur and extrasystole were selected from the
Btraining data set. Table 1 shows the general characteristics of
the heart sounds files.
TABLE I
THE GENERAL CHARACTERISTICS OF THE HEART SOUNDS
FILES

Category
of
Sound Files
Normal
Noisy Normal
Extrasystole
Murmur
Noisy Murmur
Total

Duration
8 second
8 second
8 second
8 second
8 second

Sampling
Frequency
4000 Hz.
4000 Hz.
4000 Hz.
4000 Hz.
4000 Hz.

Number of
Files
52
26
46
52
16
192

As shown in Table 1, there are 5 different heart sounds in the
data set. These are normal, noisy normal, extrasystole, murmur
and noisy murmur. The heart sound diagrams of these sounds
were shown in Fig. 3.

Fig. 2 Multilayer feed forward network [16]

2) Bayesian regularization backpropagation
In ANN, some regularization algorithms were developed to
solve the problem of extreme compatibility. LevenbergMarquardt (LM) and Bayesian regularization (BR) of
regulating techniques are able to find less mean square errors
than other algorithms for approximate problem handling. LM
was developed especially for faster convergence in back
propagation algorithms. Actually, BR has an objective function

Fig. 3 The heart sound diagrams of selected sounds

As mentioned earlier, in this study, the re-sampled energy
method is used for segmentation. The resampling time is
selected as 100 milliseconds. After normalization and filtering

are done for all files in the data set, segmentation was done.
First, the re-sampled energies of every heart sounds were
calculated for segmentation. A sample diagram of re-sampled
energy of 106_1306776721273_B1.wav file in dataset was
given Fig.4. As seen this figure, the re-sampled energy graphs
of heart sounds consist of big, and small triangles. The big
triangles correspond to the S1 sounds, and the small triangles
correspond to the S2 sounds in the graph. Segmentation can be
done easily by taking advantage of the base lengths of these
triangles. In other words, by selecting intervals where the
energy is different from zero, segmentation of s1 and s2 sounds
can be done.
After calculating the resampled energies for each heart
sound sample, the segmentation of S1 and S2 sounds was
performed. In the classification process, the durations of the S1
and S2 sounds are arranged to be 2 seconds for equalizing the
column lengths in the matrix of data set. The segmented
diagrams of S1 and S2 sounds obtained from the sample sounds
were given in Fig. 5.

The Bayesian regularization back propagation used as learning
algorithm and the mean square error function also used as a
performance algorithm. From a total of 192 samples, 134
samples were used for training data, 29 samples were used for
validation data, and 29 samples were used for testing data.
First, a classification study was conducted for the nonsegmented data set. The maximum numbers of epoch were
selected 1000 and the classification was stopped at the end of
1000 epochs. The confusion matrix obtained at the end of the
classification is given in Fig. 6. As it is seen from the confusion
matrix, accuracy of classification 82.8% was achieved in the
ANN classification.

Fig. 6 Confusion matrix of classification of non-segmented dataset

Fig. 4 A sample diagram of re-sampled energy of 106_1306776721273_
B1.wav file

In the second application, a classification study was
conducted for the segmented data set. The maximum numbers
of epoch were selected 1000 and the classification was stopped
at the end of 1000 epochs. The confusion matrix obtained at the
end of the classification is given in Fig. 7. As it is seen from the
confusion matrix, accuracy of classification 86.5% was
achieved in the ANN classification.

Fig. 5 The segmented diagrams of S1 and S2 sounds obtained from the sample
sounds.

IV. CLASSIFICATION OF HEART SOUNDS
Multilayer feedforward network was used for classification.
There are a number of 10 nodes in the network hidden layer.

Fig. 7 Confusion matrix of classification of S1-S2 segmented dataset

V. CONCLUSIONS
In this study, the contribution of classifying of S1-S2 sounds
segmented by the re-sampled energy method is examined. First,
heart sounds samples were arranged for 8 seconds and
normalized. After the pre-processing of the heart sound signals
was completed, filtering was performed with an elliptic filter.
Three different heart sounds data, such as normal, murmur, and
extra systole in the PASCAL Btraining data set were classified.
Two classification operations with artificial neural networks
were performed with the segmented and non-segmented data
set to compare the classification success. As a result of the
classification studies, the accuracy of classification 82.8% was
achieved in the non-segmented ANN study, and the accuracy
of classification 86.5% was obtained in the segmented S1-S2
sounds ANN study. Thus, segmentation of heart sounds
increased the accuracy of classification by about 4%.
In the future works, segmentation times can be adjusted such
as only S1 or only S2, or different classification methods can
be used to further enhance classification accuracy.
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Abstract— Microarray gene expression data is a crucial part of
research in biomedical informatics. Microarray technologies
make large amount of gene expression data available and enable
to monitor these genes in parallel. Microarray gene expression
data is a high-dimensional data with many irrelevant features,
which may degrade the classification accuracy of supervised
prediction methods. Gene selection analysis, which is the process
of identifying significant genes, is an important stage for analysis
of expression data. In this paper, we present a homogeneous
ensemble scheme for gene selection analysis on microarray gene
expression data. In the presented scheme, the training data is
divided into k training subsets. For each training subset, a partial
ranking of genes is obtained by applying the same method
(namely, significance analysis of microarrays). Then, partial
rankings are combined by robust rank aggregation method and
top-ranked n-genes are identified as the feature subset to build the
supervised classification scheme. In the empirical analysis, five
gene selection analysis methods, namely empirical Bayes
moderated t-test, partial least squares based feature selection,
random forest based feature selection, significance analysis of
microarrays, correlation-based feature selection and their
homogeneous ensembles are considered. In the combination of
rankings, minimum, median, mean, geometric mean and robust
rank aggregation schemes are considered. The experimental
analysis on microarray data indicates that the presented scheme
outperforms individual gene selection analysis techniques.
Keywords— ensemble gene selection, microarray gene expression,
ranking aggregation, supervised learning, feature selection

I. INTRODUCTION
Microarray gene expression data is a crucial part of research
in biomedical informatics. Microarray technologies make
available large amount of gene expression data and enable to
monitor transcription levels of thousands of genes in parallel.
The analysis of gene expression data obtained by microarray
experiments can be extremely useful for progress in molecular
biology and functional genomics [1]. With the use of
microarray technologies, there are several research directions
in biomedical informatics, such as identifying an event’s
outcome based on the associated genes, identifying sub-classes
of particular diseases, identifying underlying molecular
structures of diseases, development of drugs [2]. The immense
quantity of data available can be processed with the use of
machine learning algorithms. Unsupervised learning methods
(i.e., cluster analysis algorithms) can be employed on
microarray gene expression data to identify important

informative structures and patterns. Cluster analysis algorithms
can be utilized for determining the functionality of genes,
regulations of genes, identifying cellular processes and
subtypes of cells [1]. Supervised learning methods (i.e.
classification algorithms) can be employed on gene expression
data to build prediction models on data. Several supervised
learning tasks include diagnosis of diseases, such as colon
cancer, lung cancer and breast cancer, separation of normal and
cancerous cells [3].
Though the aforementioned benefits of microarray
technology, microarray gene expression data suffers from curse
of dimensionality problem [4]. Namely, microarray gene
expression data is characterized by high dimensional feature
space and small number of instances. In addition, data may
contain many irrelevant, redundant and uninformative feature
space. Many irrelevant features can degrade the predictive
performance of unsupervised and supervised prediction
methods. Gene selection analysis (also known as feature
selection) is the process of identifying significant genes, is a
crucial task to build robust and efficient unsupervised and
supervised prediction schemes on expression data. Gene
selection analysis methods aim to determine an appropriate
subset of genes such that non-informative genes are eliminated,
while improving the understanding the data and reducing the
required computational cost [5].
Ensemble learning is a research direction in machine
learning, which aims to obtain more robust and efficient
schemes by combining the outputs of several individual models.
Ensemble learning has been successfully employed for several
tasks, including supervised learning [6, 7] and feature selection
[8]. The identification of an appropriate gene selection analysis
technique can be a challenging problem. Based on the
characteristics of datasets, different feature selection methods
can exhibit different predictive performance. Hence, ensemble
learning is an appropriate technique to obtain robust feature
selection methods, by reducing the variability of results based
on a particular data and reducing the limitations and
weaknesses of individual feature selection methods [9].
In this paper, we present a homogeneous ensemble gene
selection analysis scheme for microarray gene expression data.
In the presented scheme, the training data is divided into k
training subsets. For each training subset, a partial ranking of
genes is obtained by applying the same method (namely,
significance analysis of microarrays). Then, partial rankings are
combined by robust rank aggregation method and top-ranked

n-genes are identified as the feature subset to build the
supervised classification scheme. In the empirical analysis, five
gene selection analysis methods, namely empirical Bayes
moderated t-test, partial least squares based feature selection,
random forest based feature selection, significance analysis of
microarrays, correlation-based feature selection and their
homogeneous ensembles are considered. In the combination of
rankings, minimum, median, mean, geometric mean and robust
rank aggregation schemes are considered.
The rest of this paper is structured as follows. In Section 2,
related work on gene selection analysis is presented. In Section
3, methodology of the study is presented. In Section 4, the
proposed ensemble scheme is introduced. Section 5 presents
the empirical results. Finally, Section 6 presents the concluding
remarks.
II. LITERATURE REVIEW
Gene selection analysis methods can be mainly divided into
three categories as filter-based methods, wrapper-based
methods and embedded methods. Filter-based methods can be
further divided into two subcategories, as univariate and
multivariate methods [10]. There have been many feature
selection algorithms introduced to deal with microarray gene
expression data. Univariate gene selection analysis methods
have been frequently utilized owing to their speed and
relatively efficient predictive performance. For instance, Jafari
and Azuaje [11] utilized two parametric tests (namely, t-test
and ANOVA) for gene selection analysis. In another study,
Baldi and Long [12] presented a Bayesian framework for
microarray gene expression analysis, where point estimates
were utilized in conjunction with t-test. Similarly, Thomas et al.
[13] presented a regression based parametric approach for gene
selection analysis and Newton et al. [14] presented a Gamma
distribution based scheme for gene selection analysis. Modelfree univariate filter-based feature selection methods have been
successfully employed on gene expression data. For instance,
Thomas et al. [13] utilized Wilcoxon rank sum statistics on
gene selection analysis. In another study, Breitling et al. [15]
presented a univariate feature selection scheme based on
computing rank products from replicate experiments. The
presented scheme outperformed nonparametric t-test utilized in
significance analysis of microarrays. Since univariate methods
cannot take interactions of genes into account, the predictive
performance of schemes based on univariate methods may not
be high. In order to build more robust schemes, multivariate
methods have been also employed on gene selection analysis.
For instance, Bo and Jonassen [16] presented a bivariate filterbased approach for gene selection analysis. Similarly, Wang et
al. [17] utilized correlation-based feature selection for gene
selection analysis. In the empirical analysis on B-cell
lymphoma microarray data sets, chi-square statistics,
information gain, ReliefF algorithm and symmetric uncertainty
based feature selection schemes have been considered. The
empirical analysis indicated that filter-based feature selection
schemes, correlation-based feature selection and wrapperbased feature selection methods exhibit similar predictive
patterns on microarray data for cancer classification. Hence,

filter-based methods and correlation-based feature selection
method can be used as a viable tool on gene selection analysis
with its lower computational cost. In addition to correlationbased feature selection method, a number of multivariate filterbased methods (such as minimum redundancy maximum
relevance method, Markov blanket method and uncorrelated
shrunken centroid) have been utilized for gene selection
analysis [10].
In order to build schemes with higher predictive
performance, wrapper based or embedded methods have been
also utilized. For instance, Jirapech-Umpai and Aitken [17]
examined the performance of evolutionary algorithms on
feature selection for microarray analysis. Similarly, Blanco et
al. [18] utilized the estimation of distribution algorithm for
microarray gene expression analysis.
The paradigm of ensemble learning has been also utilized
for feature selection. For instance, Onan and Korukoğlu [8]
introduced an ensemble feature selection scheme, which
combines the lists obtained by filter-based methods by a genetic
algorithm based aggregator. In another study, Saeys et al. [19]
examined the predictive performance of ensemble learning for
feature selection. In this scheme, symmetrical uncertainty
measure based feature selection, Relief algorithm, random
forest based feature selection and SVM-based recursive
elimination algorithm and their ensembles are considered. The
experimental analysis indicated that ensemble feature selection
schemes can outperform individual filter-based feature ranking.
In another study, Abeel et al. [20] presented an ensemble
feature selection scheme for biomarker discovery based on
linear support vector machines and recursive feature
elimination. Similarly, Yang and Mao [21] introduced a multicriteria based feature elimination approach for microarray data
classification.
III. METHODOLOGY
This section presents gene selection analysis schemes,
supervised learning algorithms and ranking aggregation
methods utilized in the empirical analysis.

A. Gene Selection Analysis Schemes
In the empirical analysis, five feature selection algorithms
(namely, empirical Bayes moderated t-test, partial least squares
based feature selection, random forest based feature selection,
significance analysis of microarrays, correlation-based feature
selection) have been taken into account.
Empirical Bayes moderated t-test method (eBayes) is a
univariate filter-based feature selection method to rank genes
by testing pairwise contrasts of different outcome-class pairs
[22]. In this scheme, an empirical Bayes method is employed
to diminish gene-wise sample variances towards a common
value and to augment the degrees of freedom for the individual
variances.
Significance analysis of microarrays (SAM) is a feature
selection method which assigns a value to each gene based on
the changes in gene expression [23]. In this scheme, the
standard deviation among different measurements is computed
for each gene. Based on this value, the genes above a user-

defined threshold value are filtered. Then, false discovery rate
is employed to identify the proportion of genes selected by
chance.
Partial least squares cross-validation method (PLS-CV) is a
univariate filter-based feature selection algorithm, which ranks
features in terms of their importance based on the magnitudes
of the weight vector defining the first latent component, which
defines the first latent component in a partial least squares
classifier [24].
Random forest based feature selection (RF) is a feature
ranking scheme, which employs random forest algorithm to
determine the relevance of features. In this scheme, the mean
decrease in the accuracy or the mean decrease in the Gini node
impurity measure can be used to evaluate the merit of a
particular feature. For this approach, the evaluation measure is
computed from parent nodes to their child nodes. This
computation is repeated for all nodes in the decision tree. Based
on the value for this measure, a ranking list for the features is
obtained.
Correlation-based feature selection (CFS) is a filter-based
feature selection method which examines feature subsets via a
correlation-based heuristic evaluation function [26]. In
correlation-based feature selection, both the merit of individual
features for predicting the class label and inter-correlation
levels of features are taken into account. The method is
generally utilized in conjunction with metaheuristic search
algorithms, such as greedy best first search.

B. Supervised Learning Algorithms
In the empirical analysis, five supervised learning
algorithms (namely, support vector machines, k-nearest
neighbor algorithm, random forest classifier, prediction
analysis for microarrays and ensemble scheme) have been
considered.
Support vector machines (SVM) are supervised learning
algorithms that can be employed for classification and
regression problems. In SVM, a hyperplane in a higher
dimensional space is constructed to solve the problem.
K-nearest neighbor algorithm (KNN) is an instance-based
supervised learning algorithm. In KNN algorithm, the class
label for a particular instance is determined based on the knearest neighbours of the instance.
Random forest algorithm (RF) is an ensemble classification
scheme based on unpruned decision trees [25]. In the algorithm,
each tree grows in randomly selected subspaces of data and a
random feature selection is utilized at each node split. In the
algorithm, each tree of ensemble is grown based on a random
parameter value. The final prediction is obtained by
aggregating the individual trees.
Prediction analysis for microarrays (PAM) is a fast and
reliable classification algorithm for biomedical informatics
[27]. The algorithm utilizes the nearest shrunken centroid
method to identify class from gene expression data. In this
scheme, a standardized centroid is computed for each class. In
the nearest centroid classification, each instance is assigned to
a particular class represented by the nearest centroid. For PAM

algorithm, shrunken centroids are utilized, which reduces the
problems related to noise and irrelevancy of features.
In the ensemble classification (ENS), four supervised
learning algorithms (namely, support vector machines, Knearest neighbor algorithm, random forest algorithm and
prediction analysis for microarrays) are utilized as the base
learning algorithms. The final prediction of the ensemble is
aggregated by the majority voting scheme.

C. Ranking Aggregation Methods
In the empirical analysis, minimum, median, mean,
geometric mean and robust rank aggregation schemes are
considered to combine the individual rankings obtained by
different feature selection methods. Let n denotes the number
of different individual feature selection methods, qi denotes the
relevance of features in a particular list i and dj corresponds to
the jth database structure.
Minimum aggregation (MIN) is an arithmetic aggregation
function based on simple arithmetic operations, which selects
the minimum of the relevance values of the rankings, computed
as given by Equation 1 [9]:
min{𝑞1 (𝑑𝑗 ), 𝑞2 (𝑑𝑗 ) … 𝑞𝑛 (𝑑𝑗 )}

Median aggregation (MED) is an arithmetic aggregation
function based on simple arithmetic operations, which selects
the median of the relevance values of the rankings, computed
as given by Equation 2:

median{𝑞1 (𝑑𝑗 ), 𝑞2 (𝑑𝑗 ) … 𝑞𝑛 (𝑑𝑗 )}

Mean aggregation (MEAN) computes the mean values of
the feature’s rank among the individual ranked lists, as given
by Equation 3:
1

𝑛

∑𝑛𝑖=1 𝑞𝑖 (𝑑𝑗 )



Geometric mean aggregation (GMEAN) computes the
geometric mean values of the feature’s rank among the
individual ranked lists, as given by Equation 4:
1/𝑛

(∏𝑛𝑖=1 𝑞𝑖 (𝑑𝑗 ))

 

Robust rank aggregation (RRA) computes a probabilistic
model for features. In this scheme, each feature is assigned a
significance score to keep statistically relevant features in the
final combined ranking list [8]. The algorithm utilizes Stuart
function and it enhances the efficiency-accuracy connection
with the use of p-value.
IV. PROPOSED HOMOGENEOUS SCHEME
The proposed homogeneous ensemble gene selection
analysis scheme aims to obtain a robust feature selection
method by elimination problems, such as the variability of
results to a particular feature selection method and reduce the
limitations and weaknesses of individual filter-based methods.

The presented scheme is a homogeneous ensemble scheme. In
this scheme, N different models are generated by using the
same gene selection analysis scheme as the base filter. In this
scheme, the training data is divided into N training subsets. For
each training subset, a partial ranking of genes is obtained by
applying the same gene selection analysis method (namely,
significance analysis of microarrays). Then, partial ranking are
combined by robust rank aggregation method and top-ranked
n-genes are identified as the feature subset to build the
supervised classification scheme. In the empirical analysis, five
gene selection analysis methods, namely empirical Bayes
moderated t-test, partial least squares based feature selection,
random forest based feature selection, significance analysis of
microarrays, correlation-based feature selection and their
homogeneous ensembles are considered. In the combination of
rankings, minimum, median, mean, geometric mean and robust
rank aggregation schemes are considered. The general structure
of the proposed homogeneous gene selection analysis scheme
is outlined in Figure 1. In the empirical analysis, number of
different models (namely, N parameter) is taken as 10.

V. EXPERIMENTAL ANALYSIS AND RESULTS
This section presents gene expression data, experimental
procedure, evaluation metrics and empirical results of the study.
The predictive performance of the gene selection analysis
methods are evaluated on five microarray gene expression
datasets. The descriptive information regarding the gene
expression datasets is summarized in Table 1. The empirical
analysis regarding the feature selection methods and classifiers
has been conducted on ArrayMining software [33]. The
proposed homogeneous ensemble gene selection analysis
scheme is implemented by Java programming language. In the
empirical analysis, 10-fold cross validation scheme is utilized.
In order to evaluate the performance of different gene
selection analysis methods, classification accuracy (ACC) and
F-measure values are employed. Classification accuracy is
computed as given by Equation 5 and F-measure is computed
as given by Equation 8:
𝐴𝐶𝐶 =

𝑃𝑅𝐸 =

Training data

Training Subset 1

Training Subset 2

𝑇𝑁+𝑇𝑃

𝑇𝑃+𝐹𝑃+𝐹𝑁+𝑇𝑁

...

𝑅𝐸𝐶 =

Training Subset
N



𝑇𝑃





𝑇𝑃





𝑇𝑃+𝐹𝑃

𝑇𝑃+𝐹𝑁

𝐹 − 𝑀𝑒𝑎𝑠𝑢𝑟𝑒 =

2∗𝑃𝑅𝐸∗𝑅𝐸𝐶
𝑃𝑅𝐸+𝑅𝐸𝐶



Filter 1
(Significance
Analysis of
Microarrays)

Filter 2
(Significance
Analysis of
Microarrays)

...

Filter N
(Significance
Analysis of
Microarrays)

where TN, TP, FP and FN represents number of true
negatives, number of true positives, number of false positives
and number of false negatives, respectively.

Ranking List 1

Ranking List 2

...

Ranking List N

TABLE II
CLASSIFICATION ACCURACY VALUES FOR INDIVIDUAL FILTERS

Ranking Aggregation (By Robust Rank
Aggregation)

Final Aggregated Rank List of Features

Fig. 1 The general structure of homogeneous ensemble gene selection analysis
scheme

TABLE I
DESCRIPTIVE INFORMATION FOR GENE EXPRESSION DATASETS

Dataset Name
Golub [28]
van't Veer [29]
Yeoh [30]
Alon [31]
Singh [32]

Tissue
Bone
Marrow
Breast
Bone
Marrow
Colon
Prostate

Number
of
Genes

Number of
Samples

7129

72

4348

97

12625

327

2000
2135

62
102

Feature
Selection
Method

SVM

PAM

RF

KNN

ENS

All features

60,87

72,73

69,70

71,43

65,57

eBayes

65,97

73,03

71,70

73,37

72,23

PLS-CV

68,27

73,73

71,83

73,50

73,33

RF

69,07

74,07

74,07

73,67

75,17

CFS

70,97

74,43

74,60

75,87

75,60

SAM

72,77

74,70

74,87

76,03

75,70

In Table 2, average classification accuracy values obtained
by utilizing all features (without feature selection) and with
individual filter-based gene selection analysis schemes (namely,
eBayes, PLS-CV, RF, CFS and SAM) are presented. In the
empirical analysis, SVM, PAM, RF, KNN and ensemble
classifier are utilized as the supervised learning methods.
Regarding the predictive performance of feature selection
methods, the highest predictive performance is obtained by
significance analysis of microarrays (SAM) and the second
highest predictive performance is obtained by Random forest
based feature selection (RF). As indicated by the empirical
results listed in Table 2, the application of gene selection

TABLE V
F-MEASURE VALUES FOR ENSEMBLE METHODS

analysis schemes enhances the predictive performance on gene
expression datasets.
TABLE III
F-MEASURE VALUES FOR INDIVIDUAL FILTERS
Feature
Selection
Method

SVM

PAM

RF

KNN

ENS

All features

0,49

0,59

0,56

0,58

0,53

eBayes

0,53

0,59

0,58

0,59

0,58

PLS-CV

0,55

0,59

0,58

0,59

0,59

RF

0,56

0,60

0,60

0,59

0,61

CFS

0,57

0,60

0,60

0,61

0,61

SAM

0,59

0,60

0,60

0,61

0,61

TABLE IV
CLASSIFICATION ACCURACY VALUES FOR ENSEMBLE METHODS
Base Filter
Method

Aggregati
on

SVM

PAM

RF

KNN

ENS

eBayes

MIN

74,27

80,48

81,81

80,72

78,80

PLS-CV

MIN

74,83

81,26

82,53

81,79

80,03

RF

MIN

75,88

81,65

82,82

82,34

80,36

CFS

MIN

76,24

82,11

82,95

82,66

80,83

SAM

MIN

76,74

82,51

83,20

83,03

81,70

eBayes

MED

74,47

80,74

81,97

81,11

79,39

PLS-CV

MED

75,26

81,42

82,63

81,82

80,13

RF

MED

75,91

81,70

82,84

82,37

80,44

CFS

MED

76,26

82,16

82,99

82,77

80,98

SAM

MED

77,13

82,81

83,53

83,10

82,21

eBayes

MEAN

74,55

81,00

82,07

81,50

79,70

PLS-CV

MEAN

75,34
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Fig. 2 Main effects plot for classification accuracy values

In Table 3, F-measure values obtained by utilizing all
features (without feature selection) and with individual filterbased gene selection analysis schemes (namely, eBayes, PLSCV, RF, CFS and SAM) are presented. Regarding the results
presented in Table 3, the highest F-measure values are

generally obtained by significance analysis of microarrays
(SAM). In Table 4 and Table 5, classification accuracy and Fmeasure values obtained by ensemble gene selection analysis
schemes are presented, respectively. For each of the methods
listed in Table 4, the general homogeneous ensemble scheme
depicted in Figure 1 is employed. The main findings of the
empirical analysis are summarized in Figure 2. Regarding the
results of empirical analysis, significance analysis of
microarrays outperforms other filter-based schemes. Regarding
the performance of ranking aggregation methods, the highest
performance is achieved by robust rank aggregation method.
Regarding the predictive performance of supervised learning
methods, the highest predictive performance is achieved by
random forests algorithm and the lowest predictive
performance is achieved by support vector machines. The
presented homogeneous ensemble scheme outperforms the
individual filter-based feature selection methods and the other
homogeneous ensemble schemes obtained by configurations
listed above.
VI. CONCLUSIONS
Microarray gene expression data is a crucial part of research
in biomedical informatics. This paper presents a homogenous
ensemble scheme for gene selection analysis based on
significance analysis of microarrays and robust rank
aggregation. The experimental analysis on microarray data
indicates that the presented scheme outperforms individual
gene selection analysis techniques.
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Abstract— mobile ad-hoc networks are a new and useful type
of wireless networks. These networks are used in many
applications, especially in critical-situation applications like
battlefields and rescue operations. The challenge in such
networks arise in their structure and nature, they lack a
central management and dynamism of the topology of the
network, these challenges makes it even hard to create a stable
and robust solution for security and intrusion detection
systems. In this paper, we review some techniques used and
systems for intrusion detection, and review the vulnerabilities
faces the MANET. Then we propose a new mechanism for
intrusion detection in MANET based on the use of clusters.
This new model is concerned in selecting cluster heads based
on the nodes capabilities, and taking into consideration the
power consumption of the cluster-head candidate nodes.
Keywords —MANET, Security, Intrusion detection, Clusters,
Power consumption.

I. INTRODUCTION
MANET (mobile ad-hoc networks) [1], [3] are composed
of mobile nodes with wireless sender and receiver, and can
communicate with each other. This kind of networks has no
central router or management component, so each node acts
as a router and client at the same time. Any message form
source to destination may use the intermediate nodes as a
communication link, this requires a routing protocol to build
this link and manages the routing and communication
between nodes, some of those protocols are: Ad hoc Ondemand Distance Vector(AODV) [4], Dynamic Source
Routing (DSR) [6], and many others of the on-demand
routing protocols. Those protocols are vulnerable for many
intrusion threats, as those protocols propose that all nodes in
the network are cooperative and not malicious. This results
that a malicious node could destroy or affect the entire
network.
The problem in mobile ad-hoc networks is that the wellknown and common security mechanisms does not apply to
MANET. Moreover, insufficiency in the protocols used in
MANET in detecting intrusion motivates us to create new
systems that provides the required level of security to protect
the network against malicious vulnerabilities that may affect
the network. Some of the solutions uses IDSs (intrusion

Dr. Mohammad Hamarsheh
Arab American University (AAUJ)
Department Of Telecommunication
Engineering
Jenin, Palestine
Mohammad.hamarsheh@aauj.edu

detecting systems) that installed over all nodes and works
independently or in a cooperative manner in detecting
malicious nodes. The existing IDS architectures for
MANETs fall under three basic categories [5]: (a) standalone, (b) cooperative, and (c) hierarchical. When detecting
some threat, the nodes may react independently or in a
cooperative manner. Those IDS monitor the activity of the
system, and then analyze the collected data. The data
collected may be a local data from its own activity or other
nodes in the network for any uncommon behaver or a
behavior that considered as an attack. If any attack detected,
the response could be an action like isolating the
compromised node or alerting other nodes.
IDSs classified based on their detection mechanism into
three categories [5]: (a) signature-based, (b) anomaly-based,
and (c) specification-based. The signature based works based
on a set of attacks patterns that are stored in their database,
thus this kind of mechanism cannot detect the new kinds of
attacks. The anomaly-based detection creates profiles for
normal behavior, and any node that encroach this anomaly
profile will be considered as malicious node, this model
could detect new and un-stored attacks, but it always has
high rates of false alarms. The specification-based engines
stores constraints about actions and protocols, it monitors the
execution of protocols and programs based on those
constraints, this type of engines combines the benefits of the
signature-based and anomaly-based.
In this paper, we introduce a new architecture for
intrusion detection for mobile ad-hoc networks. The
proposed work focuses on dividing the network into separate
clusters. Each cluster has its own cluster-head that manages
the cluster and monitors the cluster nodes activity for
malicious attacks or behavior. The selection of cluster-head
will be based on several conditions and specifications like,
power constraint and device resources. The cluster-heads are
only responsible for their citizens and the head who will only
monitors it and decides the suitable activity for them. No
further communication or cooperation about nodes between
separate clusters. The communication and routing process is
managed by cluster heads.
The rest of the paper is organized as follows: in section II
we introduce related work. The limitations of different

architectures and the benefits of clustering is proposed in
section III. In section IV, we present our new model and
cluster building process and the way that it works. Finally,
the conclusion is presented in section V.
II. RELATED WORK
Several approaches were presented to detect and response
to intrusions in MANET, one of the most widely developed
approaches is the soft computing techniques. These
techniques depends on detecting attacks using neuro-fuzzy
logic and neural networks techniques like in [2] [22] [27].
For example, Chaudhary [23] uses neuro-fuzzy classifier for
intrusion detection by building the classifier in binary form
to separate normal and abnormal activities in the network.
For this aim, ANFIS is employed as a neuro-fuzzy classier in
the binary form and subtractive clustering is utilized for
defining the initial fuzzy rules and membership functions,
this technique was implemented in a form of local intrusion
detection and distributed cooperative detection mechanism to
deal with packet dropping attacks in MANET.
Another technique that uses fuzzy logic was implemented
by Balan, E in [7] were fuzzy logic used to detect intruder
nodes in MANET. This method uses three blocks to detect
the intruder, the attack categorization, fuzzy implementation
and finally the fuzzy estimation. The black hole attack and
the grey hole attack are the main targets of this method. The
fuzzy implementation module measures the number of
packets dropped against various parameters that should not
exceed a predefined threshold. The system also contains IPS
mechanism technique which gets input from fuzzy technique
and provides the secure data communication over the
network. IPS also monitor for the traffic of black hole and
gray hole attacks.
Another intelligent approaches uses instance learning like
in [24] by using KNN, the paper attempts to project a unique
intrusion detection model for MANET. This model operates
with the CP-KNN (Conformal Prediction K-Nearest
Neighbor) algorithmic rule to classify the audit prior
knowledge for anomaly detection. The non-conformity score
value is utilized to lower the classification duration for
multilevel iteration. This novel work accurately detects
abnormalities with high true positive rate and low false
positive rate. Authors highlight that the method is robust and
at the same time remains a good performance of IDS even
after the employment of the feature section. However,
Conformal Prediction for k-nearest neighbor (CP-KNN) was
utilized to estimate the resemblance between new instance
and other samples undertaking the K-nearest neighbor
method. The novel work demonstrates accurate detection of
several abnormalities with high true positive rates, low false
positive rates, and a high confidence rate. When introducing
noisy data to the proposed method, it retains its good
detection performance.
Elliptic Curve Cryptography-Based Enhanced Adaptive
Acknowledgment IDS [9], It demonstrates higher rates for
malicious behavior detection in certain situations while does

not greatly affect the network performances. It has a strong
and light-weight Intrusion detection mechanism called
EAACK
which
requires
less
hardware
cost.
Acknowledgment (ACK), secure ACK (S-ACK) and
misbehavior report authentication (MRA) are the three major
parts of EAACK. All the three parts rely on acknowledgment
packets to detect misbehaviors in the network. Thus, it is
extremely important to ensure that all acknowledgment
packets in EAACK are authentic and untainted. ACK is
basically an end-to-end acknowledgment scheme, which acts
as a part of the hybrid scheme in EAACK in order to reduce
network overhead when no network misbehavior is detected.
If the receiver node does not send the ACK within
predefined period, then ACK assumes malicious may attend,
as a consequence, it switch to S-ACK part to detect
malicious nodes. In S-ACK, for every three successive nodes
in the route, the third one is required to send an S-ACK
acknowledgment packet to the first node. The objective of
starting S-ACK mode is to detect misbehaving nodes in the
presence of receiver collision or limited transmission power.
When a malicious node is found, then MRA part suggests
alternate path to the destination. The source node will not
immediately trusts the misbehavior report because EAACK
requires the source node to switch to MRA node and confirm
this misbehavior report. This is a vital step to detect false
misbehavior report in their proposed scheme. An improved
Cryptographic technique was used in view to improve
intrusion detection results in MANET, ensure the secure
communication of packets, Increase security and
convenience, and provide digital signatures that cannot be
forged. After simulation, the results show positive
performances which make this approach suitable to be
implemented in MANETs.
The feature representation method is an important pattern
classifier that facilitates correct classifications, however,
there have been very few related studies focusing how to
extract more representative features for normal connections
and effective detection of attacks. The authors in [10]
proposes a novel feature representation approach, namely the
cluster center and nearest neighbor (CANN) approach. In this
approach, two distances are measured and summed, the first
one based on the distance between each data sample and its
cluster center, and the second distance is between the data
and its nearest neighbor in the same cluster. Then, this new
and one-dimensional distance based feature is used to
represent each data sample for intrusion detection by a kNearest Neighbor (k-NN) classifier.
Huang and Lee [11] proposed another solution based on
clustering, this approach uses statistical anomaly analysis
model to detect an intrusion and the type of the attack when
possible. Various features are evaluated by capturing the
basic view of network topology and routing operations, as
well as traffic patterns and statistics, in the normal traffic.
Hence, attacks could be identified if the statistics deviate
from the pre-computed ones (anomaly detection). In this
approach two types of statistics are used, non-traffic-related,
which calculated based on the mobility and the trace log

files, the other type is traffic-related statistics which can be
calculated by counting packets in an out.
The paper also presents clustering algorithm and ensure
they are safe and secure. Each node has equal chance to
serve as cluster-head for equal service time. Each group of
nodes within the radiation range of each other can create a
cluster and the electing a cluster-head for a specific period.
This process also include re-electing cluster head after
service time out or a maintenance process when cluster head
is lost.
T. Parameswaran, Dr. C. Palanisamy, P. Kokila in [25]
proposed clustering-based technique for detecting intrusions,
the proposed clustering scheme provides incentives in the
form of reputation to encourage encouraging selfish nodes,
longer connection lifetime, fewer re-association rates, shorter
re-association time. Doppler shift is used to estimate the
relative speeds of nodes. The solution has two main stages.
1) Cluster formation stage 2) Cluster maintaining stage. In
first stage each node estimates its average relative speed to
its neighbors by periodically exchanged hello packets as well
as cost of analysis based on energy level and reputation
value. Based on the estimated results, nodes with the lowest
relative mobility and low cost are selected as leaders. In
cluster maintaining stage, predicted mobility related
information’s are used to solve the problems caused by
relative node movements, including the cases when a node
moves out of its current CH coverage area, two CHs move
into each other’s coverage area and a CH is not qualified to
keep serving its members.
Abhijit Deodhar and Ritesh Gujarathi in [26] focuses in
the situation where the cluster head itself is compromised,
the proposed technique focuses on creating a cluster backup
that provides a second line of defense when cluster head fails
to provide the necessary protection.
III. IDS ARCHITECTURES AND CLUSTERING
Many architectures for MANET have been developed,
some of those architectures depends on the nodes themselves
in standalone manner, and this type of architectures needs a
lot of processing power and depends on the capabilities of
the nodes. It needs that the detection process should be
executed in every single node; this scheme will consume a
lot of power and will be varying depending on the nodes
capabilities. However, other architectures employ a
hierarchical scheme where the detection and processing job
executed at some key nodes to minimize the processing
overhead. This type of architectures also does not consider
the processing capabilities of the key nodes (cluster-heads)
also it needs extra processing for building clusters which
leeds to extra overhead.
To make things worse, the process of clustering and
building hierarchical structure for the network; this will lead
to communication overhead. This communication occurs
when building clusters or when a node leave or new one
come, also, in case of cooperative architectures; extra
communication needed for detection when the node itself

cannot judge an action or a suspicious behavior. The process
of clustering does not make attention to the power and nodes
capabilities, because the cluster head will do most of the
work and will execute all detection processes, and hence it
will affect the network stability by consuming the power of
the cluster head nodes.
Current intrusion detection systems are vulnerable to
many attacks and exposes some weaknesses, one common
vulnerability is to make specific nodes to be responsible for
the detection process, this scenario makes the cluster-heads
themselves potential to attacks. Moreover, some
compromised malicious nodes may affect the election
process of cluster-head and select a malicious node to be the
cluster-head (Byzantine attack). Other common type of
attacks occurs when malicious node may capture the
information exchanged between cluster-head and cluster
nodes; that information may be retransmitted or even
modified. Moreover, false information may be sent from
malicious nodes when requested from neighbors or clusterhead, which will affect the intrusion detection process.
Clustering process is a key factor of success in building
IDS; many solutions were proposed some of them depends
on specific identifier id where cluster-heads are selected
based on its unique id like in [12][15]. Such solutions are
based on simple calculations for picking up a cluster-head
where no special conditions for cluster-head to be chosen,
this election process prone to processing overhead and
consumes nodes power. Some other solutions depends on the
node connectivity, connectivity means that the node that has
more neighbors is the one who will be the cluster-head like
in [12][16][17], again this scenario of clustering does not pay
any attention for nodes capabilities or power constraint
which is a major factor in reserving the whole network and
makes it more unstable and prone to lose more cluster-heads
over time. Mobility-aware and low-cost maintenance
approaches are proposed in [18][19], such approaches try to
keep the network more robust by taking mobility of nodes
and maintenance costs into consideration and making the
network more robust against topological change of the
network. Power-aware clustering also had the attention, one
of the most important factor in MANET is the power
constraint of the nodes and hence it is much recommended to
make more attention to power factor, many approaches were
proposed like in [20][21]. Other solutions are based on
weighting many variables like power, mobility, maintenance
cost and others to balance the load in an optimal manner
taking into consideration network stability, processing
overhead and communication overhead, such solutions can
provide the required environment for building a successful,
robust and balanced intrusion detection system.
IV. THE PROPOSED MODEL
In the next lines, we are going to introduce our approach
for building an IDS. Our model works based on clustering
the network and selecting a cluster-head based on weighting
algorithm, the cluster head will be the only one responsible

for analyzing the cluster and detecting the intrusion and
hence responsible for selecting the appropriate action.
A. Building clusters and cluster-head election
We believe that power constrain of nodes in MANET is a
master key and a very important factor in that type of
networks because it directly affects the consistency and
stability of network topology. Moreover, the capability of
nodes itself is another important factor in selecting the
cluster-head, because the cluster-head will be responsible for
the monitoring other nodes in the cluster, do the required
calculations and hence fire a suitable response. Another
important issue is the degree of connectivity that proposed by
Gerla and Tsai [12], where the node with higher degree of
connectivity will be chosen as the cluster head. Here we will
build an algorithm that balances those three major
constraints: power, capabilities, and nodes connectivity.
In our proposed work, the election process depends on
the following basis:
 Each node has the chance to be a cluster head based
on the calculation of the constraints of power,
connectivity, and node capabilities.
 Any elected cluster-head could remain a cluster-head
until a better candidate cluster-head elected, i.e. the
election process is not limited to a period.
 The remaining power is a major factor in calculating
the chance of being a cluster head where the node
with a higher remaining battery power has a higher
chance to be selected.
 Node capabilities is a master constrain in selecting
cluster head as it represents the ability and
performance of node to cope all the calculations of
its citizens like intrusion detection and action
response.
Based on those features we can present an algorithm that
combines all those factors to get an efficient mechanism for
clustering the network and hence dividing the network
intrusion detection load over custom nodes with higher
capabilities. The calculation is done in three situations: startup of the system, a change in the factors in each node, and
when nodes in some clusters are lost or new nodes added to
the system. The algorithm for electing a cluster-head will go
as follow:
 For every node i in the system find the neighbors
(neighbors means the nodes within its transmission
range).
 Ni is the degree of node i (i.e. Number of neighbors)
 For every node i in the system find the number of
nodes it can handle Nmax (i).
 Find the connectivity degree Ci for every node i,
Ci=Ni/Nmax (i).
 For every node find the remaining battery power
RBP=Battery power/maximum battery power.
 Retrieve the node capabilities Ri for every node i
where Ri= processor speed + RAM capacity and
speed.

Calculate
the
combined
factors
value
Vi=Ci+RBP+Ri
 Select MAX Vi to be the cluster-head. All the
neighbors for that cluster-head will be no more able
to participate in other cluster-head calculations for
other clusters and will belong to that node with
higher Vi.
 Repeat the process for all nodes who are not in
clusters yet.
This algorithm works when the system starts over and all
nodes are up. Every node will broadcast its unique id to all
nodes. Nodes within its transmission range will receive the
message and will count all messages received with unique
ids and get “Ni” value. Moreover, the nodes will also
broadcast the value of Vi after calculating Ci and Ri and RBP
for its own. At this point each node will receive the Vi value
for all neighboring nodes and its Vi, the node will select the
larger Vi value as a its cluster-head and will not participate in
any other calculation until an update occurs. The node that is
selected as a cluster-head will broadcast a message to the
neighbors that it is the cluster-head for its neighbors, if a
node does not receive that message consider itself as not
belonging to any cluster and hence it will recalculate the Vi
value and finds another cluster-head. If no one of its
neighbors is a cluster-head then it will consider itself as a
cluster-head with no citizens. The full detailed algorithm
goes as follows:


//COUNT_NEIGHBORS: a counter for counting the number
of neighbor nodes in range
//ID: is the associated node id
//TIMER1, TIMER2: are constant variable timers.
// NEIGHBORS_RESPONSE (ID): the response message for
neighbors request message
//V_RESPONSE (V,ID): response message containing the
combined value V and node ID
//V_MAX: is the maximum combined value V
//CH: is cluster head.
//CH_ACK(ID): is the message informs the nodes that the
node (ID) is a cluster head
/************************************************
*/
COUNT_NEIGHBORS=0;
Initialize TIMER1;
Broadcast NEIGHBORS_REQUEST_MESSAGE (ID);
while (TIMER1 != 0 && NEIGHBORS_RESPONSE(ID)
!=NULL)
COUNT_NEIGHBORS + = 1;
if (COUNT_NEIGHBORS==0)
{
Consider node as isolated node;
Re-initialize algorithm after specific time;
END;
}

Calculate connectivity degree C = COUNT_NEIGHBORS /
MAX_CONNECTIVITY
Calculate combined value V = C + RBP + R;
broadcast V_RESPONSE(V,ID);
Listen for V values from neighbors;
V_MAX=V;
Initialize TIMER2;
while( V_RESPONSE !=NULL && TIMER2 != 0)
{
store V value in ARRAY[ ID ];
If(ARRAY[ID]>V_MAX)
Set V_MAX = Array[ID];
}
If(V>V_MAX)
{
Consider node as CH;
broadcast CH_ACK(ID);
wait for JOIN_REQ (ID) messages
store nodes who send JOIN_REQ () to be its citizens;
}
else
{
consider node as member for V_MAX node source;
wait for CH_ACK from source node;
if (CH_ACK received after specific time)
send JOIN_REQ(ID);
else
search ARRAY [ ] for the next higher V in the array and
consider as cluster-head;
}
END
The topology of the network dynamically change and
nodes may leave or new nodes may come into the network,
hence the calculation should be done periodically. If the
update occurs in high frequency then the network will suffer
from overhead and flooding the network with messages, and
also when low frequency update the network details and
change could be missed and make a serious problem in
routing and intrusion detection.
To solve the problem of the dynamic change of the
network, we will get use of the control messages between the
node and its cluster-head. When no further messages
received from the cluster-head any more, the node will
search for another cluster-head to join with using the
algorithm above. The same will be applied if the cluster-head
loses the connection of all his citizens and will search
another cluster to join.
The main goal of clustering using this algorithm is to
minimize the operation of finding cluster-heads and also to
take into consideration the capabilities variation among
nodes, because the operations and calculations needed for
intrusion detection needs extra operations to execute and it
will consume a lot of power, hence we give the remaining

power of the node an extra attention. Moreover, some kinds
of attack need a central node that can monitor more than it
self and to analyze the traffic and type of packets being sent
or received as we will explain further next.
B. Intrusion Detection System
The intrusion detection process in our model works
locally for each cluster and the cluster-head is the one that is
responsible for detection any intrusion from any node in the
cluster and also taking the appropriate decision and action.
The node then will only be responsible for gathering
information only about its internal actions and will send a
report of its actions for the cluster-head and the cluster-head
will decide whether an intrusion happened in this node or
not. Moreover, the cluster-head will monitor the network and
the packets going in and out of the cluster. The whole
module is installed over all nodes in the network, it consists
of two parts, the first part (CH-Side) is the one that is
activated when the node is selected as cluster-head, the other
part (NO-Side) is activated when it is a normal node. The
CH-Side has three different agents; the monitoring agent
which will be responsible for gathering information about the
network and the packets going in and out. It will be also
monitor the reports from the nodes in the cluster and gives a
complete report about the nodes for the second agent which
the decision-response agent; the decision-response agent will
be responsible for analyzing the data from the monitoring
agent about the network activity and reports from the nodes
in the cluster, and as a result of this analysis it will respond
with the appropriate response over any evidence of actions
that violates the security polices in the system. Figure 1
shows the complete module from the node side and from
cluster-head side.

Fig. 1 Intrusion Detection System Module

By using this distributed scheme the workload will be
distributed to the nodes that are able to do the work in less
costs by means of power and node capabilities and hence
guarantee that the network will remain stable and nodes will
stay alive and operational for longer time, and the network
will be balanced as much as possible. This type of
distributing work have been proposed in several papers like
in [13] and also [14], but here we will use this idea to fit our
work based on clustering. The cluster-head node will analyze
packet types, packet-count, frequencies of packets, and
reports from the monitor agent using the Decision-Action
agent and compare them using predefined patterns to detect
possible intrusions.
As discussed above, we can conclude that any packet
being sent from one node will be captured by the headcluster because this node is one-hop distance from the
cluster-head as we suggest in our algorithm in clustering;
which says that a neighbor node is the node that is in the
transmission range. As a result; we can guarantee that all the
entire network is monitor and every node is under the
supervision of a cluster-head. On the other side, all the
activity of the node itself is monitored locally and system
and user actions on each node is under monitoring and any
suspicious action is captured like applications activity, user
activity like logging in, user activities, etc.. Those custom
information are stored in a lightweight format file and sent
periodically to the cluster-head for analysis and to decide the
appropriate action if needed.
Our model has the advantage of limiting the calculations
processes to the capabilities of the cluster-head, because
when dealing with large networks the amount of data being
sent to the cluster-head will be large and needs big buffer
size and faster processing units; thus limiting the cluster size
to the cluster capacities and resources will enhance the
performance of the entire system and balance the load
efficiently.

Fig. 2 Reports and data flow using clusters

The IDS works as follows (Fig. 2), the cluster-head has a
table of all nodes within its cluster and will monitor nodes
for any anomaly-based violation by looking inside its report
and the data gathered from its network activity and packet
information, there is no need for further information from
other neighboring nodes as the cluster-head has all the
information it needs to make a decision. The intrusion
detecting system in the cluster-head has a database that stores
the possible intrusion activity patterns, this database set
works alongside with a specification-based rules that stores
constraints about protocols and actions, and any action
execution works in abnormal way will be considered as
possible intrusion even if the pattern is not registered in the
database. By using this scheme any new intrusion could be
captured easily.
By using clusters each node can only send or receive data
through its cluster head that it belongs to, so that the network
monitoring agent can detect any abnormal activity form any
specific node that belongs to its cluster. When the cluster
head detects any intrusion from any specific node within its
cluster, the cluster head will block that agent from receiving
or sending any data and broadcasts the identity of that node
to all other cluster Heads in the network, so the other cluster
heads in the network will add that node to the black list
within its database and prevent it from joining any cluster
that could be formed later.
V. CONCLUSION
The sensitivity of MANET type of networks and special
characteristics of MANET, makes it prone to many
vulnerabilities, security violations and un-stability of the
network. This leads us to create a system that can guarantee
the network stability and robust against security attacks. Our
model provide such a guarantee by using clustering
technique to balance the load of work into the nodes with the
higher capabilities among all the neighbors, this method will
keep the nodes in the network alive and saves the power of
the nodes and hence increase the network stability as nodes
will stay alive for longer time. We also proposed the use of
lightweight agents inside the normal nodes and the clusterheads where the cluster-head will analyze the data from the
nodes inside its cluster and the packets in and out of the
system, those data will be compared to the signature database
for predefined patterns of intrusion attacks. Also, a
specification-based detection scenarios is suggested to make
sure that new types of attacks could be captured also. This
system can proof efficiency and resource conservation for
the nodes in the network. Such type of centralized
monitoring can prevent compromised nodes from further
future harm for the entire network by broadcasting its
identity to other cluster heads within the network.
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Abstract— With the growth of social media and microblogging
platforms, there has been immense quantity of user-generated
data available on those platforms. The information available on
microblogging platforms can serve as an essential source of
information for business organizations and decision makers. The
identification of the gender of an author of a text on
microblogging platforms can be useful for several applications,
such
as
target
marketing,
providing
personalized
recommendations and crime investigation. In this paper, we
present a machine learning approach to classify Twitter
messages based on gender of the authors. In order to extract
features, we utilized linguistic features (such as content words,
function words, part of speech tags, and part of speech n-grams)
and psycholinguistic feature sets (such as linguistic processes,
psychological processes, personal concerns, spoken categories
and punctuation). In addition, combined feature sets are also
considered. The study empirically evaluates the effectiveness of
different feature representation schemes for gender classification
on microblogging platforms. In the empirical analysis, Naïve
Bayes, support vector machines, logistic regression, k-nearest
neighbour and Random forests algorithms are evaluated. The
experimental analysis indicates that combined feature sets yield
higher predictive performance and the highest predictive
performance is obtained by Random forests algorithm.

microblogging platform is a recent promising research
direction. The unstructured text documents available on social
microblogging platforms exhibit anonymous nature regarding
the authors. However, gender identification on microblogging
platforms can be extremely useful for several applications and
activities. The purchasing characteristics of decision makers
can change based on gender. Hence, gender identification can
be very beneficial to business organizations. By gender
identification, target marketing and product development can
be
handled
more
effectively
[5].
Personalized
recommendations can be provided to the users with the use of
demographic information [6]. In addition, data obtained from
social media platforms by opinion mining and sentiment
analysis techniques can be useful for several applications,
such as marketing, advertising and crime investigation [7].
In this paper, we present a machine learning approach to
classify Twitter messages based on gender of authors.
Compared to the conventional text classification problem, the
classification on microblogging platforms, such as Twitter, is
a challenging problem, since the short length of text messages,
unstructured, informal and irregular nature of the messages [8].
Hence, the identification of an appropriate subset of features is
an important issue on the classification of Twitter messages to
Keywords— gender classification, microblogging platforms, obtain a robust classification scheme.
machine learning, Random forests, linguistic features
The study aims to evaluate empirically the effectiveness of
different feature representation schemes for gender
I. INTRODUCTION
classification on microblogging platforms. In this regard, we
With the advances in information and communication utilized linguistic features (such as content words, function
technologies, there has been unprecedented amount of user- words, part of speech tags, and part of speech n-grams) and
generated content available on the Web. The information psycholinguistic feature sets (such as linguistic processes,
available on social media platforms can serve as an essential psychological processes, personal concerns, spoken categories
source for business organizations, researchers and and punctuation) as the feature sets. In addition to
practitioners. The data obtained from microblogging platforms, aforementioned feature sets, ensemble feature sets, combining
such as Twitter, can be utilized for many useful applications, two or more different feature sets are also taken into
such as event detection, epidemic dispersion, news consideration. In the empirical analysis, Naïve Bayes, support
recommendation, public health and crisis management [1-3].
vector machines, logistic regression, k-nearest neighbour
Identification of the gender of an author of a particular text algorithm and Random forests are considered.
document is an important research direction in information
The rest of the paper is structured as follows: In Section 2,
retrieval. Gender identification seeks to identify gender of an related work on gender identification on microblogging
unstructured text by building a classification model based on platforms is presented. Section 3 presents the methodology of
differentiating linguistic characteristics of women and men. the study. Section 4 presents the experimental procedure and
The problem of identifying gender of an author of a results. Finally, Section 5 presents the concluding remarks.
conventional text document has been extensively studied in
the literature [4]. The identification of gender of authors on

II. LITERATURE REVIEW
The identification of gender on conventional text
documents has attracted great research attention in the
literature. Koppel et al. [4] examined the predictive
performance of simple lexical and syntactic features for
automatic identification of gender from textbook documents.
Similarly, Argamon et al. [9] utilized simple lexical and
syntactic features to identify gender of an author of fiction and
non-fiction documents.
In addition, there are several works in the literature
dedicated to author’s gender identification on microblogging
platforms. For instance, Yan and Yan [10] utilized a Naïve
Bayesian scheme for identifying genders of authors of
weblogs. In this scheme, conventional text-based features
(namely, unigrams with bag-of-words model) and weblogspecific features (such as, background colour, emoticons and
word fonts) were regarded as feature sets. Zhang and Zhang
[11] utilized words, average word and sentence length, part of
speech tags, and word factor analysis as feature sets. In the
empirical analysis, information gain, mutual information and
chi-square statistics were utilized as the feature selection
methods and Naïve Bayes, support vector machines and linear
discriminant analysis methods were utilized as the supervised
learning algorithms. In another study, Mukherjee and Liu [12]
employed F-measure, stylistic features, gender preferential
features, factor analysis and word classes as feature sets for
gender classification on blogs. In another study, Rao et al. [13]
employed latent user attributes based scheme for gender
identification in Twitter. In this scheme, support vector
machines were utilized as the supervised learning algorithms
and n-gram based features were utilized to represent Twitter
messages. In another study, Alowibdi et al. [14] presented a
language-independent scheme for gender classification on
Twitter. In the presented scheme, language-independent
feature sets (such as background colours) were utilized in
conjunction with supervised learning algorithms, such as
probabilistic neural network, decision tree, Naïve Bayes and
NB-tree. In another study, Li et al. [15] presented a linear
programming based approach to infer gender of authors from
interactive text messages. In another study, Mueller and
Stumme [16] employed a statistical inference model based on
author names as features to identify gender of Twitter users.
Mukherjee and Bala [5] presented a machine learning
approach to identify gender of authors of microblogging
platforms. In this scheme, feature sets (such as, content words,
function words, part of speech tags, part of speech n-grams)
were extracted. Then, information gain and term frequency
based filters were utilized as the feature selection methods. In
the classification phase, Naïve Bayes algorithm and maximum
entropy classifier were utilized. The presented scheme
obtained a classification accuracy of 71%.
More recently, Yu and Yao [17] presented a machine
learning approach to gender identification from Weibo. In the
presented scheme, n-grams, emoticons and punctuation marks
were employed as feature sets, Naïve Bayes, support vector
machines, AdaBoost and random forests were utilized as
supervised learning algorithms.

III. METHODOLOGY
This section presents the methodology of the study: dataset
utilized in the empirical analysis, feature engineering schemes
and supervised learning algorithms are briefly presented.

A. Dataset Collection and Pre-processing
In order to examine the predictive performance of
linguistic features and psycholinguistic feature sets on gender
identification from microblogging platforms, we have
collected approximately 10.000 tweets with various topics,
written in English. In the dataset collection, we have adopted
the framework presented in [18]. We used Twitter4J, an opensource Java library for utilizing Twitter Streaming API, to
collect tweets. After obtaining Twitter messages, automatic
filtering was employed to remove retweets, ambiguous,
irrelevant and redundant tweets. Each tweet is labelled
manually by a single class label indicating the gender of the
author, either as female and male. In this manner, we obtained
a collection of roughly 4000 tweets, with about 1700 females.
In order to obtain a balanced corpus, our final dataset contains
a collection of 1700 females and 1700 males.
As mentioned in advance, Twitter has an unstructured and
irregular nature. In order to pre-process dataset before
applying machine learning techniques, we adopted the
framework presented in [19]. In this way, mentions and
replies to other users’ tweets were removed, URLs were
removed and special characters (such as “#” character) were
eliminated.

B. Feature Extraction Methods
In this study, two different feature sets (namely, linguistic
feature sets and psycholinguistic feature sets are considered to
extract features.
1) Linguistic Feature Sets: In order to extract features,
content words, function words, part of speech tags, and part of
speech n-grams are taken into consideration:
Content words (CW) constitute the largest part of a
language. Content words consists of nouns, verbs, adjectives
and adverbs. Content words have semantic meanings
independent of their use in a particular part of any text or
sentence. Nouns (such as, river, intelligence and hashtag),
verbs (such as, discuss, remember and annoy), adjectives
(such as, unhappy and fortuitous) and adverbs (such as often
and hopefully) are some representative examples for content
words [20].
Function words (FW) are words with functional meanings.
Function words consists of determiners and auxiliary verbs,
such as numerals, quantifiers, pronouns, prepositions,
conjunctions and degree words [20]. Function words are
defined in terms of their functional use. Determiners (such as,
the, a and this), numerals (such as, one, two and five),
quantifiers (such as, all, each and every), pronouns (such as,
they and she), prepositions (such as, without, in and around),
conjunctions (such as, and, or and but) are some
representative examples for function words.

Part of speech tags (POS) are obtained by marking up a
word in a corpus as corresponding to a particular part of
speech, based on its definition and its context [21].
Part of speech bigrams (POS-BI) are obtained by extracting
part of speech of the words in a particular sentence. In order to
extract part of speech bigrams, we have adopted the
framework presented in [22]. In this scheme, not only
conventional part of speech tags (such as, verbs and nouns),
but also complex part of speech tags (such as, a non-thirdperson singular verb in the present tense, a personal pronoun,
special texts to denote the initialization of a paragraph) are
also considered.
2) Psycholinguistic Feature Sets (LIWC): To extract
psycholinguistic feature sets, we have utilized LIWC
(Linguistic Inquiry and Word Count) text analysis software
[23]. LIWC can be utilized to extract emotional, cognitive and
structural aspects of verbal and written speech samples. It
consists of dictionaries on several languages, such as English,
Spanish, German, Dutch, Norwegian, Italian and Turkish. The
dictionary consists of about 6400 words, word stems and
emoticons. In Table 1, main psycholinguistic feature sets of
LIWC are presented.
TABLE I
LIWC CATEGORIES AND FEATURE SETS

Feature Set
Linguistic Processes

Psychological
Processes
Personal Concerns
Spoken Categories
Punctuation

Categories
Word count, total pronouns,
personal
pronouns,
articles,
prepositions, auxiliary verbs,
adverbs, conjunctions
Affective processes, positive
emotion, negative emotion, social
processes, cognitive processes,
perceptual processes
Work, leisure, home, money
Assent, Non-fluencies, fillers
Total
punctuation,
periods,
commas, colons, semicolons,
question
marks,
exclamation
marks, dashes

C. Supervised Learning Algorithms
In the empirical analysis, five supervised learning
algorithms (namely, Naïve Bayes algorithm, support vector
machines, logistic regression, k-nearest neighbour algorithm
and Random Forests) are utilized.
Naïve Bayes algorithm (NB) is a statistical classification
algorithm, which is based on Bayes’ theorem [24]. The
assumption of conditional independence on Naïve Bayes
algorithm simplifies the required computations. Though it has
a simple structure, NB algorithm can yield promising results
compared to the other state-of-the art techniques, such as
decision trees and artificial neural networks. In addition, NB
algorithm can scale well and can handle effectively with large
datasets [25].
Support vector machines (SVM) are supervised learning
algorithms for classification and regression. SVM can be used
to classify both linear and non-linear data [26]. In SVM, the

original dataset is transformed into a higher dimension by
employing a non-linear matching. The higher dimensional
hyper-plane is used as the decision boundary to optimally
partition the data into different classes.
Logistic regression (LR) is a linear classification algorithm,
where the probability of some event’s occurring is modelled
as a linear function of a set of predictor variables [27]. LR can
be employed to estimate the dependent variables. In order to
do so, it constructs an estimation model based on probability
that the dependent variable will be given a value. Though it
has a simple structure, LR can yield promising results for
classification.
K-nearest neighbour algorithm (KNN) is an instance-based
classification algorithm. KNN can be employed for
classification and regression analysis. Based on the k-nearest
training instances of a particular instance, the class label for a
particular instance is identified. The majority voting is applied
to the neighbours of an instance and based on the majority
voting, each instance is assigned to the most common class
label [25].
Random Forest (RF) is a decision tree classifier, which is
based on the ensemble of classification and regression trees
[28]. In the algorithm, the generalization error of the classifier
depends on the association between the trees and the power of
the individual trees. The algorithm also employs a random
feature selection scheme at the tree induction phase, which
enables the elimination of noisy or irrelevant data. The
predictive performance of RF is comparable to AdaBoost
algorithm.
IV. EXPERIMENTAL ANALYSIS AND RESULTS
This section presents the experimental analysis,
experimental procedure and experimental results of the study.
In order to evaluate the performance of different gene
selection analysis methods, classification accuracy (ACC) and
F-measure values are employed. Classification accuracy is
computed as given by Equation 1 and F-measure is computed
as given by Equation 4:
𝐴𝐶𝐶 =

𝑇𝑁+𝑇𝑃

𝑇𝑃+𝐹𝑃+𝐹𝑁+𝑇𝑁

𝑃𝑅𝐸 =
𝑅𝐸𝐶 =



𝑇𝑃





𝑇𝑃





𝑇𝑃+𝐹𝑃

𝑇𝑃+𝐹𝑁

𝐹 − 𝑀𝑒𝑎𝑠𝑢𝑟𝑒 =

2∗𝑃𝑅𝐸∗𝑅𝐸𝐶
𝑃𝑅𝐸+𝑅𝐸𝐶



where TN, TP, FP and FN represents number of true
negatives, number of true positives, number of false positives
and number of false negatives, respectively. In the
experimental analysis, 10-fold cross validation scheme is
employed. In this scheme, the original dataset is randomly
divided into 10 equal sized subsamples. For each time, a
single subsample is utilized for validation, whereas the other
subsamples are kept for training. The process is repeated ten
times and average results are presented. In the experimental

analysis, the classification algorithms are implemented with
WEKA 3.9.
In Tables 2 and 3, classification accuracies and F-measure
values obtained in the empirical analysis by different
linguistic and psycholinguistic feature sets on five supervised
learning algorithm are presented, respectively.
TABLE II
CLASSIFICATION VALUES OBTAINED BY DIFFERENT FEATURE SETS
Feature Set

NB

SVM

LR

KNN

RF

TABLE III
F-MEASURE VALUES OBTAINED BY DIFFERENT FEATURE SETS
Feature Set

NB

SVM

LR

KNN

RF

CW

0,68

0,72

0,68

0,72

0,80

FW

0,69

0,73

0,68

0,72

0,81

POS

0,70

0,74

0,68

0,73

0,82

POS-BI

0,69

0,74

0,68

0,73

0,82

LIWC

0,71

0,74

0,69

0,74

0,82

CW

62,85 66,19 60,69 66,42 71,90

CW+FW

0,72

0,75

0,69

0,74

0,82

FW

63,83 66,61 61,79 66,49 73,66

CW+POS

0,72

0,75

0,69

0,74

0,82

POS

64,40 68,21 62,35 66,84 74,76

CW+POS-BI

0,72

0,76

0,69

0,75

0,83

POS-BI

64,04 67,44 62,15 66,73 73,79

CW+LIWC

0,72

0,75

0,69

0,74

0,82

LIWC

64,76 68,24 62,38 66,94 74,94

FW+POS

0,73

0,76

0,69

0,75

0,83

CW+FW

64,84 68,58 62,46 67,08 74,94

FW+POS-BI

0,73

0,77

0,70

0,75

0,84

CW+POS

64,87 68,69 62,68 67,47 75,63

FW+LIWC

0,74

0,77

0,71

0,76

0,84

CW+POS-BI

64,99 69,13 63,28 67,90 76,57

POS+POS-BI

0,74

0,77

0,72

0,76

0,85

CW+LIWC

64,94 68,90 63,17 67,57 76,19

POS+LIWC

0,74

0,77

0,71

0,76

0,85

FW+POS

65,05 69,42 63,63 68,20 76,73

POS-BI+LIWC

0,74

0,78

0,72

0,76

0,85

FW+POS-BI

65,30 69,58 63,76 68,26 76,85

CW+FW+POS

0,75

0,80

0,75

0,79

0,88

FW+LIWC

65,78 69,62 63,92 68,57 77,26

CW+FW+POS-BI

0,75

0,80

0,75

0,79

0,88

POS+POS-BI

66,36 70,18 64,48 68,81 77,43

CW+FW+LIWC

0,76

0,80

0,75

0,79

0,88

POS+LIWC

66,15 69,89 64,05 68,78 77,40

CW+POS+POS-BI

0,77

0,81

0,76

0,80

0,89

POS-BI+LIWC

66,46 70,21 64,75 68,84 77,71

CW+POS+LIWC

0,77

0,80

0,76

0,79

0,89

CW+FW+POS

67,48 71,77 67,43 70,63 78,37

CW+POS-BI+LIWC

0,77

0,81

0,76

0,80

0,89

CW+FW+POS-BI

67,59 71,82 67,44 70,77 78,37

FW+POS+POS-BI

0,77

0,82

0,76

0,81

0,90

CW+FW+LIWC

67,85 71,84 67,54 71,15 78,86

FW+POS+LIWC

0,78

0,82

0,76

0,81

0,91

CW+POS+POS-BI

69,02 72,01 67,93 71,23 79,69

FW+POS-BI+LIWC

0,80

0,85

0,79

0,83

0,92

CW+POS+LIWC

68,84 71,87 67,57 71,20 79,55

POS+POS-BI+LIWC

0,79

0,83

0,77

0,82

0,91

CW+POS-BI+LIWC

69,57 72,02 68,28 71,51 79,74

CW+FW+POS+POS-BI

0,74

0,78

0,73

0,76

0,85

FW+POS+POS-BI

69,74 72,41 68,55 71,79 79,76

CW+FW+POS+LIWC

0,74

0,79

0,73

0,78

0,86

FW+POS+LIWC

69,83 72,84 68,63 72,39 79,96

CW+FW+POS-BI+LIWC

0,74

0,79

0,73

0,78

0,86

FW+POS-BI+LIWC

73,97 72,92 70,13 73,36 80,71

CW+POS+POS-BI+LIWC

0,75

0,79

0,74

0,78

0,87

POS+POS-BI+LIWC

69,88 72,90 69,54 72,97 80,18

FW+POS+POS-BI+LIWC

0,75

0,79

0,74

0,78

0,86

CW+FW+POS+POS-BI

66,56 70,40 64,76 69,14 77,94

CW+FW+POS+POS-BI+LIWC

0,75

0,79

0,75

0,79

0,87

CW+FW+POS+LIWC

66,66 70,42 65,58 69,19 77,97

CW+FW+POS-BI+LIWC

66,94 70,94 66,17 69,27 77,97

CW+POS+POS-BI+LIWC

67,01 71,29 67,18 70,12 78,24

FW+POS+POS-BI+LIWC

66,97 70,95 66,22 69,75 78,08

CW+FW+POS+POS-BI+LIWC 67,10 71,58 67,31 70,36 78,31

In the empirical analysis, five supervised learning
algorithms and several different linguistic feature sets are
taken into consideration. Regarding the predictive
performance of supervised learning algorithms in terms of
classification accuracies and F-measure values, the highest
performance is generally obtained by random forest algorithm
(RF). The second highest predictive performance is obtained
by support vector machines (SVM), which is followed by knearest neighbour algorithm. The lowest predictive
performance is generally obtained by logistic regression
algorithm (LR).

Regarding the performance of individual linguistic feature
sets (content words, function words, part of speech tags, part
of speech bi-grams and LIWC) for gender identification on
microblogging platforms, the highest predictive performance
is generally obtained by LIWC features. The second highest
predictive performance is obtained by part of speech tags,
which is followed by part of speech bi-grams. The lowest
predictive performances are generally obtained by content
words as feature sets. As it can be observed from the empirical
results listed in Table 2 and Table 3, the combination of
different linguistic feature sets generally yield better
predictive performance compared to the individual linguistic
feature sets. In addition, the combined feature set of
psycholinguistic feature sets (denoted by LIWC) with other
linguistic feature subsets generally yield better predictive
performance. Among the all configurations taken into
consideration in the empirical analysis, the highest
classification accuracy is obtained by combining function
words, part of speech bigrams and LIWC. This feature set in
conjunction with random forest algorithm as the classifier
yields a classification accuracy of 80.71%. Similarly, this
configuration yields the F-measure value of 0.92.

In Figure 1, predictive performance of supervised learning
algorithms utilized in the empirical analysis is summarized.
Figure 2 depicts the predictive performance of different
feature sets considered in the empirical analysis.
V. CONCLUSIONS
With the advances in information and communication
technologies, user-generated content available on social media
and microblogging platforms serve as an essential source of
information for decision makers and business organizations.
Gender identification of author of a user-generated text on
microblogging platform is a recent research direction. Gender
identification can have a potential use in several fields, such
as target marketing, providing personalized recommendations
and crime investigation. In this paper, we have considered
gender identification on microblogging platforms as a
supervised classification problem. The predictive performance
of different supervised learning algorithms and different
linguistic and psycholinguistic feature sets are explored on
gender identification. Regarding the predictive performance of
different schemes, the highest predictive performance
obtained is 80.71%, which is obtained by combined linguistic
feature sets. This predictive performance is a promising
accuracy value for the problem.
REFERENCES
[1]

[2]

[3]

[4]
[5]
Fig. 1 Main effects plot for classification accuracy values for different
classifiers

[6]

[7]

[8]

[9]
[10]

[11]
[12]

Fig. 2 Main effects plot for classification accuracy values for different
classifiers

[13]

J. Mahmud, J. Nichols and C.Drews, “Home location identification of
twitter users”, ACM Transactions on Intelligent Systems and
Technology, vol.5, pp.47, 2014.
Z.Cheng, J.Caverlee and K.Lee, “You are where you tweet: a contentbased approach to geo-location twitter users”, in Proceedings of the
19th ACM International Conference on Information and Knowledge
Management, Canada, 2010, pp.759-768.
B.Hecht, L.Hong, B.Suh and E.D.Chi, “Tweets from Justin Bieber’s
heart: the dynamics of the location field in user profiles”, in
Proceedings of the SIGCHI Conference on Human Factors in
Computing Systems, USA, 2011, pp.237-246.
M.Koppel, “Automatically categorizing written texts by author gender”,
Literary and Linguistic Computing, vol.17, pp.401-412, 2002.
S. Mukherjee and P.K. Bala, “Gender classification of microblog text
based on authorial style”, Information Systems and e-Business
Management, vol.15, pp.117-138, 2017.
M. Pennachchiotti and A.M. Popescu, “A machine learning approach
to twitter user classification”, in Proceedings of ICWSM 11, Spain,
2011, pp. 281-288.
C. Peersman, W.Daelemans an L. Vaerenbergh, “Predicting age and
gender in online social networks”, in Proceedings of International
Conference on Information and Knowledge Management, UK, 2011,
pp.37-44.
A.Onan, “Psycholinguistic feature sets in sentiment analysis on Twitter:
an empirical analysis”, in Proceedings of International Advanced
Researches and Engineering Congress, Turkey, 2017, pp. 1-7.
S. Argamon, M.Koppel, J.Fine and A.R. Shimoni, “Gender, genre, and
writing style in formal written texts”, Text, vol.23, 321-346, 2003.
X.Yan and L.Yan, “Gender classification of weblog authors”, in
Proceedings of AAAI Spring Symposium on Computational Approach
to Analyzing Weblogs, USA, 2006, pp.228-230.
C. Zhang and P.Zhang, “Predicting gender from blog posts”, University
of Massachusetts, Amherst, USA, 2010.
A.Mukherjee and B.Liu, “Improving gender classification of blog
authors”, in Proceedings of the 2010 Conference on Empirical
Methods in Natural Language Processing, USA, 2010, pp. 207-217.
D. Rao, D. Yarowsky, A.Shreevats and M. Gupta, “Classifying latent
user attributes in twitter”, in Proceedings of the 2nd International

[14]

[15]

[16]

[17]

[18]

[19]

[20]
[21]
[22]
[23]
[24]

[25]
[26]
[27]
[28]
[29]

Workshop on Search and Mining User-generated Contents, USA, 2010,
pp.37-44.
J.S. Alowibdi, U.A.Buy and P.Yu, “Language independent gender
classification on twitter”, in Proceedings of the 2013 International
Conference on Advances in Social Networks Analysis and Mining,
USA, 2013, pp.739-743.
S.Li, J.Wang, G.Zhou and H.Shi, “Interactive gender inference with
integer linear programming”, in Proceedings of the International Joint
Conference on Artificial Intelligence, USA, 2015, pp.2341-2347.
J.Mueller and G.Stumme, “Gender inference using statistical name
characteristics in twitter”, in Proceedings of the Third
Multidisciplinary International Social Networks Conference on Social
Informatics, USA, 2016, pp.47.
Y.Yu and T. Yao, “Gender classification of Chinese weibo users”, in
Proceedings of the 2017 International Conference on E-commerce, Ebusiness and E-government, USA, 2017, pp.5-8.
M. Salas-Zarate, M.A.Paredes-Valverde, M.A.Rodriguez-Garcia,
R.Valencia-Garcia and G.Alor-Hernandez, “Automatic detection of
satire in Twitter: a psycholinguistic-based approach”, KnowledgeBased Systems, vol.128, pp.20-33, 2016.
E.Kontopoulos, C.Berberidis, T.Dergiades and N.Bassiliades,
“Ontology-based sentiment analysis of twitter posts”, Expert Systems
with Application, vol.40, pp.4065-4074, 2013.
K. Denham and A.Lobeck, “Linguistic for everyone: an introduction”,
Cengage Learning, 2012.
S.J.Derose, “Grammatical category disambiguation by statistical
optimization”, Computational Linguistics, vol.14, pp.31-39, 1988.
E. Mayfield and C.P. Rose, “Open source machine learning for text”,
Handbook of automated essay evaluation, 2013.
J.W. Pennebaker, R.L. Boyd, K.Jordan and K. Blackburn, “The
development and psychometric properties of LIWC 2015”
G.H. John and P.Langley, “Estimating continuous distribution in
Bayesian classifiers”, in Proceedings of the Eleventh Conference on
Uncertainty in Artificial Intelligence, Canada, 1995, pp.338-345.
J. Han and M. Kamber, Data Mining Concepts and Techniques,
Morgan Kaufmann Publishers, San Francisco, 2006.
V. Vapnik, The Nature of Statistical Learning Theory, Springer-Verlag,
New York, 1995.
M. Kantardzic, Data mining: concepts, models, methods and
algorithms, Wiley, New York, 2011.
L. Breiman, “Random forests”, Machine Learning, vol. 45, pp. 5-32,
2001.
A. Onan, “Sarcasm identification on Twitter: a machine learning
approach”, in Proceedings of CSOC 2017, pp. 374-383.

Dynamic Difficulty Methodologies in Games
Yunus SARICA, Meriç ÇETİN
Pamukkale University, Computer Engineering Department, Kınıklı Campus, 20040, Denizli, Turkey
yunusssarica@gmail.com
mcetin@pau.edu.tr

Abstract—The principal purposes of the game developers is
presenting a fulfilling game to widely crowd of gamers. In this fact,
2D platformers have a potential of catching these peoples interest
with technology has been upgrading. It is significant subject at the
platform games to create several levels and difficulties for each of
them, which have been using one of the several game asset
modelling on this kind. Thus, game’s continuity and playability
will be provided. As part of game developing, it is unlikely that
artificial intelligence techniques can help these sections achieve
difficulty levels. Unfortunately, it is impossible for developers to
offer a game in difficulty at the appropriate level for each user
with conventional techniques. However, with automatic dynamic
difficulty adjustment, a process that matches player expectations
can be followed and the process can be accelerated. In this study,
the dynamically difficulty adjustment techniques developed using
computational intelligence interactions for platform games have
been investigated. In addition, a guideline has been prepared on
what types of game designs can be used in the current
methodologies in the literature.
Keywords— dynamic difficulty, game levelling, video games,
artificial intelligence

I. INTRODUCTION
At present, millions of people in the world are playing games
on various platforms such as console, PC or mobile. Video
games have become an important part of the entertainment
industry, where the goal is to optimize the experience of the
players rather than creating the most difficult game [1-3]. In
order to avoid that players being bored or annoyed, the
difficulty of the game must be adjusted according to the
performances of the players. The researches on content
production of games helps to develop better quality and
interesting games. The flow concept of the game is the basis of
current research on the effectiveness of video games on players.
In order to produce suitable content in a game, the algorithm
must produce a meaningful output to the player. The
expectation of the player during the flow is that the difficulty
of the game matches the personal playing skills [4, 5]. As the
skills of the player progresses with respect to the execution of
the task in the game, the level of difficulty in the game should
also rise [6]. Thus, with dynamically generated game levels, the
player's ability to replay the game increases, exponentially. In
this case, game developers have to add new and more
challenging difficulties as the game progresses.
In game levelling, it is not an easy task for developers to map
a complex game to a single parameter. To perform such
mapping, comprehensive tests are needed [7]. The automatic

dynamic difficulty adjustment is the ability to adapt difficulty
level of game to match the player's skills and tolerances [8]. If
this is done properly, it can provide a persuasive experience for
players. The Dynamic Difficulty Adjustment (DDA) is a
technique that aims to keep the player in the game while trying
to reduce the game developer's development efforts to a
minimum. In DDA, instead of the game designers setting the
game difficulty throughout the game, it is essential that the
game elements are automatically changed according to the
player's personal skills [1, 5]. Procedural Content Generation
(PCG) allows computers to produce algorithmically variable
game content without human intervention. In this process,
game developers can significantly reduce the time and cost of
development processes [9, 10]. In the literature, there are
various studies that are designed by machine learning (genetic
algorithm, artificial neural network, support vector machine)
[11-15], probabilistically techniques [16], PCG [17-19] for
automatic levelling.
In this study, it has been investigated how the automatic
difficulty levels of game sections are formed with artificial
intelligence. For this purpose, basically 2D platform games are
examined and common assets related to these games are
considered. With the prepared guideline, readers will be able to
understand artificial intelligence methods used when
determining game assets according to difficulties.
The rest of the paper is organized as follows. The problem
statement is given in Section II. Section III presents the
methodological approaches. Finally, Section IV concludes the
paper.
II. PROBLEM STATEMENT
The purpose of this work is to conduct systematic
investigation to be able to perform dynamic difficulty
adjustment (DDA), which is a system that changes the game
without player knowledge, using procedural content generation
(PCG). In today's technology, simple parameters that balance
the game are modified to be able to perform DDA. Recently,
DDA techniques are being investigated through evolutionary
computation or computerized agents. Evolutionary
computation (EA) is used to develop optimized solutions for
complex problems where the 'best' solution cannot be defined.
Computerized agents are programs that can complete tasks that
require autonomous thinking, such as finding a route on a road
map.

A. 2D Platform Games
Early examples of platform games that emerged in the early
1980s were limited to static play fields. The 2D platform video
games that emerged in the mid-1990s are a variation of popular
platform video games. Video games are ideal for learning
algorithms from many directions. Since a good video game is a
long learning curve, it becomes possible for people and
algorithms to be continuously learning. The platform games
initially played on top of certain obstacles on a single screen
began to turn into more functional games with the emergence
of the Super Mario Bros [20]. The 2D platformers, which are a
type of continuing gameplay adventure, are open to new
appreciation. They can keep the interest level of the users alive
on this side. The "Inside" game on many platforms is one of the
most important examples. With 2D platform games,
expressions such as assets, platforms, enemies and interactive
objects come to mind. Their connection to each other gives
information about the difficulty level of the game. The parts
covering all these are separated and analysed by the cells so that
game assets and chapter analysis are provided.

B. The Use of Artificial Intelligence in 2D Platform Games
In this subsection, it is mentioned how some important AI
techniques are used to adjust the level of difficulty in video
games. In rule-based methods such as fuzzy logic or combined
with finite-state machines fuzzy logic, instead of randomly
determining the course of the game, levelling is done taking
into account the player's characteristics (aggression, courage,
intelligence and cooperation) and the appropriate reaction is
selected depending on these designs. It is difficult to create a
database of players in online games as input commands without
content in an online strategy game provide little information
about the player's behaviour and strategies. In this case all
possible behaviours of the player are listed as raw input
commands. In strategy video games, if the behaviour
information of the player can be stored, an effective AI system
is created [21].
Neural networks successfully applied to a variety of games,
including adventure games, racing games and strategy games,
can be considered as a means of updating the artificial
intelligence system. The greatest advantage of this method is
that it is theoretically able to continuously improve the
framework. Thus it can be said that the player will constantly
be challenged to change the style of game and will not have to
use the same strategy over and over again. Artificial neural
networks require the specification of valid inputs and outputs.
The use of uncontrolled learning techniques in design creates
difficulties in game development. This causes the neural
network to perform poorly. For an artificial intelligence system
that can develop over time, many game developers do not use
genetic algorithms commonly because they need too much
CPU power and are too slow to produce useful results [22].
Some parameters that affect the game experience by
collecting data should be recorded as [23]:



The controllable parameters used for game levelling
affect the class of level and difficulty.
 Game characteristics are statistical features about how
the game is played. These features cannot be directly
controlled by the game, as the player is dependent on the
personal skills.
 The experience of player can be tested with various
questions in order to be able to report emotionally, such
as fun, difficult, frustrating. In order to reach more
precise results, it is possible to work with different
parameters in addition to these parameters.
III. DYNAMIC DIFFICULTY METHODOLOGIES
The player experience in video games is related to the 'flow'
concept defined by Csikszentmihalyi [4]. In order for the flow
to take place, the level of challenge provided by the activity
must be balanced against the participants' ability to overcome
difficulties. Nakamura and Csikzentmihalyi state the
characteristics of the flow as follows [24]:
 The individual concentrates on what he or she has done.
 A combination of action and awareness takes place.
 The individual suffers from loss of self-awareness.
 The individual feels a deep sense of control.
 The individual's time experience has deteriorated.
The game 'balancing' defines the ability of the player to
match the obstacles and difficulties that must be overcome [1,
25]. As a player becomes competent with his game mechanics,
the basic component of game design creates a difficulty curve
[26]. This increases the level of challenge at a speed very close
to the player's improved skill throughout the game. In singleplayer games, AI behaviours, attacks, avatar health, control
inputs and other systems can be manipulated to adjust the level
of difficulty.
The basic idea of a dynamic difficulty adjustment system is
based on two approximation techniques. The first technique is
a feedback mechanism that measures how well player the game
and the second is a technique used to adjust the difficulty of the
game using computational intelligence interactions. However,
an effective tool must be used to measure and change the
difficulty of performing DDA. To obtain feedback on the game,
the player progress is measured during the game or the player's
current physical state is assessed. This paper focuses on
dynamic difficulty adjustment more than the feedback
mechanism.
A. Feedback Mechanism
The consequences of the interactions occurring within the
gaming give information about the difficulty of the game. This
information needs to be assessed correctly. Scope of the results
obtained are revealed by the experience of the players. Relevant
data are collected by questionnaire, interview or psychological
tests [27]. Thanks to the results, it will be possible for the player

to learn his/her emotions such as entertainment, expectation
and curiosity, and learn how the perception of difficulty makes
an impact [27]. The feedback mechanism reveals the player's
self-interpretation. Besides the game genre, the personal
opinions of the player can also explain this perception of
difficulty. As long as the behavioural records in the game can
be kept in real time, the balance of difficulty remains alive.
Mourato and Prospero have studied the difficulty calculation
problem in platform games by taking account of the losers [28].
In the end, the player is deemed successful. The assets that
prevent the player from reaching the final level increase the
degree of difficulty of the game. There are 5 possible situations:
 Impossible defeat
 Impossible section
 Almost impossible section
 Single triggered section
 Parts where multiple interactions are valid
These situations will lead to game flow. Transfers in the flow
process and success in the level will vary with in-game assets.
Using this flow, an option has been created according to the
success or failure of the player. A sum of all these processes
will present the degree of difficulty of the section of the cast.
Pedersen [29] worked on the Super Mario Bros. with infinite
variation and created the character model with the results that
they revealed. The necessary data for obtaining inference is
provided through levels and players who play games on the
internet. The data used in the inference is as follows:
 Controllable game features (level design parameters,
difficulties and types)
 Gameplay features (frequency of use of in-game running,
jumping, etc.)
 Feedback on user experience (evaluation of feelings from
a questionnaire)
There is a model of player emerging as a result of statistical
studies with the gathering of information [29]. Perceptions of
fun, effort and frustration in the players' questionnaire
responses made the player model statistically assessed.
B. Dynamic Difficulty Adjustments
Video games with static difficulty levels selected by the
game designer have various disadvantages and constraints.
These games do not provide a level of difficulty that is
appropriate for players, especially those who develop skills
while learning. As a result, the performance of the game can be
limited. An ideal game should be able to be dynamically
adjusted to the difficulties managed by player's performance [1,
7]. Systems that vary according to player performance used in
some single-player games are called ‘Dynamic Difficulty
Adjustment’ (DDA) in the literature [5]. The dynamic
balancing system requires fast adaptation to the player's initial
skill or competence and performance evolution. The provision
of the difficulty balance within the game continuity will keep
the player more involved and alive. The game levels optimized
for a particular player can be produced as follows:




The first level is generated with random parameters.
An artificial intelligence agent plays the current level
while the game features are recorded.
 Values are selected for controllable features that
optimize the experience of player using recorded features.
 An adapted level is created based on optimizable and
controllable features.
In Figure 1, an architecture is shown to facilitate
understanding of automatic dynamic difficulty adjustment.

Fig. 1 Dynamic difficulty adjustment architecture

The game engine is used to provide all the basic
technologies needed to run a game scenario. It includes
graphics, sound, animation, artificial intelligence, networking
and physics. Generation, agents and control services are used
to support automated dynamic testing of difficulties, software
developed to implement new algorithms and methodologies.
These services are used by the game scenario directly in the
game engine core. Appropriate player and progress data must
be monitored and recorded to make adjustments in a particular
game scenario. The analysis service is used to provide support
for correlated data collected through monitoring. Control
service is used to initiate, suspend, resume, and stop a particular
experiment. Game Levels are used to contain playable elements
of game content.
Dynamic difficulty adjustment adapts the level of difficulty
of the game to match the skill and tolerances of the player. If
this process is done properly, a satisfying experience can be
achieved in a wider range of players. In addition, DDA is used
in a variable and non-repeatable manner, which is applied to a
particular game or game item within the game. Many
approaches based on the concept of DDA have been put
forward. Hunicke's approach [5] controls game environment to
adjust levels easier or more difficult. For example, if the game
is too difficult, the player gets more guns, corrects life score
faster, or is less competitive. The assets in the game and their
performance processes related to character interaction are
linear. The FPS or MMORPG also depends on getting rid of
performance obstacles like in platform games. These obstacles
consist of humans in MMOG games, and computer (artificial
intelligence) controlled obstacles in single-player games. The
Hamlet system embedded in the game engine used in the Half-

Life carries out the DDA process [28]. According to the flow
generated by Csikszentmihalyi, the game time of the player will
be optimized. Thus, the player's ability and the interaction of
the tasks will be balanced. Demasi and Cruz [6] have built
intelligent agents that use genetic algorithm techniques to keep
agents closest to the user level alive. Here, the development of
online collaboration [30] is used to speed up the learning
process. A disadvantage of this approach is that the predefined
model is used as parent for generic processing, which means
that the performance of the player is limited. In addition to these
methods, reinforcement learning mechanism, which divides the
difficulty of the game at different levels [31, 32]. The players
start the game in the middle level and go to a higher level when
the game is very easy. When the game is very difficult for
players, they are at a lower level. However, training is
necessary to preempt the learning process by allowing the agent
to play self-learning or allowing other pre-programmed agents.
In the literature, online/offline machine learning techniques are
also available. In order to benefit from supervised online
learning in practice, AI agents must be fast, efficient, robust and
effective.
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IV. CONCLUSIONS
It is a difficult task for a player to present a satisfying gaming
experience typical of individual gaming skills. This paper
presents a methodology that can be used to bring the player's
experience to the best possible level. This methodology is to
optimize the player experience and adapt to changing game
styles. For many games, adaptation is achieved when the
average speed of movement, speed of progress, number of shots,
object placement entropy, enemy/object/obstacles and
concentration are taken into consideration. All these studies
show that artificial intelligence techniques such as genetic
algorithm, artificial neural networks and reinforced learning in
gaming technology have the privilege of keeping the
productivity of game and player at the highest level.
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Abstract— Underwater images generally need the process of
image enhancement. Therefore, there are many methods in the
literature on this topic. In this study an underwater image
enhancement method is proposed. This method used to HSV, V
transform algorithm and histogram equalization technics.
Firstly, an underwater image is separated into its R (Red), G
(Green), B (Blue) components and is converted from RGB color
space to HSV color space. Secondly, extension of V element is
coordinated under the control of the start and the end of the
interval. Then, it is converted from HSV color space to RGB
color space and the histogram equalization is applied to each R,
G, B components. After that, R, G, B components are combined
to form a color image. Finally, Gaussian low-pass filter is applied
to the underwater image. The proposed method was compared
with the results of the other study to evaluate its performance
using mean value, and entropy. The obtained results show that
the proposed method makes remarkable improvement for
underwater images.
Keywords— underwater image enhancement, HSV-V transform
algorithm, histogram equalization HSV color space, RGB color
space.

I. INTRODUCTION
Underwater images are usually not clear, it's because of
light refraction under water, the absorption of the light,
floating objects, and being little hazy under water. Sometimes
an image is a low contrast or darker and sometimes a color
becomes a dominant color. Therefore, the underwater images
require the processing of an image enhancement for
segmentation an underwater image and recognition objects of
an image. Image enhancement is a process used to improve
the quality of the image by improving its properties. Thus, it is
possible to increase the visibility of objects and the quality of
the image [1-4].
Lately, many studies on image enhancement have been
made. To increase the visibility of underwater images, there
are various suggested methods or approaches in the literature
such as contrast stretching, histogram equalization, contrastlimited adaptive histogram equalization [5, 6]. Contrast
stretching is one of the most commonly used method. For
example, Sing and his colleagues have made a comparison of

histogram equalization, contrast stretching, and contrast
limited adaptive histogram equalization methods. They have
compared their method to other methods for the performance
by using mean square error and SNR as parameters. In their
evaluation, they noted that the contrast limited adaptive
histogram equalization method is more efficient than other
methods to improve the quality of the image [5]. Another
study, Iqbal et al. have made contrast stretching on RGB color
model and then they have made saturation and intensity
stretching on HSI color model in their proposed method. Thus,
they have solved the problem of equalization the colour
contrast in the images and also the problem of lighting. They
have compared their method with the histogram equalization
[7]. Wang and Ward have proposed a method in which a view
is modified by weighting and thresholding before the
probability distribution function is equalized to the histogram.
They have used the improved histogram equalization method
in their study. They have obtained successful results by
adjusting the power factor r in the weighted thresholder
histogram equalization [8].
Some researchers have proposed a method which contains
histogram equalization and optimization algorithm such as
fuzzy logic, particle swarm optimization algorithm etc. Kaur
and Sidhu have proposed the histogram based fuzzy image
enhancement algorithm to boost the contrast in underwater
images. They said that, this method computationally faster
than other method in literature. They have tested this method
by using MSE and PSNR and obtained valuable results [2].
Talwar and Kochher have proposed a method using fuzzy
based Dark Channel Prior and adaptive histogram equalization
to remove haze in underwater image. They have evaluated
their technique with an existing technique by using different
hazy underwater. They have obtained efficient results for
these images by removing the haze [9].
Lakshmil and Loganathan proposed a method based on
color constancy algorithms. They have developed a software
tool for underwater image enhancement. Firstly, this software
makes contrast stretching, then makes saturation and intensity
stretching on Weibull histogram color model. They have used
grain size and contrast as parameters and extended to

incorporate the statistical nature of images by using the
optimize constancy mapping. They have obtained successful
results with testing their algorithm on synthetic images as well
as real images [3].
The wavelet, discrete wavelet and wavelength
compensation methods are commonly used in process of
underwater image enhancement [10, 11]. Jayasree and
Thavaseelan have proposed histogram equalisation and
contrast stretching algorithm to improve the quality of
underwater image. For both technique, they used together
wavelength compensation and image dehazing algorithm [12].
They have presented an active approach which depends on
Discrete Wavelet Transform (DWT), Hue Saturation Value
color space (HSV), and Slide Stretching. They have obtained
high processing performance time by their proposed approach.
Another example of using DWT for enhancement has been
provided by Yassin et al. to the associated literature [13].
As described above, a lot of methods have been proposed in
the literature for the underwater image enhancement. but most
of them include sophisticated algorithms and techniques. In
this context, the aim of this study is to propose a method that
can be applied easily. After many trials, it has been seen that
the improvement the underwater image can be made by using
without the need for complicated technique. The rest of this
paper: In the second section, the proposed method is discussed
in detail such as HSV-V transform algorithm, histogram
equalization, and Gaussian low-pass filter. In the third section,
implementation of this method is presented. Then, obtained
results, comparisons, and evaluations are given in the fourth
section. Finally, conclusions and recommendations for future
work are presented.
II. UNDERWATER IMAGE ENHANCEMENT WITH PROPOSED
METHOD
Main lines of the proposed method are shown in figure 1.
Firstly, an underwater image is separated into its R (Red), G
(Green), and B (Blue) components and is converted from
RGB color space to HSV color space. Secondly, extension of
V element is coordinated under the control of the start and the
end of the interval. Then, it is converted from HSV color
space to RGB color space and the histogram equalization is
applied to each R, G, B components.
After that, R, G, B components are combined to form a
color image. Finally, Gaussian low-pass filter is applied to the
underwater image.
A. The HSV Color System
The Hue, Saturation, Value (HSV) color space is more
commonly used color system which has the ability separating
between color and intensity. HSV can rebuild images better
than the RGB color space does. As seen in Fig. 2, HSV color
system has a conical form. Hue is the color type such as red,
blue, or yellow. The corresponding colors vary from red
through yellow, green, cyan, blue, magenta as hue ranges
from 0 to 1.0. For example, 0 is red or 55 is a shade of yellow.
Saturation is the intensity of the color. As saturation ranges

from 0 to 1.0, the corresponding colors vary from unsaturated
(0) that is a shade of grey between black and white, to fully
saturated (1) that means intense color. Value is the brightness
of the color. As value, or brightness ranges from 0 to 1.0, the
corresponding colors become increasingly brighter. For
example, depending on the saturation, 0 is always black, or 1
may be white or somewhat saturated color [13].

Fig. 1. The block schema of the proposed method

Fig. 2. Graphic representation of HSV color system [13]

The HSV color system is represented with the following
equations:
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The value layer is almost synonymous with brightness. The
close link between the original image and the layer value
means that the values match the original bright image with the
counterparts on the Vth layer. [13]. The method uses only the
HSV color space that the V element expands, preserving
chromatic details such as Hue (H) and Saturation (S). There is
a loop to process every interval for extension of V element.
The extension of the V element is coordinated under the
control of the beginning and end of the interval. With
stretching, the current density value is converted to the
enhanced density value. Thus, the new V component is
assigned.
B. Histogram Equalization
One of the commonly used methods for the improvement of
underwater images is histogram equalization (HE). This
method is based on a uniformly distributed gray scale
histogram [2]. The method of histogram equalization is
explained as follows:
Considered a digital image, F (i, j), with a total of N pixels
and a gray level range of [0, K-1]. Thus, the probability
density function of the image is calculated according to
Equation 6:

p(k ) 

nk
N

,

for k  0,1,  , K  1

(6)

where nk is the total number of pixels with the number of
grayscale k in the image. Then, the cumulative distribution
function (CDF) of the image F (i, j) can be found by Equation
7:
k
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,
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Using the CDF values found in Equation 7, HE matches an
input level k to an output level Hk using the level mapping
equation as Equation 8:

H k  K  1  Ck

(8)

Thus, the gain Hk at the output level for the conventional HE
that is previously described above can be obtained as in
Equation 9:

H k  H k  H k  1  K  1  Pk 

(9)

In other words, the increase in the level of Hk is
proportional to the probability of the corresponding level of k
in the original image. Theoretically, for images with
continuous intensity levels and probability density functions,
such a mapping scheme can perfectly equalize the histogram
[8].
C. Gaussian Low-Pass Filter
A rotationally symmetric Gaussian low-pass filter is used in
this method. Gaussian low-pass filter of size N with standard
deviation sigma (positive). N is a square matrix and its value
is [3 3]. In this study, the standard deviation sigma is 0.5. The
Gaussian low-pass filter is defined as following equations:
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III. UNDERWATER IMAGE ENHANCEMENT APPLICATIONS
The results obtained from application of the proposed
method is given step by step in Fig. 3 with histogram graphics.
The image in this figure was taken from Fattal's article [14].
In Fig. 3, (a) shows original image, (b) shows the result image
of HSV with extension of V, (c) shows the result image of HE,
and (d) shows the result of Gaussian Low-pass filter or output
image of proposed method. As seen in these figures, the input
image was improved. Its quality and visibility were increased.
Histogram graphics are used to evaluate the quality of an
image. The narrower histogram means that there is a poorer
image and the wider histogram means that there are better
results, and better images. These Histogram graphics in Fig. 3,
represent the quality of the images by comparing the input
image histogram with the enhanced image histogram. The
enhanced histograms are stretched on a wider range than the
histograms of the original images. Also, the form of a
histogram graphs clearly show that the input image was
improved.
Fig. 4 shows two examples of the original underwater
images, and the improved underwater images, which were
obtained with the reference methods and the proposed method.
In this figure, the image where it is in the first line was taken
from reference [15], and the image where it is in the second
line was taken from reference [16]. As seen in Fig. 3 and Fig.
4, this proposed method improves visual quality, and visibility
of the input image as very clear as existing methods.

IV. RESULTS AND DISCUSSION
In these section, the implementation of the proposed
method and some evaluation for obtained results are discussed.
The implementation has been done in MATLAB R2017a. The
performance test of the proposed method has been made for
four color images taken from [1]. These images, and the
output image of proposed method were given in Fig. 5 with
their histogram graphics. The entropy, and mean value were
used for the purpose of comparison and evaluation of the
obtained results.

Fig. 4. A comparison of output images

V.

Fig. 5. Original underwater images and the improved underwater images with
histograms used for evaluation.

Table 1 shows the results of the performance of two
enhancement method for underwater images.

Fig. 3. An example underwater image enhancement with the proposed method

The entropy value reflects the information of the image. As
the entropy value increases, the quality and the visibility of
the underwater image increase. As seen in Table 1, the
difference entropy value of proposed method is greater than
the difference entropy value of reference method for all
images. These results show that the proposed method
increases the quality of the image very well and increases the
visibility of the image as well as the reference quality.
In generally, the mean value reflects the mean color of
image and is used to measure the amount of improvement in
the image. If the mean value of the output image is greater
than the mean of the original image, the original image is
enhanced. As seen in Table 1, the difference mean value of
proposed method is greater than the difference mean value of
reference method for Image 1, Image 2, and Image 4. Also,

image 3 satisfies a good enhancement in which the difference
between the enhanced image and the input image is 5.4607.
These results show that the proposed method improves the
underwater images better than reference method.

As seen in Fig. 5, these Histogram graphics, represent the
quality of the images by comparing the input image histogram
with the enhanced image histogram. The enhanced histograms
are stretched on a wider range than the histograms of the
original images. Also, the forms of a histogram graph clearly
show that the input image was improved.

TABLE 1 COMPARISON FOR SAMPLE IMAGES IN FIGURE 5*
*The values in bold typeface represent the best result obtained in the comparison

Image
IMAGE 1
IMAGE 2
IMAGE 3
IMAGE 4

Method
Proposed method
AbuNaser (2014)
Proposed method
AbuNaser (2014)
Proposed method
AbuNaser (2014)
Proposed method
AbuNaser (2014)

Original
Entropy
7.2076
7.2314
7.5271
7.5833
6.9440
7.0437
7.0619
7.1105

Result
Entropy
7.9800
7.8444
7.9783
7.9622
7.9746
7.7703
7.9443
7.5010

VI. CONCLUSIONS
In this study, this proposed method focuses to develop an
easy approach to improve underwater image. In other words,
an ideal method has been proposed to improve underwater
images easily without spending a lot of time and effort. In the
context of the aim of this paper, to offer an easy approach
which contains the HSV color space with extension of V
component and histogram equalization method for underwater
image enhancement. The results of comparisons and
evaluations show that the proposed method is as efficient as
other complex methods. In future, the proposed method can
also be applied on remote sensing images. In future, different
techniques and different combinations can also be applied to
the proposed method. For example, the HSV color space with
extension of V component and adaptive histogram
equalization could be used together.

Difference
Entropy
0.7724
0.613
0.4512
0.3789
1.0306
0.7266
0.8824
0.3905
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Abstract—Stemming is a technique which permits to improve
the quality of categorization in TC and the effectiveness of
search in information retrieval systems IRS. In Arabic, two
families of methods are used to find the stem of a word;
morphological methods which are difficult to implement and
require a deep linguistic knowledge in Arabic such as:
morphological rules, and statistical methods which are easy to
implement, more practical, and do not require prior linguistic
knowledge, but only some calculations of probabilities.
In this paper we propose a new Arabic stemmer based on the
extraction of the root, and completely statistical. So, it does not
require any morphological rule or grammatical patterns.
Keywords- Root extraction, stemming, Arabic information
retrieval, bigrams technique, morphological methods, statistical
methods

I.

INTRODUCTION

Arabic is one of the oldest and the most used language in
the world, it is spoken by over 300 million people in Arabic
world, and used by more than 1.7 billion Muslims over the
world because it is the language of the Holy Quran, here we
can distinguish two types of Arabic; a more classical
language, as found in the Holy Quran or poetry, a standardized
modern language, and regional dialects [1]. We note also that
Arabic language is a semitic language [2, 3] based on 28
cursives letters written from right to left .
The word in Arabic is formed of the root part and some
affixes (antefixes, prefixes, infixes, suffixes) that form the
word ( سألتمونيهاSaaltmwnyha). The Arabic root extraction is a
very difficult task which is not the case for other languages as
English or French, because Arabic is a very rich language with
a very difficult structure and complex morphology. Arabian
linguists show that all nouns and verbs of Arabic language are
derived from a set of roots containing about 11347 roots; more
than 75 % of them are trilateral roots [4]. There are many
applications based on the roots of words in Arabic processing
such as: text’s classification, text summarizing, information
retrieval, data and text mining. [5,6].
The Arabic word roots can be classified according to the
vowels letters (  أ،  و،  يa, w, y) into two types [7], strong roots
that do not contain any vowel (  فتح،  خرج،  ذهبgo, come out ,
open), vocalic roots that contain at least one vowel ( وعد، أوى
shelter, promise). Arabic roots can be further classified

according to the number of their characters into four types:
Trilateral roots which form most words in Arabic language [4]
(e.g.,  خرج،  كتب،  علمknow, write, come out), Quadrilateral roots
(e.g.,  طمأن،  دحرجroll, assure), Quinquelateral roots (e.g.,
،  انطلق،  اقتصد،انكسرbroken, economize, start) and Hexalateral
ّ
roots (اقشعر
 استحسن،  استعملuse, enjoy, tremble).
There are two classes of methods used to extract the roots
of Arabic words, the first class is based on morphological
rules, so its methods simulate the same process of an expert
linguist during his analysis of a given Arabic word [1],
[8,9,10,11], which make the process of extracting root
difficult and complex because of the diversity of
morphological formulas and the multiplicity of words forms
for the same root when changing the original characters
position in the word (e.g.,  معالم،  عوالم،  علوم،  عالم،  علمknow,
scientist, sciences, worlds, landmarks) [12,13]. The second
class is formed of statistical methods which are simple, fast,
and do not require any morphological rules but some
calculations [14, 15, 16,17, 18,19,20].
In Arabic information retrieval field, the stemming
technique is used to conflate a word to its various forms in
order to avoid mismatches between the query asked by the
user and the words present in the document. For instance, if a
user wants to search for a document on “” كيف تستخرج جذع كلمة
and submits a query “ ” تجذيعhe may not get all the relevant
results. However, if the query is stemmed, so that “” تجذيع
becomes “” جذع, then retrieval will be successful. Thus, if we
want to give a simple definition of stemming, we can say that
stemming is a technique in which we replace dozens of terms
(words) which occur in different documents and semantically
close by their basic forms (stems or roots) in order to increase
the quality of obtained results in IR and TC.
In this paper, we propose a new statistical method which
permits to extract roots of Arabic words using the approach of
n-grams of characters without using any morphological rule.
The paper is organized as follows: the first section is a general
introduction to the field of study. The second section presents
some related works, so we review some papers that treat the
problem of extraction of Arabic word’s roots. In the third
section we introduce our new algorithm. The fourth section
presents the experiments that we have done to test our new
method and also presents the obtained results. In the last

section we conclude our work by summarizing our realized
work and giving some ideas to improve it in the future.
II. RELATED WORK
Many researchers proposed some algorithms to extract
Arabic words roots, some of these algorithms are based on
morphological rules. Thus, they are called morphological
methods. Others do not use any morphological rule but some
statistical calculations, so they are called statistical
algorithms.
In the first class of algorithms, we can note the following: [9],
[21] Khoja’s roots extractor removes the longest suffix and
prefix. It then matches the remaining word with verbal and
noun patterns, to extract the root. The roots extractor makes
use of several linguistic data files such as a list of all
diacritics, punctuation characters, definite articles, and stop
words [22,23,24,25]. [13] Propose a linguistic approach for
root extraction as a preprocessing step for Arabic text mining.
The proposed approach is composed of a rule-based light
stemmer and a pattern-based infix remover. They propose an
algorithm to handle weak, eliminated-long vowel, hamzated
and geminated words. The accuracy of the extracted roots is
determined by comparing them with a predefined list of 5,405
trilateral and quadrilateral roots. The linguistic approach
performance was tested on texts’ collection consists of eight
categories, the author achieved a success ratio about 73.74%.
[26] Presents a new Arabic root extractor that tries to assign
a unique root for each Arabic word without having an Arabic
roots list, a word patterns list, or the list of Arabic prefixes
and suffixes. The algorithm predicts the letters positions that
may form the word root one by one, using rules based on the
relations between the Arabic word letters and their placement
in the word. This algorithm consists of two parts, the first part
gives the rules that distinguish between the Arabic definite
letter “ الAL, La” and the original word letters “”ال. The
second part segments each word into three parts and classifies
its letters according to their positions. The author tested her
proposed algorithm using the Holy Quran words and obtained
an accuracy of 93.7% in root extracting process.
In the second class of algorithms we can note the following:
[14] Developed a root extraction algorithm which does not
use any dictionary, their algorithm categorizes all Arabic
letters according to six integer weights, ranging from 0 to 5,
as well as the rank of the letter which is determined by the
position this letter holds in a word. The weight and rank are
multiplied together, and the three letters with the smallest
product constitute the root of the word. We note that [14] did
not explain on what basis did it use such ranking or
weighting. [10] Proposes an algorithm to extract tri-literal
Arabic roots, this algorithm consists of two steps; in the first
step they eliminate stop words as well prefixes and suffixes.
In the next step, they remove the repeated word’s letters until
only three letters are remained, and then they arrange these
remaining letters according to their order in the original word,
which form the root of the original word. The obtained results
were very promising and give an accuracy of root’s extraction

over than 73%. [27] Propose a new way to extract the roots
of Arabic words using n-grams technique. They used two
similarity measures; the “Manhattan distance measurement”
and the “Dice’s measurement”. They tested their algorithm
on the Holy Quran and on a corpus of 242 abstracts from the
Proceedings of the Saudi Arabian National Computer
Conferences. They concluded from their study that
combining the n-grams with the Dice’s measurement gives
better results than using the Manhattan distance
measurement. [28] propose a new algorithm to find a system
that assigns, for every non-vowel word a unique root. The
proposed system consists of two modules; the first one
consists of analyzing the context by segmenting the words of
the sentence into its elementary morphological units in order
to extract its possible roots. So, each word is segmented into
three parts (prefix, stem and suffix). In the second module,
they based on the context to extract the correct root among all
possible roots of the word. They validate their algorithm
using NEMLAR Arabic writing corpus that consists of
500,000 words, and their proposed algorithm gives the
correct root in more than 98% of the training set and 94% of
the testing set. [29] propose a new algorithm which use the ngrams technique. In this technique, both the word and its
assumed root are divided into pairs called bi-grams, then the
similarity between the word and the root is calculated using
equation (1) [30]. This process is repeated for each root in the
roots list:
𝑆 = 2 𝑥 𝐶/(𝐴 + 𝐵)

(1)

Where:
A = Number of unique bi-grams in the word (A)
B = Number of unique bi-grams in the root (B)
C = Number of similar unique pairs between the word (A)
and the root (B)
To use equation (1) for extracting the word’s root, we must
have: the word (A) and the potential roots (B) to compare
with, then the similarity measuring is conducted by
computing the value of (S) between the word (A) and each
potential roots (B).
The importance of stemming for IR and TC was
recognized a long time ago by Lennon et al. [31]. This new
concept is useful for two reasons. Firstly, it can reduce the
total number of distinct terms in the index and the dictionary
size. Secondly, it increases the retrieval effectiveness as
similar words generally have similar meanings. Stemming can
be done in two ways [9]. In the first, roots extracted can be
used in text compression, text searching, spell checking,
dictionary lookup, and text analysis. In the second, affixes can
be used in determining the grammatical structure of the word,
which is usually needed by linguists. Many studies have
demonstrated the effect of term stemming on the performance
effectiveness of IR. Most notably are those reported by [31],
[32], [33]. The general indication mentioned in all these
studies is that stemming can improve retrieval performance,

but by a small factor. And it has also been considered to
improve recall more than precision [34]. Larkey et al. [23]
have demonstrated that stemming has a large effect on Arabic
information retrieval due to the inflected nature of the
language. Their results indicated an average improvement in
precision performance of about 100% due to stemming. For
thesaurus-based cross-lingual retrieval [35], the results
showed even larger effect on retrieval. A number of research
studies [36], [37], [38] have focused on the impact of the level
of word stemming on Arabic information retrieval. Basically,
they have examined three different levels including wordbased retrieval, stem-based retrieval, and root-based retrieval.
Results of all these studies indicate that root-based retrieval
provides the highest level of performance, followed by stembased retrieval and finally word-based retrieval.
III.

THE PROPOSED ALGORITHM

In our new algorithm, we also use the n-grams technique to
extract Arabic words roots. For this purpose, we proceed
according to the following steps:
Step 1: we segment the word for which we want to find the
root, and all the roots of the list into bigrams (2-grams).
For example, if we have the word “( ”يفقدونthey lose) and a
list of six (06) roots ( عقد، رقد، سجد، فقد، خرج، )نجح (Held,
Slept, Prostrated, Lost, Came out, Succeeded), we proceed
the segmentation step as follows:
W = “ ( ➔ ”يفقدون،  قو،  قد،  فن،  فو،  فد،  فق،  ين،  يو،  يد،  يق،يف
 ون،  دن،  دو، )قن
R1 = “ جح( ➔ ”نجح،  نح، )نج
R2 = “ رج( ➔ ”خرج،  خج، )خر
R3 = “ قد( ➔ ”فقد،  فد، )فق
R4 = “ جد( ➔ ”سجد،  سد، )سج
R5 = “ قد( ➔ ”رقد،  رد، )رق
R6 = “ قد( ➔ ”عقد،  عد، )عق
Step 2: we calculate the following parameters:
N w : The number of bigrams in the word w
N Ri : The number of bigrams in the root Ri
N wRi : The number of common bigrams between the word W
and the root Ri
N w R : The number of bigrams belonging to the word w and
i

do not belong to the root Ri ( N w R = N w - N wRi )
i

N R w : The number of bigrams belonging to the root Ri and
i

do not belong to the word w ( N R w = N Ri − N wRi ) .
i
For the previous example we have:

N W = 15, N R1 = 3, N R2 = 3, N R3 = 3, N R4 = 3, N R5 = 3,
N R6 = 3, N WR1 = 0, N WR2 = 0, N WR3 = 3, N WR4 = 0, N WR5 = 1,
N WR6 = 1, N W R = 15, N W R = 15, N W R = 12, N W R = 15,
1

2

3

4

N W R = 14, N W R = 14, N R W = 3, N R W = 3, N R W = 0,
5

6

1

2

3

N R W = 3, N R W = 2, N R W = 2
4

5

6

Step3: we take only the roots having at least one common
bigram with the word w ( N wRi ≥ 1) as candidate roots among
the list of all roots in order to reduce the calculation time.
In our previous example, we can take only the roots: R3 =
“”فقد, R5 = “”رقد, R6 = “ ”عقدwith N wRi = 3, 1, 1 respectively.
Step4: we calculate the distance D (w, Ri) between the word
W and each candidate root Ri (R3, R5, R6) according to the
following equation:
𝐷(𝑤, 𝑅𝑖 ) = 2 ∗ 𝑁𝑤𝑅𝑖 + 𝑘 ∗ 𝑁𝑤𝑅̅̅̅𝑖 + 𝑘 ∗ 𝑁𝑅𝑖 𝑤̅

(2)

Where: k is a constant which must take a high value (we put
here k=50)
For the previous example we obtain:
D (w, R3) = 2*3+50*12+50*0 = 606
D (w, R5) = 2*1+50*14+50*2 = 802
D (w, R6) = 2*1+50*14+50*2 = 802
Step5: in the last step, we assign the root that has the lowest
value of distance D (w, Ri) among the candidate roots to the
word W. It is the required root.
In our example, the root of the word “ ”يفقدونis “”فقد
Finally, we note that our new algorithm has the following
advantages:
1. Does not require the removal of affixes whose distinction
from the native letters of the word is quite difficult.
2. Works for any word whatever the length of the root, i.e.,
3-lateral, 4-drilateral, 5-lateral, 6-lateral roots.
3. Valid for strong and vocalic roots which generally pose
problems in Arabic during their derivation, because of the
complete change of their forms.
4. Does not use any morphological rule nor patterns but
only simple calculations of distances.
5. Very practical algorithm and easy to implement on
machine.
IV. EXPERIMENTATIONS AND OBTAINED RESULTS
To validate our proposed algorithm, we used three corpus
which can be classified according their sizes into: small
corpus, middle corpus, and large corpus. Each one is
constituted of many files as indicated below:
1. The file of derived forms (gross words) which contains
morphological forms of words derived from many Arabic
roots.

15
30

9
12
23

28

28

13

اس ات اخ اد ام ست سخ سد سم تخ تد تم خد خم دم
111111111111111
سن سس ست سد سر سج سه سم نس نت ند نر نج نه نم ست
سد سر سج سه سم تد تر تج ته تم در دج ده دم رج ره رم جه
جم هم
1111111111111222222111111
11111
مت مذ مب مذ مب تذ تب تذ تب ذب ذذ ذب بذ بب ذب
122223111
مت مل مأ مل مئ تل تأ تل تئ أل لل لئ أل أئ لئ
121121111211
ه يز يم يو ين يه يم هز هم هو هن هه هم زم زو زن زه زم
مو من مه مم ون وه و منه نم هم
11111111111121113111212
ال ام ات ار اب أّ اي لم لت لر لب ّل لي مت مر مب ّم مي
تر تب ّ
ت تي رب رّ ري بي ّي
1111111111111111111111111
11
ال ام ار اب اّ او ان لم لر لب لّ لو لن مر مب ّم مو من رب
رّ رو رن بّ بو بن ّو ّن ون
1111111111111111111111111
111
طا طئ طر طا طت ائ ار اا ات ئر ئا ئت را رت ات
1111121111112

استخدم
سنستدرجهم

متذبذب
متأللئ
يهزمونهم
المتربّي

2. The file of roots which contains many Arabic roots, we
note that these roots are trilateral, quadrilateral,
quinquelateral, and hexalateral. We note also that many
of them are vocalic roots which contain at least one vowel.
3. The file of golden roots which contain the correct roots of
all words present in our corpus (the file in (1)), this
golden list was prepared by an expert linguist and used as
reference list, i.e., by comparison between the list of
obtained roots (extracted by the system) and the
reference list (established by the expert), we can
calculate the roots extraction accuracy (success ratio).
CORPUS USED IN EXPERIMENTS

المربّون

طائرات

Size of the
’golden roots
file
50
300
1800

TABLE I.

Size of the
roots’ file

Size of derived
words’ file

Corpus

25
150
550

50
300
1800

Small corpus
Middle corpus
Large corpus

AN EXAMPLE OF MORPHOLOGICAL FORMS
EXAMPLES OF OBTAINED RESULTS WHEN SEGMENTING
ROOTS INTO BI-GRAMS.
Nb.Ng
)(Nw
6
6
3
10
3
3
3
3
3
3
3
3
4
4
3
3
6
3
4

لم ّل كم كّ كل
1 1 11 1 1

N-grams
Ng.Frequencies

عا عل عج ال اج لج
111111
قص قد صد
111
اق ات اص اد قت قص قد تص تد صد
1111111111
كت كب تب
111
عل عم لم
111
عم عل مل
111
خد خم دم
111
كم كل مل
111
كم كن من
111
خم خد مد
111
در دج رج
111
ذب ذذ ذب بذ بب ذب
1113
لل أل أل أأ
1113
هز هم زم
111
طا طر ار
111
رب رّ ري بّ بي ي
111111
عق عد قد
111
تأ تت تأ أت أأ تأ
1113

TABLE V.
Root
كلّم
عالج

Word
اجتماعات
اجتماعيات
جموع
جوامع
يجمعون
يجمعن
اجتهاد

Word
مأخذ
مؤاخذة
مؤاخذون
مؤاخذات
مؤازرة
مأكل
أكالت

Word
باحث
بحوث
أبحاث
باحثون
باحثات
ابتهال
مبتهل

TABLE II.
Word
مأخذ
مؤاخذة
مؤاخذون
مؤاخذات
مؤازرة
مأكل
أكالت

Word
أوامر
مؤتمر
مؤامرة
متأمرون
يأتمرون
يأتمرن
أمرهم

قصد
TABLE III.

AN EXAMPLE OF TRILATERAL, QUADRILATERAL,
QUINQUELATERAL, HEXALATERAL ROOTS.

اقتصد
كتب
علم
عمل
خدم
كمل
كمن
خمد
درج
ذبذب
ألأل

Hexalateral
roots
استعمل
استحسن
استعان
اخشوشن
ادها ّم
احرنجم
اقشع ّر
اطمأنّ

EXAMPLES OF OBTAINED RESULTS WHEN SEGMENTING
WORDS INTO BI-GRAMS.
Nb.Ng
)(Nw
28

6

هزم
طار
ربّى
عقد
تأتأ

Quinquelateral
roots
انطلق
انكسر
احتوى
اقتصد
اخض ّر
تحدّى
تنازل
تدحرج

Quadrilateral
roots
أكرم
أعان
أعطى
حطّم
ربّى
حاسب
طمأن
زلزل

6
12
14
15

N-grams
Ng.Frequencies
يت يع يل يم يو ين تع تل تم تو تن عل عم عو عن لم لو لن
مو من ون
111111111111111111111
عا عل عم ال ام لم
111111
كا كت كب ات اب تب
111111
كت كا كت كي كب تا تت تي تب ات اي اب تي تب يب
211111221111
اق ات اص اا اد قت قص قا قد تص تا تد صا صد اد
1 1 1 12 1 1 1 1 11 1 1 1
يق يص يد يو ين قص قد قو قن صد صو صن دو دن ون
111111111111111

Trilateral
roots
زرع
صنع
تجر
جمع
نفر
طار
سعل
صدع
TABLE IV.
Word
يتعلمون
عالم
كاتب
كتاتيب
اقتصاد
يقصدون

TABLE VI.
Word

EXTRACTION OF SOME ARABIC WORDS ROOTS USING OUR NEW ALGORITHM (WITH K =100)

Nearest roots

يتعلمون
عالم

 كمن،  عمل،  علم،  عالج، ّكلم
 عمل،  علم،  عالج، كلّم

كاتب
كتاتيب

 كتب، اقتصد
 تأتأ،  كتب، اقتصد

Nb.Common bigrams
3،1،3،2،1

Distance values
2902 ،2704 ،2506 ،3202 ،2806

1،3،3،2
1،3

504،306 ،606 ،1002
306 ، 1402

كتب
كتب

كتب
كتب

اقتصد

اقتصد

1602 ،1906 ،1206
1206 ،1404 ،1906

قصد
خدم

قصد
خدم

درج
ذبذب

درج
ذبذب

ألأل
هزم

ألأل
هزم

ربّى

ربّى

ربّى
طار

ربّى
طار

اقتصاد

 عقد،  اقتصد، قصد

يقصدون
استخدم

 عقد،  اقتصد، قصد
 خدم،  خمد، اقتصد

3،3،1
3،2،3

سنستدرجهم
متذبذب

 هزم،  درج،  خدم، اقتصد
 ذبذب، كتب

1،1،3،1

3102 ،2706 ،3102 ،3802

متأللئ
يهزمونهم

 ألأل،  تأتأ،  كمل، عمل
 هزم، كمن

1،4
1،1،1،3

508 ،1002
1006 ،1402 ،1302 ،1302

المتربّي

 طار،  ربّى،  علم،  كتب،  اقتصد،  عالج، كلم

المربّون
طائرات

 طار،  ربّى،  كمن،  علم،  عالج، كلم
 طار، اقتصد

TABLE VII.
Corpus
Small
Middle
Large

1،1،1،1،3،1

2006 ،2402
2902 ،2212 ،2902 ،2902 ،3602 ،3202 ،2902
2902 ،2806 ،2902 ،2902 ،3202 ،2902

1،3

Correct
root
علم
علم

1402 ،906 ،2002
1502 ،420 ،1106

1،3،1
3 ، 10 ، 1

1،3
1،1،1،1،1،6،1

Extracte
d root
علم
علم

1006 ،2102

OBTAINED RESULTS WHEN EXTRACTING THE WORDS
ROOTS.

Nb.
Roots
25
150
550

Nb.
Words
50
300
1800

Cor.
Results
49
289
1639

Wr.
Results
1
11
161

Suc.
Rate
98.00
96.33
91.05

Err.
Rate
2.00
3.66
9.47

V.

COMPARISON WITH OTHER ALGORITHMS

To show the effectiveness of our proposed algorithm, we
concluded our work by establishing a comparison against
other known algorithms. For this purpose, we took a sample
words list and tried to extract the root of each word using
three very known algorithms which are: khodja stemmer,
Nidal et al stemmer, and our proposed stemmer, the obtained
results are shown in table VII.
In the other hand, we illustrated the obtained results when
applying the three above algorithms on the three corpus used
in the experimentation, namely: the small corpus, the middle
corpus, and the large corpus, and then we summarized the
obtained accuracy for each algorithm in table VIII.
TABLE VIII.

Figure 1. Correct and wrong results in number of words.

EXTRACTION OF SOME WORDS ROOTS USING THE THREE
ALGORITHMS.

Word
Khodja
algorithm

Figure 2. Calculation of success rate and error rate.

ّ
يتعلمون
كاتب
كتاتيب
اقتصاد
سنستدرجهم
متأللئ
المربّي
المربّون
طائرات
ولولة
وقيعة
يزنونهم

علم
كتب
Not stemmed
قصد
Not stemmed
Not stemmed
ربأ
ربن
طور
ليل
قوع
زنن

Extracted root
Nidal et al
Our
algorithm
proposed
algorithm
علم
علم
كتب
كتب
كتب
كتب
اقتصد
اقتصد
درج
درج
ألأل
ألأل
ربّى
ربّى
ربّى
ربّى
طار
طار
ولول
ولول
وقع
وقع
نهب
وزن

Correct
root
علم
كتب
كتب
اقتصد
درج
ألأل
ربّى
ربّى
طار
ولول
وقع
وزن

TABLE IX.
Corpus

OBTAINED RESULTS WHEN EXTRACTING THE WORDS
ROOTS.

Size
Nb.
Words

Small
Middle
Large

The obtained accuracy (suc_ rate, err_ rate) %
Khodja
algorithm

Nidal et al
algorithm

Our proposed
algorithm

50

68,00

32,00

92,00

8,00

98,00

2,00

300

84,05

15,95

64,33

35,66

96,33

3,66

1800

76,66

23,34

59,74

40,26

91,05

8,94

machine, does not require the removal of affixes nor the use
of any morphological rules and grammatical patterns, capable
to find all types of roots, i.e., trilateral, quadrilateral,
quinquelateral, and hexalateral roots. There is no difference
between strong roots and vocalic roots in our new algorithm.
We also established a comparison between our proposed
algorithm and two other algorithms which are very known in
the field, namely: Khodja algorithm, Nidal et al algorithm.
The first one fails sometimes in getting the correct root of the
given word and for many words it produced one of two
results: (1) not stemmed word(2) completely a new word and
sometimes a wrong word that does not exist in Arabic.The
same thing can be said for second one, although it gives best
results than the first, but it fails for many words. For the same
cases, our new algorithm gives always the correct root, the
failure is very limited, and the obtained success ratio of root
extraction is very promising.
In our future work, we plan to apply our new algorithm on
corpus of Arabic words with big sizes, to improve the
obtained success rate, and to apply it in extracting the root of
words in other languages such as English and French.

Figure 3. Comparison between three algorithms
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From table VIII, we see that khodja stemmer algorithm fails
sometimes in getting the correct root of the given word and
for many words it produced one of two results: (1) not
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% for the small corpus, 96,33 % for the middle corpus, and
91,05 % for the large corpus.
VII.

CONCLUSION AND PERSPECTIVES

In this paper we have studied how we can reduce the size
of terms in Arabic TC and IR by replacing many words by
their common root. In this purpose, we exposed the most
known algorithms and techniques in the field, Including
morphological algorithms mainly based on the use of
morphological rules and grammatical patterns of Arabic, and
statistical algorithms which are the newest in the field, and
require only simple calculations of distances. We also
proposed a new statistical algorithm based on bigrams
technique. This algorithm is fast and easy to implement on
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Abstract— E-mail is one of the most important communication
tools in last decades. E-mail usage rates are growing every year.
In 2017, number of worldwide e-mail users was nearly 2.8 billion
and total number of e-mails sent and received per day was over
225 billion. By the end of 2019, the number of worldwide e-mail
users will increase to over 2.9 billion and the total number of emails sent and received per day will be over 246 billion. However,
all sent and received e-mails are not real e-mails. Unreal e-mails
are named as spam e-mails. Spam e-mails accounted for 56.8% of
all total e-mail traffic worldwide as of March 2017. Spam e-mails
are threating many sectors, so they need to be detected and
removed from blended e-mails. Because spam e-mails are the
source of financial loss and annoyance for the recipients. In this
study, a spam e-mail detection technique is presented to classify
spam e-mails by using Bayesian Classification (BC), Random Tree
(RT), and Support Vector Machine (SVM) respectively.
According to the classification results, RT presented the best
performance.
Keywords— Spam E-mail, Bayesian Classification, Random Tree
Algorithm, Support Vector Machine

I.

INTRODUCTION
Development of information technology has made
communication systems to evolve to the state as we envision
today. The most important development mechanism of
information technology is internet applications. The foremost
internet application that facilitates communication is e-mail
systems. A postal mail sent by regular postal services takes
days or weeks to reach its destination, while an electronic email takes less than a second. In addition, the delivery cost of
an e-mail is very low compared to postal mail. The increased
use of the Internet, rapid transmission, and cost advantages
have increased usage of e-mail at unprecedented levels. By
2017, the number of e-mail users around the world was about
2.8 billion, and the number of e-mails sent and received was
over 225 billion per day.
The fact that e-mail is one of the most important
communication tools today has led marketers to use e-mail as a
commercial tool which they used to promote their products
massively. E-mails sent for product demonstrations are sent
without the permission of the receivers. Spam e-mails sent
without the receiver’s permission are used to create public
opinion, propaganda, betting or pornographic content. Hence,
spam e-mails annoy buyers, waste time, and cause resources to

be wasted. In figure 1, the form of e-mail communication
scheme between user (client) and internet is presented.

İnternet
Firewall

Email Server

identify spam e-mail. Zhan Chuan et al., [7] proposed an antispam e-mail using a new improved Bayesian classification
based e-mail filter. They used vector weights for representing
word frequency and adopted attribute selection based on word
entropy and deduced its corresponding formula. It is proved
that their filter improves total performances apparently.
Georgios Paliouras et al., [8] presented learning to filter spam
e-mail. They investigated the performance of two machine
learning algorithms in context of anti-spam filtering by
comparison of a Bayesian Classification and a Memory-Based
Approach. They determined the performance on publicly
available corpus for bayes. Also, they compared the
performance of the Bayesian filter to an alternative memory
based learning approach so that in both methods accuracy
improved for spam filtering and keyword based filter were used
widely for e-mail. Muhammad N. Marsono, et al., [9]
demonstrated that the Bayes e-mail content classification could
be adapted for layer three processing, without the need for
reassembly. Suggestions on predetecting e-mail packets on
spam control middle boxes to support timely spam detection at
receiving e-mail servers were presented. M. N. Marsono, et al.,
[10] presented hardware architecture of Bayes inference engine
for spam control using two class e-mail classification. It can
classify more than 117 million of features per second given a
stream of probabilities as inputs. This work can be extended to
investigate proactive spam handling schemes on receiving email servers and spam throttling on network gateways.

It uses a discriminant function to compute the conditional
probabilities of P(Ci|X) [12]. Here, given the inputs, P(Ci | X)
denotes the probability that, example X belongs to class Ci
( | )=

P(Ci) is the probability of observing class i. P(X | Ci)
denotes the probability of observing the example, given class
Ci. P(X) is the probability of the input, which is independent of
the classes.
B.

Random Tree (RT)
RT is a tree or arborescence that is formed by a stochastic
process. RT is generation of a variety of trees at "random," and
for small numbers of leaves it can generate all possible trees
[13]. Random trees have several usage areas; used for
phylogeny programs that do not have the ability to examine all
trees or clusters of random trees
 used for estimate distributions of tree comparison
measures,
 used for the production of all possible tree shapes,
 used as a basis for statistical tests.
In figure 2, RT working scheme is presented.

This paper consists of three sections. In section 2,
classifying algorithms are explained. In section 3, proposed
spam detection model is presented. In section 4, conclusion is
given.

1.1
1

Bayesian Classification (BC)
Bayesian Classification algorithm is one of the machine
learning methods that is used in text classification. It is a
statistical inference based on probability, and is used to
determine previously created classes. BC is particularly suited
when the dimensionality of the inputs is high. Bayesian
Classification is divided into two according to form of
weighting of the terms in a text: Multinomial Model and
Multivariate Bernoulli Model. Multivariate Bernoulli Model is
based on binary term weighting. In this model, a term is
researched whether it exists in the text or not. If the term is in
the text, it is weighted as 1, if not present, it is weighted as 0.
Multinomial Model is based on weighting according to term
frequency. In Multinomial Model, prevalence frequency of a
term in a text specifies the weight value of that term. The weight
values of the terms that are more common in the text are also
higher [11].
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II.
CLASSIFYING ALGORITHMS
In this study. BC, RT, and SVM classification algorithms
are used. These algorithms are described below.
A.

( )∗ ( | )
( )
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Fig. 2 RT working scheme.

C.

Support Vector Machine (SVM)
SVM is a linear separation limit (wTx + b = 0) that classify
the samples correctly. SVM, a supervised learning technique,
is a combination of a linear machine learning technique. SVM
is a two-dimensional variable class forms a hyperplane that
divides the margin between hyperplane and the nearest data
points by maximizing the weight vector w to the feature vector
[14]. In figure 3, SVM decision boundary scheme is presented.
Data Of One Class
Margin

Support
Vector

wᵀ x + b = 1
wᵀ x + b = 0 (Decision Boundary)
Data Of Another
Class

wᵀ x + b = -1

Fig. 3 SVM decision boundary scheme

SVM is based on the concept of decision plans that define
decision boundaries. A decision plane is a decision between a
set of objects with different class memberships and the SVM
modeling algorithm finds the best hyperplane with the
maximum margin to separate from the two classes, which
requires the following optimization problem to be solved.
III.
PROPOSED SPAM E-MAIL DETECTION MODEL
Proposed model consists of two steps; one is preprocessing
and other is classification. The accuracy of the classification
process depends on the quality of the mining done and the
accuracy of the dataset used. Preprocessing is an important step
that should be done before data mining process. Preprocessing
step includes data cleansing, integration, and transformation.
For preprocessing of data following techniques was used.

Maximum;
−

1
2

,

,

αy =0

where 0 ≤ αi ≤ b, i = 1,2,..,n
Where αi is the weight of training sample x1. If αi > 0, x1 is
called a support vector b is a regulation parameter used to tradeoff the training accuracy and the model complexity so that a
superior generalization capability can be achieved. K is a kernel
function, which is used to measure the similarity between two
samples. A popular radial basis function (RBF) kernel
functions.
K(xi,xj) = exp(-γ||xi – xj||2),γ>0

 Transformation of all characters of text to uppercase or
lowercase,
 Division of the text into tokens by using operator.
Division can be done by using nonletter characters,
 Removing tokens that are not necessary for
classification.
In figure 4 execution steps of proposed e-mail classification
is given.

After the weights are determined [15], a test sample x is
classified by

Input E-Mail

Preprocess E-Mail

Preprocessing

Train BC, RT, SVM
Using Train Dataset

Test Accuracy of
BC, RT, SVM model
Using Test Dataset

Dataset Training and Testing
Fig. 4 Execution steps of proposed e-mail classify

Classify E-mail as
Spam or Ham
Classification

BC uses words in an e-mail for spam and ham mails
calculating probability to determine whether an e-mail is spam
or not. RT is a tree-based classification and prediction method
that is built on classification and regression tree methodology.
SVM is primarily a classical method of performing
classification tasks by establishing hyper details in a
multidimensional field that separates states of different class
labels. Algorithms are tested separately on dataset. Same
training process is applied for good comparison.

feature indicates whether the e-mail is spam e-mail. The dataset
content information is presented in Table 1.

In this study, a dataset consisting of 4601 e-mails, which is
located in the database of UCI machine learning and produced
by Hewlett-Packard laboratory [16], is used. The dataset has 57
features. The first 48 features show the frequencies of the token
obtained from the e-mails. The six features between 49-54
indicate the frequencies of the characters in the e-mail. The
features between 55-57 indicate the "total number of letters",
"average number of letters", and "number of letters of the
longest word" of the words written in capital letters. The 58th

This study is based on rule-based detection. The detection
rules are framed by analyzing e-mail header information, word
(token) matching, and the body of the e-mail message.
Specification of the rules required for the detection of spam email has been established. Each rule performs a test on the email dataset, and each rule has a score for decision about
whether an e-mail is spam or not. The score value obtained for
each e-mail result is used as the input values of the BC, RT, and
SWM algorithms. If the results exceed the threshold, then the
e-mail is marked as spam and the others are classified as ham

TABLE 1.
DATASET INFORMATION

Dataset
Ham E-mail
Spam E-mail
Total E-mail

Values
2788
1813
4601

e-mail. The ways of how to classify an e-mail is a spam or not
are given below. The results obtained in the study are compared
with the studies [17,18,19,20] as seen in table 2. According to
the results of the comparison, proposed model has the best

performance with RT. RT has the best Correctly Classified
Instances (CCI) result (%99.9348) and the lowest False
Positive (FT) (%0,002) rate.

TABLE 2.
ALGORITHMS CCI COMPARISON RESULTS AND FALSE POSITIVE RATES
(CCI = Correctly Classified Instances, BC = Bayesian Classification, SVM = Support Vector Machine, RT = Random Tree, EDT = Ensemble
Decision Tree, NB = Naive Bayes, FP = False Positive)
Study
Algorithm
CCI (%)
F-Measure
FP (%)
Sharma, S., and Arora, A. [17]
BC
88.56
0,192
RT
91.54
0,202
SVM
93.21
Kiamarzpour, F. et al. [18]
BC
0,963
0,231
SVM
0,846
0,024
Voting
0,933
0,07
SS, R. K., and Atmosukarto, I., [19]
BC
89.57
SVM
93.40
EDT
96.40
W.A. Awad, and S.M. ELseuofi [20]
NB
99.46
SVM
96.90
Proposed Study
BC
90.4369
0,923
0,158
RT
99.9348
0,999
0,002
SVM
90.7629
0,926
0.162
(-) Refers to fields that are not given in the referenced papers.

RT classification results plot graph is presented in figure 3.
In figure 3 ham emails represents zero (0), spam e-mails
represents one (1).

reduce the amount of spam messages and to reduce the risk of
productivity loss, bandwidth, and storage usage.
ACKNOWLEDGMENT
We would like to acknowledge the developers of WEKA
(https://www.cs.waikato.ac.nz/ml/weka/) for providing testbed
for machine learning algorithms.
REFERENCES

Fig. 3 Plot graph of RT classification results.

IV. CONLUSION
In this study, it was aimed to detect spam e-mails using BC,
RT, and SVM which are some of the machine learning
methods. Although there are many e-mail spam filtering
studies, due to the existence of spammers and adoption of new
techniques, email spam filtering becomes a challenging
problem to the researchers. In this study, the dataset which was
produced in Hewlett-Packard laboratory was used. The
performance of proposed model was evaluated using training
set and observed that RT classifier outperforms than other
classifiers and the false positive rate is also very low compared
to other algorithms. Email spam filters using this approach can
be adopted either at e-mail server or at e-mail client side to

[1]. Ozawa, Seiichi, et al. "An autonomous online malicious spam e-mail
detection system using extended RBF network." Neural Networks
(IJCNN), 2015 International Joint Conference on. IEEE, 2015.
[2]. Symantec Corporation (2014) Internet Security Threat Report 2014, 19: 198,2014.
[3]. J. Ma, L. K. Saul, S. Savage and G. M. Voelker, "Beyond Blacklists:
Learning to Detect Malicious Web Sites from Suspicious URLs," Proc. of
the 15th ACM SIGKDD Int. ConI on Knowledge Discovery and Data
Mining, pp. 1245-1254,2009.
[4]. M. Co va, C. Kruegel and G. Vigna, "Detection and Analysis of DrivebyDownload Attacks and Malicious JavaScript Code," Proc. of the 19th Int.
ConI on World Wide Web (WWW '10), pp. 281-290, 2010.
[5]. M. Sahami, S. Dumais, D. Heckerman, and E. Horvitz, "A bayesian
approach to filtering junk e-mail ... AAAiTech.Rep.WS-98-05. pp.5562,1998.
[6]. R. Malathi, “Email Spam Filter using Supervised Learning with Bayesian
Neural Network”, Computer Science, H.H. The Rajah’s College,
Pudukkottai-622 001,Tamil Nadu, India, Int J Engg Techsci Vol 2(1),89100, 2011.
[7]. Zhan Chuan, LU Xian-Iiang, ZHOU Xu, HOU Meng-shu, "An Improved
Bayesian with Application to Anti-Spam E-mail ", Journal of Electronic
Science and Technology of China, Mar. 2005, Vol.3 No.1
[8]. I. Androutsopoulos, G. Paliouras, V. Karkaletsis, G. Sakkis, C.D.
Spyropoulos, and P. Stamatopoulos, "Learning to filter spam e-mail: A
comparison of a naive bayesian and a memorybased approach",
Proceedings of the Workshop on Machine Learning and Textual
information Access, 4th European Conference on Principles and Practice
of Knowledge Discovery in Databases (PKDD 2000), pages 1-13,2000.

[9]. Muhammad N. Marsono, M. Watheq El-Kharashi, Fayez Gebali
“Targeting spam control on middleboxes: Spam detection based on layer3 e-mail content classification” Elsevier Computer Networks, 2009.
[10]. M. N. Marsono, M. W. El-Kharashi, and F. Gebali, “Binary LNS-based
naïve Bayes inference engine for spam control: Noise analysis and FPGA
synthesis”, IET Computers & Digital Techniques, 2008.
[11]. A. McCallum, K. Nigam, "A comparison of event models for Naïve bayes
text classification". Proceedings in Workshop on Learning for Text
Categorization (AAAI’98), 41-48, 1998.
[12]. J. Gama, A Linear-Bayes Classifier, IBERAMIA-SBIA 2000, LNAI
1952, pp. 269-279, 2000.
[13]. Lladó, A., Decomposing almost complete graphs by random trees. Journal
of Combinatorial Theory, Series A, 154, pp.406-421, 2018.
[14]. G. Chechik, G. Heitz Max-margin Classification of Data with Absent
Futures. In Journal of Machine Learning Research 9, 2008.
[15] El-Sayed M. El-Alfy, Radwan E. Abdel-Aal "Using GMDH-based
networks for improved spam detection and email feature analysis"Applied
Soft Computing, Volume 11, Issue 1, January 2011.
[16].
Internet:
“Spambase
Data
Set”,
http://archive.ics.uci.edu/ml/datasets/Spambase, 26.02.2018.
[17]. Sharma, S., and Arora, A. "Adaptive approach for spam detection",
International Journal of Computer Science Issues, 10(4), pp.23-26, 2013.
[18]. Kiamarzpour, F., Dianat, R., and Sadeghzadeh, M. "Improving the
methods of email classification based on words ontology", arXiv preprint
arXiv:1310.5963, 2013.
[19]. SS, R. K., and Atmosukarto, I., “Spam or Not Spam–That is the question”.
[20]. W.A. Awad, and S.M. ELseuofi, "MACHINE LEARNING METHODS
FOR SPAM E-MAIL CLASSIFICATION", International Journal of
Computer Science & Information Technology (IJCSIT), 3(1), pp.173-184,
2011.

Faster Regions with Convolutional Neural Networks
for Monitoring of Pantograph-Catenary System
#
#

Ilhan AYDIN, +Ebru KARAKÖSE

Computer Engineering Department, Firat University
Elazig, Turkey
iaydin@firat.edu.tr
+
Civil Aviation Vocational School, Firat University
Elazig, Turkey
eozbay@firat.edu.tr

Abstract— The pantograph-catenary system provides the energy
needed for movement in electric trains. A problem with this
system is caused by the interruption of the railway line and serious
accidents. Therefore, it is important to detect the failures in these
systems at an early stage. When there is a contact problem
between the pantograph strip and the contact line, arcs form at
the contact point. These problems can be reduced to minimum
when the pantograph-catenary line is constantly monitored.
Therefore, it is very important to detect pantograph and occurred
arcs. Image processing based approaches have been used for
monitoring of this system. However, these approaches are
influenced considerably by the environment in which they are
viewed. Therefore, pantograph detection often fails. In this study,
a deep learning based method is proposed for pantograph
detection. The proposed method uses the faster regional
convolutional neural networks. The main advantage of the
proposed method is that it detects pantograph with high
performance. At the same time, the proposed method is not
affected by ambient light conditions. The recommended method
was implemented on the Nvidia Jetson TX2 GPU development
card. The proposed method was tested with pantograph images
taken in different light conditions and successful results were
obtained.
Keywords—Pantograph-catenary system, pantograph detection,
deep learning, arc detection.

I. INTRODUCTION
The electric railway has become a major transport vehicle in
many countries due to its safety, speed, comfort and
environmental friendliness. The train's overhead contact line
system is an interface that provides electrical power to the train
[1]. The interaction between these components leads to wear on
both the pantograph surface and the contact wire. Pantograph is
a component placed on the roof of a train that supplies power
to the train. The catenary system is the overhead line system
which are necessary for the operation of the trains [2]. The
energy is transmitted to the train with the interaction of the
pantograph with the catenary contact line. The amount of wear
depends on how often the pantograph touches the contact wire.
Arcs are formed due to wears on the contact strip of the
pantograph. If these erosions cannot be detected at an early
stage, they can cause serious accidents the related railway line
may be completely cut off [3]. Therefore, the early detection of
problems in overhead components is very important.

Some companies take the train to the maintenance unit to
control the pantograph condition [2]. This process is usually
done at night hours when the line is empty. However, this
method is not useful because it is not known when the problem
will occur in the pantograph system.
Therefore, computer-based methods have been proposed for
monitoring pantograph-catenary interaction. Computer based
methods are usually divided into two parts: image-based and
signal based methods. A signal processing based method has
been proposed for the detection of pantograph arcs [4]. The
proposed method uses two currents, one voltage and one
phototube signal. A fuzzy integral-based method is proposed
for arc detection. Barmada et al. [5] proposed a support vector
machine based method for arc detection. The frequency
amplitudes between 0-50 Hz were obtained in the spectrum by
applying the periodogram to the signals. Afterwards, the
features obtained for each signal are given to the support vector
machines and the performance of each signal is evaluated.
According to the results, it is proved that combining two current
signals obtains better performance. Karakose et al. [6] proposed
an image processing based method to determine the distribution
of the contact line on the pantograph strip. For this purpose,
they have proposed a method based on edge detection and
Hough transform. It has also been analysed how much contact
line touches the hazardous areas. The condition of the contact
wire is determined via stagger measurement by using computer
vision techniques [1]. The proposed method uses the SIFT
method for pantograph detection. After the pantograph is
detected, the contact point is found and the state of contact is
analysed. Cho and the park [7] proposed an image processing
based method to determine the pantograph condition at high
speeds. The proposed method has been tested in tunnel,
daylight, night and cloudy weather. A machine vision based
approach has been proposed for train safety assessment [8].
Aydin [9] proposed a firefly optimization based method to
detect the pantograph and occurred arcs. The pantograph
overhead was detected by applying optimization based
approach. The proposed method consists of three components:
wagon recognition, pantograph detection, and temperature
analysis. The proposed method uses edge detection for wagon
identification, SIFT method for pantograph detection, and
thermal image segmentation method for temperature analysis.
The main disadvantage of image processing and computer

vision based methods is that many parameters are set in
different environmental conditions. A model is constructed for
each environmental condition and the pantograph and contact
point are detected according to this model.
In this study, a new method based on deep learning is
proposed for pantograph and arc detection. The proposed
method detects the pantograph and occurred arcs with high
performance in different weather conditions. There is no need
to create a separate model for each environmental condition as
in the image processing techniques. Pantographs and occurred
arcs are correctly detected even in images that were not used in
training and taken under different environmental conditions.
II. FASTER REGIONAL CONVOLUTIONAL NEURAL NETWORK
FOR PANTOGRAPH AND ARC DETECTION
A deep learning-based method is proposed for pantograph
and arc detection. The proposed method uses the faster regions
with convolutional neural networks method. The data to be
used during the training phase have been obtained and labelled.
Then, the model was trained with this data. The general
diagram The general block diagram of the proposed method is
given in Fig.1.

Then, each output is given to the SVM for region classification
and the regression method to determine the boundary of the
object. The RCNN method creates a separate convolutional
neural network for each object region [10]. The regions
obtained from these results are then classified by SVM and the
bounding boxs are determined by regression. In the faster
region with convolutional neural networks, a softmax layer is
placed instead of SVM. Also, instead of using separate
convolutional neural networks for each object, a single
convolutional neural network is used. The block diagram of
faster region with convolutional neural networks used in the
proposed method is given in Fig.2.

Region proposal network

Feature map

Test image
CONVNET

The trained model
Detect the pantograph
and arcs
Faster Regional with convolutional
neural networks

Fig.2. The object detection using Faster rcnn
The position, width,
and height of the
object

The location of
each image

Training dataset
Fig.1. The block diagram of the proposed method

In Fig.1., the location of an image in the directory, the initial
positions, the length and the width of the objects to be detected
in the image are given as the input of the algorithm. Afterwards,
using the training data, a faster regional convolutional neural
network is trained Then, using the training data, a faster
regional convolutional neural network is trained. In the test
stage, the pantograph and occurred arcs are detected by giving
images that are not used during the training stage. The principle
of faster region with convolutional neural network depends on
region with convolutional neural networks. In RCNN, all
possible objects are scanned in the image by using selective
search. This process takes about 2000 regions. These regions
are given as inputs to the convolutional artificial neural network.

In Fig.2, the proposed method consists of two modules: The
first modules based on convolutional neural networks that
proposes the region as a feature map. The second module is
fast-RCNN [10]. As can be seen from Fig. 2, the convolutional
neural network produces a feature map. This feature map is then
given to the region proposal networks. Region proposal
networks takes input as an image of any size and returns
whether it is an object in the region as a score. A sliding
window is used on the feature map to generate region proposals.
For this purpose, a small sized, fully connected convolutional
network is selected. The size of the sliding window is taken as
3x3 in this work. Multiple regions are predicted at each sliding
window location. The maximum proposal for each location is
given as k. The regression layer has 4k outputs because it
contains 4 parameters for each box. The classification layer has
2k outputs because it determines whether it is an object in a
region. The k proposal of the network is related to k reference
boxes. These reference boxes are called as anchors.

The classification loss is represented as Lcls and is calculated by
using log loss over two classes. The parameter Lreg represent
the loss function of regression. Two sum of (3) is normalized
by using Ncls and Nreg. The default value of balancing parameter
is 10. The bounding box parameter calculation for regression
is given in Fig.4

Sliding window

256-d
Regression layer

Classifier layyer

Anchors

Fig.3. Region proposal networks

The number of anchors obtained for each sliding window is
nine. The centre of all anchors of each sliding window is the
same with three different scales as shown in Fig.3. A positive
label is assigned to two types of anchors. First one is that an
anchor has a highest intersection over union (IoU) with true
ground box [11]. The second one is that its IoU has an overlap
higher than 0.7 with any true ground box. A p * value for each
of these anchors must be calculated. This parameter shows how
much anchors overlap with the truth ground.

 1 If IoU  0.7

*
p   1 If IoU  0.3
0 otherwise


(1)

Anchor  GTB
Anchor  GTB

Anchor’s
properties

w*:Box width
h*: Bpx height
x*,y*: Box center

wa:Box width
ha: Box height
xa,ya: Box center

P*{-1,0,1]
Based on GTB and IoU
t  ( x  x a ) / wa , ( y  y a ) / ha , log w / wa , log h / ha 



t *  ( x *  x a ) / wa , ( y *  y a ) / ha , log w* / wa , log h * / ha

The parameter IoU is intersection over union and is
calculated in (2). In (2), a negative value is assigned to the p*
parameter if its IoU value is lower than 0.3. If the value of p* is
calculated as 0, it has not any contribution on the training
objective. The value of IoU is given in (2).
IoU 

Ground truth
bounding box

(2)

The sliding window with the size of 3x3 extracted from the
convolutional artificial neural network is given to a smaller
network with two tasks such as classification and regression.
The output of regression determines the bounding box of an
object. The classifier layer has two classes that are labelled as
object and non-object. The purpose of loss function is to
minimize the following equation [12].
1
Lp i , t i  
Lcls ( p i , p i* )
N cls i
(3)
1

N reg (t i , t i* )
N reg i





Fig. 4. Bounding box parameter calculation

In Fig. 4, the output of the regressor consists of four
parameters such as the width, height and centre points. The
predicted bounding box is detected by using anchor and truth
ground bounding box.
III. EXPERIMENTAL RESULTS
The accurate detection of a pantograph is an important task
to detect occurring arcs. If the occurred arcs cannot be detected
at an early stage, the pantograph surface wears off and the
contact between the pantograph and the contact wire breaks.
Therefore, it is very important to determine the pantograph and
the occurred arcs in the pantograph-catenary systems. In this
study, the system was trained with four different video images
taken experimentally. The experimental setup is given in Fig. 5.
50 m



Contact wire

Where, the parameter i and pi represent the related anchor
and probability of an anchor i being an object. The ground truth
label p i* takes 1 if an anchor is positive and takes 0 otherwise.

Interface
Pantograph and arc detection

The other parameter ti and ti* represent the coordinates of
predicted bounding box and ground truth box, respectively.

Fig.5. The experimental setup

Camera

In Fig. 5, the pantograph image is acquired by using a camera.
Afterwards, the acquired images saved saved in a laptop
computer. The algorithm is implemented on a Jetson Tx2 card.
This platform uses tensor flow package for deep learning
applications. At the same time, the operating system of this card
is Linux Ubuntu and needs a computer to implement the
applications. The system established for this purpose is given
in Fig.6.
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Classification

-

-

The proposed faster region with convolutional neural networks
consists of four training steps. The aim of first two steps are to
train region proposal and detection networks used in region
with convolutional neural networks. Two final steps combine
the outputs of the first two layers as one network. The accuracy
rate of each step is given in Fig.7.

COMPUTER

JETSON TX2
DEVELOPMENT KIT

LCD MONITOR

Fig. 6. The established system

The inputs of the faster region with convolutional neural
networks are the location of the related image and the bounding
box of the objects. Fig. 7 shows the used inputs for faster region
with convolutional neural networks.

Fig. 7. The inputs of the network

As shown in Fig. 7, the input of the convolutional networks is
given as a table. The first column shows the path of the image
file. The second column shows the x and y coordinates of the
object to be detected and its width and length. The dataset
consists of a total of 2000 samples for four videos. We split the
dataset as training and testing data. The training data set is 60%
of the total data set. The proposed network consists of three
layers: input, middle, and final layers. The explanation of each
layer is given in Table I.

Fig.7. Training steps of deep learning

In Fig.7, the first step consists of the training of the region
proposal network(RPN). After the RPN has been trained, the
fast R-CNN is trained in the second step by using RPN from
step-1. The RPN is retrained in the third step by using weight
sharing with fast-RCNN. In the last step, the fast R-CNN is
retrained by using updated RPN. In Fig. 7, the accuracy rate of
the method is 100% for training at the last stage. In addition,
the accuracy of the method is also measured by the recall and
precision parameters. The variation of precision according to
recall is given in Fig. 8.

TABLE I. DETAILS OF PROPOSED NETWORK
Layer

Name

0
1
2
3
4
5
6
7
8
9

Input
Convolution
RELU
Convolution
RELU
Max pooling
Fully connected
RELU
Fully Connected
Softmax

Size
M1(p1xp1xq1)
32(3x3)
32 (3x3)
3x3
64
2
-

Stride-padding
[1 1]-[1 1 1 1]
[1 1]-[1 1 1 1]
[2 2]-[0 0 0 0]
-

Fig.8. Recall versus precision graph

In Fig. 8, the average precision is obtained as 0.94. This rate is
well for pantograph and arc detection. Fig. 9 gives some test
results for pantograph and arc detection.

[2]
[3]

[4]

[5]

[6]
Fig. 9. Pantograph and arc detection results

As shown in Fig. 9, although different operating environments
and different pantograph models are given to the model at the
test stage, the method performs the detection process correctly.
IV. CONCLUSIONS
In this study, a deep learning based method for pantograph
and arc detection is presented. The proposed method uses
Faster RCNN method. This method performs object detection
and classification within the image. The method uses the RPN
method to suggest objects in the image. There is a fully
connected convolutional network in the classification stage.
Regression model is used to estimate bounding box of the
detected objects. The proposed method is not affected by
environmental conditions. It correctly detects different
pantograph models.
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Abstract—Researches on autonomous systems, which keep
navigating by sensing the environment without human factor,
have gained momentum in recent years. One of the most used
areas of autonomous systems today is the Unmanned Aerial
Vehicles (UAV). For navigation UAV, GPS-based systems are
widely used. But lack of GPS signals or fake signals make the
system useless and unsecure. To minimize the disadvantages of
this problem vision-based navigation systems are used. In this
study, vision-based navigation studies in the literature and their
application areas have been examined. The navigation systems
utilizing images taken by cameras on vehicle are classified into 3
groups basically. These studies are compared in terms of the
equipment they use, the places they are used and the way they
are implemented. This article is a preliminary study for future
works.
Keywords—UAV; Autonomy Navigation Systems; Vision-based
navigation.

I. INTRODUCTION
Unmanned Aerial Vehicle (UAV) is aircraft that do not
have pilots. They can be remotely controlled, or they can travel
autonomously in a path whose coordinates are determined [1].
Robust determination of locations is so important for UAVs
both self-navigated and remote-controlled in order to achieve
secure transportation. Satellite based positioning and
navigation systems are the most preferred methods for real
time positioning applications today. However, satellite based
systems require an external signal, because it works according
to the principle the doppler that is the difference of the signal
reflected from moving objects. This causes the satellite-based
navigation systems to malfunction or give faulty results in
cases where the signal is not received or received inaccurately.
Because the movements of UAV depends on the current
location information, possible faults of location determination
cause badly effects on UAV control systems. When such a
situation is occurred, different approaches have been
developed. These approaches can be basically examined under
two headings. First one is the approaches aiming to determine
the current situation of UAV by updating the last point
determined by the help of the direction of vehicle movement.
In these methods, the movement of the vehicle can be detected
by means of motion sensors or image processing techniques.
Such methods are not used individually for locating because

they have accumulated motion errors during estimation or
measurement. Instead, it is more likely to support the existing
systems. The simple diagrams that shows an autonomous UAV
controlled by using the primary and secondary position
determination systems is shown in fig. 1.
The second one is based on matching the data which is
collected by means of sensors with the information previously
collected. In such methods, the information belonging to the
regions of the map are stored in advance. Feature-to-position
conversion is performed thanks to instantly determined
features.
There are various studies in the literature in order to find
out the exact positions of the UAVs. In Michelailin's work,
with a rule-based system for recognizing visual signs such as
bridges have been modelled by using the images taken from
UAV during autonomous navigation [3]. In his study, Wang
implemented a hierarchical system based on filtering the speed,
position and behavior information of the leader and follower
[4]. Maravall used feed-forward and feed-back artificial neural
networks (ANN) while actualizing the UAV controller. He also
used KNN classification which utilizes the gray scale
histograms for discrimination of land variables [5]. In his
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Fig. 1. Providing information to the UAV using a combination of
satellite-based systems and support systems [2].

study, Vasconcelos processed the values of vehicle dynamics
by the help of Kalman filter, and the data are used to improve
the performance of inertial navigation systems [6].
Wang provides the better prediction of the indoor
environment by using three basic sensors,used three basic
sensors which are the inertial measurement unit, a downward
facing camera and a distance finder scanning laser [7]. Zhang
modeled a system which converge the solution for estimation
of location and navigation with vision-based method by using
Kalman filter [8,9]. In the study of Duo-YuGu, the data
obtained from Geographic Information systems and the
characteristics of meaningful objects obtained from UAVs
were recorded [10]. In particular, features of objects such as
roads, rivers, intersections, bridges have been extracted.
Moshe aimed to develop a small and lightweight sensor
with the integration of optical flow sensor, orientation sensor,
distance sensor and geometric camera for micro UAVs [11].
Eroğlu proposed TRN (Terrain Referenced Navigation)
decision support system in his study. In the proposed method,
the total altitude data of the land under the UAV is searched
and matched in the Digital Elevation Model [12].
Angelino presented an integrated model which provides
measurement for high-altitude flying UAVs by using inertial
measurement unit (IMU) sensor and a camera [13]. In Jiang's
study, he developed a new land contour matching method that
uses a 2D laser sensor based on land suitability to solve realtime and reliable problems of land matching for autonomous
UAVs [14]. The study of Qiang has introduced a navigation
system using a 2D laser distance sensor that allows small-sized
UAVs to automatically travel through the forest without GPS
[15]. In Zhang's work, a panoramic image was created with
image stitching technique to obtain real-time latitude longitude
information of the UAV when a GPS positioning error or
inertial navigation system error occurred [16]. Wang has used
2D symmetrical laser distance sensors for automatic flight
control of UAVs in closed environments [17]. In his study,
Brockers has developed a high-precision and fast localization
method for micro-aircraft control [18]. Tarazona aimed to
develop a collision avoidance system with the aid of fuzzy
control devices and distance sensors for autonomy navigation
[19]. Aasish runned image processing algorithms on images
which are taken by UAVs, and he used PID controller for
obstacle detection and calculations to prevent collusions [20].
In the WeiLi study, he found a 3D path planning approach for
unmanned aerial vehicle navigation [21]. Jung aimed at
automatically landing of an unmanned helicopter at recognized
landing point H in yellow color [22]. Tiemann has proposed
Ultra-Wide Band (UWB) closed positioning system for
navigation in GNSS unavailable environments for UAVs [23].
In this study, image-based navigation system for UAVs are
discussed in the literature. In the second part, the general
methods used in image based navigation systems in the
literature are discussed. Details of the techniques used in
navigation systems in the literature are given via tables. In the
third part, the outputs of the simulations and real time
experimental studies obtained in the second part are examined.
The contribution of literature studies to this research area are
evaluated.

II. NAVIGATION METHODS BASED ON IMAGE PROCESSING
Image processing techniques, which are often used in fault
diagnosis, are also preferred for vehicle navigation because
image-based methods do not require any external signals and
can operate in any environment [24,25]. As is the case of fault
diagnosis, position detection systems that utilize image
processing methods are based on making sense from images
taken from the camera on the vehicles [26].
When studies in the literature are examined, 3 basic image
processing based position/path finding techniques are opposed.
The first of these is usually done by analyzing the camera
image for the indoor environment and by recognizing the
objects in the frame and calculating what kind of movements
should be done to reach the target. Secondly, it is a method of
positioning by comparing the image taken with air to the
existing recorded map images. The third is a method based on
updating the last position by subtracting from the change
between consecutive images taken from the camera,
information about which direction the vehicle is moving.
A. The Methods Based on Image Recognizing
In methods for image definition, firstly, the analysis of the
objects on the image is performed. This method is mainly used
for local navigation in closed environments. Analyzes are
performed to determine the obstacles and make an appropriate
road prediction. In addition, the studies that are carried out in
order to reach the region desired by comparing the desired
region with the instantaneous region are in this category.
Navigation systems for image recognition generally consist
of analysis, comparison, calculation and implementation steps.
The operation of these systems is given in fig. 2 as a block
diagram.
Target Image

Reference Image

Analysis

Analysis
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Calculation

Action

Fig. 2. Simple steps of image reorganization based systems [20].

B. The Methods Based on Image Matching
Image matching-based methods work with the sense of
matching the properties of previously recorded images with the
extracted properties of images taken from the camera. These
types of methods generally use a geographic information
system (GIS). When the features of the coordinates are retained
in the GIS, feature-location transformation is performed after

the detection of regions showing similarity in terms of features.
Position detection is carried out in this position basically.
In methods based on image matching, images are first
captured with the aid of the camera on the vehicle. Since the
camera coordinate system and the world coordinate system are
different, the transformation processes are first performed on
the images taken [9]. Obtaining images from UAV camera is
shown in fig. 3, and the transformation formula for it given by
(1).
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Fig. 3. Taking image from camera on UAV [9].
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(X,Y,Z) and (X',Y',Z') given in (1) represents the camera
coordinate system and real-world coordinate system
respectively. R is the change of the angle and T is the
transformation matrices. Both of them depends on the location
and orientation of camera. The block diagram of operations to
detect the location on images is given by fig. 4.
As can be seen in Figure 4, features are extracted on the
real-time captured image by predetermined methods. There are
many feature extraction and feature identification methods in
the literature [27]. When these operations are performed on the
obtained image, on the other hand the properties of the zones
included in the position range from the GIS are extracted.
Matching is searched by comparing features taken from the
image with features extracted from the image. Coordinates of
the view from the GIS, where a match is detected, gives the
location of the vehicle at which the current view is received.
C. The Methods Based on Movement Estimation
Methods based on motion estimation actualize by
calculating the direction and magnitude of the motion which is
obtained from the difference of images taken at different time
interval. In order to detect the movement from the change
between the two images, there must be a difference between
the times of retrieval of the images. If the time difference is
very small, the images will be very similar; and if it is too big,
it will cause no similarities between images. So, the optimum
value should be determined. The process of retrieving images
at different t and t+1 moments is given in fig. 5. It can be seen
in the same figure that the difference of the images taken in
different times.
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Fig. 4. The general block diagram of image matching based methods [10].

Fig. 5. The images taken at different times [9].

Although the images taken at the moment t and t+1 are
close to each other, they also contain some different regions
(fig. 6 and 7). In this case, although the images taken at two
different times contain the same regions in large amount, these
regions will coincide with the different coordinates on the
image. To estimate the movement, first images have been
transformed to coincide with common areas. Then, the changes
of the parts that represent the regions showing the same
properties, will tell us about the change in geographic location.
In this view, movements such as rotation, descent, and advance
of the unmanned aerial vehicle can be detected. The new
position is updated in the direction of analysis of these
movements.

TABLE I.

OVERVIEW OF METHODS IN LITERATURE

The Method

Hardware

Testing

GIS aided UAV Navigation

Camera

Simulation

Indoor Navigation using ANN

Camera

UAV navigation without GPS

IMU, Camera,
Optical sensor

Real-time
(experimental)
Real-time
(experimental)

UAV navigation

IMU, GPS, Camera

Reference Model
Geographic Information
Systems
ANN Based Image
Recognition

[10]
[5]

Image Mosaicking

[21]

Simulation

Image Movement Model

[4,13]

IMU, GPS, Camera

Real-time
(experimental)

Image Movement Model

[22]

IMU, GPS, Camera

Simulation

Image Mosaicking

[16]

Camera

Simulation

Image Analysis

[3]

IMU, Camera

Real-time
(experimental)

Visual-based autonomous
positioning system

[18]

Land Based Navigation Method

Radar, barometric
altimeter, lidar, sonar

Real-time
(experimental)

Digital Elevation Model

[12]

Position and Orientation Prediction
for Navigation

IMU

Simulation

Digital Elevation Map

[8,9]

Autonomous Navigation in Forest

Laser sensors, IMU,
barometer,
magnetometer

Real-time
(experimental)

Graph-based concurrent
positioning and matching

[15]

A New Positioning Method for
Navigation

2D Laser sensor

Simulation

Digital Elevation Model

[14]

UAV Navigation by
Embedded Cameras
Computer-Vision based
UAV Navigation System
Structural Pattern Recognition:
Vision-Based UAV Navigation
Autonomous navigation for
miniature UAVs

Fig. 6. The images taken at different times from UAV [8].

Fig. 7. Motion Route of UAV [8].
Many methods and applications have been developed in the
literature based on the above-mentioned foundations. In this
section, some of the studies that have been carried out in recent
years to find positions of UAV have been examined in table 1,
and in the third part the results have been detailed.

The INS (Inertial Navigation System) estimates the time
and location of a plane by integrating the current position and
speed of the aircraft with acceleration of the aircraft. The
sensors used for this purpose are called IMU (Inertia
measurement Unit). Zhang [8,9] has used these sensors to
estimate the position and orientation with the help of extended
Kalman filter (EKF). The EKF ensures that the error
accumulation is checked by looking at the analysis of video
images taken from the UAV in relation to the Digital Elevation
Model (DEM) of the flight area. The method has been tested
with the data received from the international uninterrupted map
server. In another study using this model, Eroğlu [12] created a
DEM map of the flight area with a resolution of 30m to provide
land data. The navigation is actualized by searching and
mapping the altitude values collected in the DEM of the land
under the UAV. In the study, TRN has been studied from a
military point of view and proved to work successfully on the
Tomahawk missiles.
The methods utilizing the Geographic Information System
(GIS) relies on the detection of overlapping points by
extracting properties of roads, rivers, intersections, villages,
bridges, and similar objects by comparing the real-time images
taken from UAV with information obtained from meaningful
object properties of GIS data. In his practice Duo recorded with
the GIS model to obtain the clearest locations of the images
taken by the UAV [10]. Afterwards, the feature extraction was
performed using the images taken from GIS and the images
taken from the UAV, and feature matching was performed

using the necessary points according to the reference model.
Finally, he chose the appropriate properties and map them to
the GIS model. The spatial relationship between the real-time
image and the information from the GIS and the image is
calculated to find the UAV position. Studies using image
mosaicking [16,21,28], and image motion model based
methods [4,13,18,22] have generally been supported by camera
and IMU sensor studies.
III. COMPARATIVE RESULTS
In the practice of Eckart [3], he developed a rule-based
method for recognizing visual markings such as bridge,
junctions, main roads, and etc. through the images taken by the
UAV. Flying UAV has been done using the flight simulator
and using the GoogleEarth system, as both legal obligations
and significant cost implications. Intermediate forms
representing landmarks such as land traces, ambiguous
conditions, etc. are modeled with a mixed model. The
parameters of the probability functions are predicted by the
expectation-maximization method. Tests were performed using
these estimates and the results were compared with intuitive,
optimistic, pessimistic, Bayes decision logic methods.
According to these results, bayes logic gave us the best results.
This application, which is dealt with heuristic, aims to improve
estimation probabilities by Bayes decision logic and allows to
select more optimal landmark points. Wang [4] developed a
method using Vision-Based Navigation (VisNav) methods.
After the INS, CPGPS, VisNav and sensor measurements were
combined to provide the required measurements, predictions
were made by filtering operations and the results were obtained
using the multi-sensor fusion algorithms. The results of these
simulations show that the relative navigation system of
INS/VisNav/GPS provides higher results than the INS/GPS or
INS/VisNav systems. While the most accurate results are
obtained by INS/VisNav/GPS navigation system, the lowest
accuracy is achieved in the INS/GPS navigation system.
TABLE II.

In his practice Maravall [5] has developed an approach that
uses an image-based estimator controller for autonomous
navigation of UAVs. He used the double-feed architecture
(Progressive / Feedback) as a controller and the K-NN
classification using the gray level image histogram to recognize
the land variables. The dual controller providing rotational
point recognition is evaluated on a model predicted by ANN.
Thanks to the feedback module, a control signal is obtained
from the sensor inputs. The predicted control signal is obtained
as output by a feed-forward controller based on a continuous
information acquisition process in real time during the
navigation of the UAV. This output is combined with forward
control to achieve performance advantages. Experimental
studies have been carried out for the problem of marking or
roaming in the laboratory environment.
Duo [10] presented a new vision-aided navigation system
with GIS data. When aerial images are taken, generally
scattered objects are selected and divided into 3 section which
are linear object properties, point-like object properties, and
region-like object properties. For each object property type, a
quick algorithm for drawing the object and extracting
properties is presented. A GIS model was constructed using
GIS data to prevent the fail in comparing object properties. The
simulation results show the feasibility of the proposed UAV
navigation system. It has been evaluated the applicability to the
other navigation systems.
Brockers [18] evaluated the results obtained in the so-called
'Autonomous Navigation System for Miniature UAV' based on
simulation results. In experiments, the frame rate of the camera
has been reduced to 30 Hz for all architectures. At this frame
rate, the CPU load on the Core2Duo accounted for 59% of the
total 200% (2 cores x 100%), 30% of the overall system
workload. In order to run the software at the same frame rate
on 4412 X2 and U2, the existing 400% (4 cores x 100%) has
been converted to a 31% system load resulting in 125% CPU
load. This shows that for higher-level autonomous navigation

EVALUATION OF METHODS IN THE LITERATURE

The Method with Camera

Application Type

Time Complexity

Performance

Autonomous navigation for miniature
UAVs

Indoor

7

Good

[18]

Indoor Navigation using ANN

Indoor

5

Average

[5]

UAV navigation without GPS

Indoor

6

Average

[21]

GIS aided UAV Navigation

Computing
environment

6

Average

[10]

Outdoor

5

Average

[16]

Outdoor

8

Very Good

[3]

Indoor Navigation using ANN

Computing
environment

8

Very Good

[5,14]

UAV Navigation by
Embedded Cameras

Outdoor

8

Good

[22]

Computer-Vision based
UAV Navigation System
Structural Pattern Recognition: VisionBased UAV Navigation

tasks it has similar system reserves for both architectures
(Core2Duo and 4412), but with 96% weight and 74% less
power consumption. The M-UAV was only controlled with the
position estimates in the vision-based mapping estimation
software. Wei [21] implemented SURF algorithm for image
matching. Position and x, y coordinates calculations and error
estimation are done. Then, the compensated values were
converted to pulse position modulation signals. The obstacle
avoidance uses the PID controller to calculate the response of
the detected obstacles. The default value caused the UAV to be
ambiguous. The system is set to avoid extreme errors and
instabilities.
IV. CONCLUSION
New methods and applications in the autonomous
navigation systems are developing. In this study, vision-based
navigation systems, a new method for avoiding difficult terrain
conditions and GPS signal losses, are discussed. These systems
have been investigated in three groups, namely image matching
based methods, image recognition based methods and methods
based on motion estimation. These groups have been described
in the second section and the studies mentioned in the literature
related to recent vision-based navigation methods have been
examined. In addition, the studies mentioned in the literature
have been examined in terms of the usage areas, the
infrastructure they used, indoor/outdoor applications. In the
third chapter, application performance of recent studies in the
literature are compared and necessary comparisons are made.
This article concludes that the works has been mentioned use
various environments and various methods, and each has its
advantages in their discrete areas. This work provides us a
good guide for studies that we plan to carry out and implement
in the future.
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Abstract— Time series is a set of observations taken in a

certain period of time. The time series is a sequence of equal
intervals of time. The time series can be seen in most fields
of application such as economy, environment, health,
science. The time series are applied in real time problems.
Data in these problems may be related to each other. It is
necessary to understand the base model of the data that is
issued at a certain time to analyze the data in the time series.
Estimation problems in time series are a difficult type of
estimation modelling problems. Unlike the regression
prediction model, the time series also adds to the complexity
of a set of dependencies between the input variables. In this
study, studies that analyze time series using deep learning
have been investigated. Deep learning is an emerging
discipline of machine learning, in which machine learning
extends to artificial neural networks. Deep learning
techniques have been applied in multi-dimensional data in
the literature. When the literature is examined, the images
are processed on the works using the deep learning
techniques.
Keywords— Deep learning; Time series; Information extraction;
Anomaly detection; Forecasting

I. INTRODUCTION
The time series are two-dimensional signals obtained as a
result of chronological observations. In the time series, the data
contains three important features: large data size, high size and
continuous updating. A time series is created from a series of
data points. The amplitude of a data point has a different effect
on the time series shape [1]. In other words, each data point has
its own priority value on the time series. It is also thought that
every data point is important. While a data point may contribute
to the overall shape of the time series, it may have little effect
on another data point time series, or this point may be discarded
within the time series. For example, the time series using the
financial area are characterized as head and shoulders. These
points are important for people's perception. It therefore has a
special importance on these points’ time series. Similarity and
anomaly detection studies in the time series have taken an
important place in the field of data mining [2]. The important
point of researching the similarities in the time series is to filter
the insignificant information on the time series. The important
information stored in the time series data is the motives and the
anomalies of the time series. Time-series motifs are patterns

that repeatedly arise in a long sequence of time-series data.
Time series anomalies are unusual patterns that can be thought
of as contradictory patterns in time series data.
Data mining techniques are applied in many time series such
as size reduction, classification, clustering, estimation,
motivation finding and abnormality detection in the time series
to extract information in the time series [3]. Basically, a time
series is made up of hundreds or thousands of observation data
on a regular basis. The main purpose of segmentation in the
time series is to distinguish between similar observations in the
time series and different time periods in the time series [3]. In
this way the time series is divided into a small number of
homogeneous parts, each of which is a segment. Depending on
various applications, segmentation methods can have different
purposes. The first of these aims is to restructure the time series
and divide the representation targets. The second involves
algorithms that divide the input time series into segments, based
on the changes in the characteristics of the time series in the
time series.
Time series tend to be highly correlated evoked by the
temporal structure of data. For this reason, there are many
methods developed for analyzing time series [4]. There are
many time series based approaches to analyze time series such
as Naive model, Average method, Moving Average Smooth,
Weighted Average method, Exponential smoothing, Additive
Holt-Winters method, ARMA and ARIMA models [5].
Information from time series provides benefits to users, such as
an early warning system or predicting [6]. The application of
deep learning techniques to time series data is one of the areas
of interest in recent years [7].
Many studies have been made in the literature to analyze the
time series and to obtain information. Kanarachos et al. [8]
performed anomaly detection in time series data. Hilbert
transform, neural networks, wavelets and deep learning
algorithm are used in this study. This method was shown to
automatically detect abnormalities in the Earthquake Electrical
Signal. Mehdiyev et al. [9] have classified time series based on
deep learning to plan the process with an application from the
industry. Qui et al. [10] for the first time suggests a deep
learning community of belief networks (DBN) for regression
and time series estimation. Another new contribution is to
compile outputs from various DBNs using the support vector
regression (SVR) model. Zhang et al. [11] presented the
problem of estimating the event with multivariate time series
data consisting of heterogeneous variables. In this study [11],
the event prediction task was formulated as a classification

problem with a new asymmetric loss function. In addition, a
far-end deep learning algorithm was proposed on the symbolic
representations of the time series. Ichimura and Kamada [12]
proposed a method that uses a deep belief network to analyze
time series data.
In this study, the methods developed in the literature based
on deep learning are investigated in order to detect, classify,
predict and analyze anomaly of time series data. it has been
evaluated how effective the methods in the literature are in
studying the time series using the deep learning technique. The
methods of information extraction according to different types
and components of time series have been investigated. It is
researched whether these methods are successful using deep
learning techniques. Time series data have been examined as
images with deep learning technique. Information extraction
and classification processes have been applied to these images.
II. CHARACTERISTICS OF TIME SERIES
Time series are consecutive data measured at certain
intervals according to any process. The intervals used in the
time series can be of different sizes, but they need to be evenly
split. They are usually measured at specific intervals, such as
hourly, daily, monthly and yearly. In the time series, the data
are arranged in chronological order. Each data record can
contain information about one or more features. Univariate
term is used for time series containing only single information.
Multivariate terms are used for time series containing multiple
data. The time series estimate in this context is to estimate what
future data will be using the past data [13].
The time series estimate is generated using a model to
estimate the future values of the series based on pre-observed
values. Timeline estimation plays an important role in financial,
medical, industrial control and other decision-making areas in
everyday life. A time series is a sequential set of data points,
measured typically over successive times [14]. The time series
consist of components. These components are Trend, Cyclical,
Seasonal and Irregular components.

A. Trend Time Series
The trend feature of the time series is that the general
tendency of a time series is to increase, decrease or stagnate
over a long period of time. So time-series trend is moving in the
long term. For example, the number of houses in a city and the
increase in population show an increase in trends. An example
for the trend time series is given below. As you can see, the
Trend feature shows an increasing tendency.

Fig. 1 A sample of the trend time series

B. Cyclical Time Series
Any model that shows up and down movement around a
given trend is defined as a cyclic pattern. The time of a return
depends on the type of business being analyzed or the industry
[15]. An example for the cyclical time series is given in Fig. 2.

Fig. 2. A sample of the cyclical time series

C. Seasonal Time Series
Seasonality occurs when the time series shows regular
fluctuations in the same month (or months) or every quarter of
the same year. Seasonality is always of a fixed and known
period. An example for the seasonal time series is given in Fig.
3.

Fig. 3. A sample of the seasonal time series

D. Irregular Time Series
Irregular component is unpredictable. Each series has some
components that cannot be predicted to be transformed into a
random variable. In the estimates, the goal is to "model" all the
components to the point where the unexplained single
component is the random component. An example for the
irregular time series is given in Fig. 4.
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Fig. 5. Hybrid forecasting model Deep Learning approach [16]

III. TIME SERIES FORECASTING METHODS USING DEEP
LEARNINGS
Many operations such as estimation, information extraction,
anomaly detection and classification are performed on time
series data. Thanks to these operations, it is possible to check
whether the system works as expected by examining the time
series data generated by the operation of a system. There are a
number of studies in the literature to classify the data in the time
series, to extract information, to detect anomalies and to
estimate them. In these studies, there are many techniques used,
and studies which applied Deep Learning technique which is
popular in recent years. Some of these studies are compared in
this study. One of the studies mentioned is that of Coelho et al.
[16]. In this study [16], a new parallel technique was designed
to learn the time series obtained from the intelligent sensors.
Each different part of the time series was treated as a different
thread. And the method proposed model Hybrid metaheuristic
was added. This study [16] was applied to home electrical
demand forecasting and mini/micro grid forecasting problems.
The basic idea of this work [16] was based on the independence
of the training rounds created by different GPU threads. The
hybrid forecasting model Deep Learning approach proposed in
this study is shown in Fig. 5. Suggested GPU deep learning
strategy shows that it is scalable, as the number of time series
training rounds increases.
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Fig. 4. A sample of the irregular time series

The Special Operator in Fig.5 returns the average values of
all active functions, namely activations. Additionally, the
metaheuristic calibration algorithm is able to regulate the size
of the layer, adding or removing functions [16].
Guo et al. [17] used a local prediction approach on time
series data. The forecasting process of the local model is shown
in Fig. 6. The similarity between the time series and the
prediction model of the recombination samples were derived
from the Deep Extreme Learning model (DELM) [17].

Function
calculates

The Time Series Data

Forecast result

Fig. 6. Local prediction model [17]

The local model based on DELM in the time series data is
summarized as Fig. 7. The Hybrid Euclidean distance between
the two groups of time series is calculated. This distance
measure is also the distance between the two groups of time
series for the hybrid Euclidean measure the similarity of the
trend between the two groups of the rising or falling [17].

et al. [20] were used Deep Belief network and nonlinear kernelbased parallel evolutionary SVM for complex problems in
terms of classification. In this study [20], time series data of
mobile robot navigation and early warning system were
processed. Hong and Yoon [21] used IOT sensors to sleep
sensing devices. A hybrid of Deep Belief Network (DBN) and
Long Short-Term Memory (LSTM) was used to classify time
series data obtained from these sensors [21]. Sorkun et al. [22]
were performed by using deep learning to predict the time
series on solar radiation. This work focuses solely on statistical
time series. The purpose of this study was to evaluate whether
the deep learning on the time series of solar radiation is
appropriate. The time series data used is given in Fig. 9.

Fig. 7. Local model based on DELM [17]

Gharehbaghi and Linden [18] proposed the Deep TimeGrowing Neural Network (DTGNN) to learn the cyclical
content of the stochastic time series. For improved performance,
the learning was different levels of the DTGM combine
supervised and unsupervised methods. In this approach [18],
time series derived from biological signals were used. It was
employed by a multiscale learning structure to classify cyclic
time series (CTS), in which the dynamic contents of the time
series were preserved in an efficient manner. The effect of the
Fig. 9. Daily horizontal solar irradiation [22]
DTGNN on the classifier's performance was statistically
Morabito et al. [23] proposed a deep learning-based method
validated by repeated random sub-sampling using different
CTS sets from different medical applications [18]. Architecture for the classification of hair-depth EEG records of Mild
Cognitive Impaired and Alzheimer's disease Patients. After a
of the DTGNN for cyclic learning in [18] is shown in Fig. 8.
preliminary study on EEG records, a Deep Learning approach
was used to separate the time series into three different
Deep Time Growing Neural Network
categories. 12 inputs were created by applying an attribute
extraction on the time series data [23].
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DTGNN is based on learning cyclic time series. The first
stage of the learning process is the preliminary stage. The
outcomes of this level of learning constitute the input layer of
the TGNN proposed for the cyclic learning. The learning
process is performed at the input layer to select proper dynamic
characteristics and in the middle and output layers for the
quantification. In the third level, the outcomes of the TGNN are
employed by a binary classifier after the statistical processing
[18]. Korczak and Hernes [19], applied the Deep Learning to
estimate financial time series data. This implementation was
performed in H2O platform. The Deep Learning H2O Agent
runs in two modes: Learning mode and forecasting mode. Jiang

IV. EXPERIMENTAL RESULTS
The data obtained from the time series are used in many
areas. Health, industry, intelligent systems, warning systems
and so on. A lot of time-series data is used. It is important to
examine the time series data and produce meaningful results
from this signal. These signals can be used to obtain
information such as information extraction, anomaly detection,
classification, and so on. Many methods applied to time series
signals are available in the literature in order to obtain these
results. But a lot of convenience has been provided by applying
deep learning techniques to time series. The parameter A in
Table 1 stands for an advantage and the D parameter means a
disadvantage.
TABLE I
ADVANTAGES AND DISADVANTAGES OF DEEP LEARNING FOR TIME SERIES

Study
[16]

Explanation
With the GPU deep learning strategy, as the
number of time series training rounds
increases, the scalability of the system is
ensured.

A
X

D

[8]

[9]

[12]

[24]

[18]

[19]

[25]

[20]

[26]

As the number of attributes to be estimated
increases, the total performance decreases.
Contribution to the detection of anomalies
on the time series is represented a unique
neural network structure to reconstruct
normal behavior.
The anomaly detection method is based
solely on signals that define the normal
behavior of the system. But with deep
learning, online learning has become easier
and system adaptable.
Deep learning is quite effective for
applications with fewer abnormalities.
The effect of real time data on the detection
of steel surface defects has become less
significant with deep learning
Time series data were classified, this data
was trained by the deep learning method as
an image. But a sufficiently high
performance has not been achieved.
High success has been achieved by training
deep belief networks in estimating the
closing price, the highest price and the
lowest price of the stock.
Cyclical time series learning has been
improved with deep learning method. It
gives flexibility to maintain the dynamic
content of the CTS.
When the error rate in the time series
estimation problem is compared with the
other models, there is a significant decrease
in learning when learning deeply.
The change of high level patterns affects
the sense of continuity as pattern
recognition applications have raw data in
the time series.
The deep learning technique can learn
effective nonlinear features for evolutions
of the system without prior knowledge.
DBNs have higher modeling capacity than
shallow networks when considering
networks with the same parameters.
Forecasting performance is improved using
deep learning when traffic flows in
transport systems are predicted.

X
X

X

X
X

X

been applied in such fields as classification of time series and
anomaly detection. It is aimed to educate meaningful
information from the signals by training time series signals with
deep learning. There are many studies done in this context. A
system that is trained with deep learning can be used in the field
of time series since it can be adapted to many fields. A lot of
convenience has been gained in the time series in which
knowledge is extracted with deep learning. Some of those:
 As the data size increases, the system can continue to
classify correctly,
 The classification error rate is lower than other methods,
 It is very effective for applications requiring
customization,
 Make it easy to learn online,
 It successes regression and time series data sets,
 Learn nonlinear features without prior knowledge,
 High modeling capacity.
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Abstract— Human physical activity recognition using inertial
sensors has become very popular in ubiquitous computing and has
enabled many applications in different areas such as healthcare,
military, security and entertainment. In this study, we create a
dataset by using the single tri-axial accelerometer embedded in
Android mobile phones. Our aim is to achieve a user- and
platform-independent application that would be able to recognize
eleven human physical activities without requiring any additional
hardware infrastructure. To create a user-independent
application, six different participants consisting of three females
and three males with different weight and height, have been
employed in order to collect the data. Following the data collection
phase, eight types of features are extracted from the tri-axial
accelerometer data. Subsequently, four different classification
techniques, namely k-Nearest Neighbor (kNN), Random Forest
(RF), Naïve Bayes Classifier (NBC) and Support Vector Machines
(SVM) have been used in order to classify the activities. The
experimental results show that the RF classifier achieved the best
classification performance, with an average accuracy rate of
99.6%, which is obtained from a male participant’s (Omer), while
SVM achieves the worst accuracy rate.
Keywords—activity
recognition;
smartphone
sensing;
accelerometer; mobile phone; machine learning; ubiquitous
computing

I. INTRODUCTION
Smartphones have evolved rapidly over recent years. These
include various powerful sensors such as GPS receivers,
microphones, cameras, digital compasses, light and
temperature sensors, magnetometers and accelerometers. Since
mobile devices have many features, such as easy device
portability, small size, humble sensing provided by its inertial
sensors, high online computation rate and low cost, they have
become an essential part of daily human life [1]. Due to these
advantages, mobile applications are more useful than the other
well-known wearable human activity recognition alternatives
that use special-purpose devices or on-body sensors for human
activity recognition [1]. Especially, mobile inertial sensors may
be used in medical, military and security applications that
monitor user activities in real time.

In this study, we focus on nine possible daily activities
(walking, ascending stairs, descending stairs, sitting, eating,
standing, running, driving and lying). Then we implement a
method to recognize these activities by using tri-axial cell
phone accelerometers. Since the Android operating system is
open-source, free, easy to program and expected to become
more popular, Android-based mobile phones are considered
appropriate for use in human activity recognition [2]. Therefore,
we chose an Android-based smart phone as the platform for
collecting the inertial accelerometer data. Acceleration values
are measured from the x, y and z axes belonging to each activity
stored in the dataset by using the Apache Cordova [8]
application developed for the Samsung Note 5 device. Then, a
new dataset is generated in order to transform the accelerometer
data to features based on 200 raw accelerometer samples, and
seven different features are extracted using a Java application.
Among the most popular classification methods, the kNN, RF,
NBC and SVM are applied to this new dataset and the method
that could achieve the most accurate classification rate is
determined.
The remainder of this paper is organized as follows: in
Section II, a literature review related to human activity
recognition by using an inertial mobile sensor is presented. In
Section III, the method including data collection, feature
extraction, data transformation and classification phases are
described. The experimental results obtained by classification
methods are presented in Section IV. Finally, the main findings
of this study and planned future works are summarized in
Conclusion section.
II. RELATED WORK
At present, given the popularity of mobile internet and
smartphones, context awareness plays a more important role in
the development of science and technology and has contributed
to the development of many areas such as activity recognition,
fall detection, environmental perception and so on [3].
Especially, human activity recognition by using inertial sensors
has become a very common research area both in academia and
industry.

Zhu et al. [3] proposed a location-free method by using
similarity of activity. Therefore, this study used an Android
smartphone in order to realize a location independent technique.
Three tasks were performed in this study. First, human motion
and experimental data were analyzed; then, the calculation and
use of similarity of activity recognition was explained. Finally,
the experiments were performed on a database that included
five activity classes of acceleration data that were collected in
three types of body locations (clothes pocket, waist and trousers
pocket). The experimental results showed that activity
similarity used as a feature for activity recognition could
increase recognition accuracy by 6.63%. Especially, similarity
metrics calculated by using Euclidean and Manhattan distances
were effectiveness in activity recognition.
Zhang et al. [4] proposed a developed compressed sensing
and sparse representation-based approach for activity
recognition by using wearable inertial sensors. Nine daily
activities were effectively recognized for 14 participants. The
maximum accuracy rate was obtained as 96.1%. When the
proposed method was compared to conventional methods such
as NBC, SVM and kNN, it could be seen that the proposed
method was approximately 6.7% more successful.
Gupta and Dallas [5] utilized a body worn wireless
accelerometer in order to present an accurate activity
recognition system for patient monitoring. This system
attempted to classify patient gait events into six activities and
transitional events by using a single waist-mounted tri-axial
accelerometer. Additionally, the system implemented a ReliefF and sequential forward floating search technique for feature
selection. The study concluded that the activity recognition
results achieved an overall accuracy rate of 98% by using NBC
and kNN individually. In another study [6], an improvement on
the Minimum Distance and the kNN classification algorithm,
called Clustered kNN, was used to eliminate the computational
complexity of kNN by creating a smaller training dataset. By
using Clustered kNN, the confusion matrix for each activity
was presented, and the classifier exhibited its worse
performance when it classified walking as running or standing.
Nevertheless, an overall performance of approximately 92%
was achieved.
III. MATERIALS AND METHODS
Our study aimed to distinguish eleven daily activities such
as walking, ascending stairs, descending stairs, sitting, eating,
standing, running, cooking, driving, biking and lying. Since a
smartphone is used in the experiments, the selection of the basic
motion activities is noted. The tri-axial accelerometer of the
smartphone is used for data collection. An Android application
that runs on a Samsung Galaxy Note 5 smartphone was
developed for the data collection stage (Fig. 1). This application
has a simple interface, which can be controlled easily by an
ordinary user. The x, y and z axis acceleration data have been
collected in 15 ms and 40 ms time intervals.
The user can select their own name from a user list and the
type of activity, he/she can control starting and stopping the
data collection. When the user pushed the stop button, the
accelerometer data and time (milliseconds) are saved into a

CSV file. In this study eleven types of activity data are collected
by ten participants. During the experiments, the Cordova
application is executed on a smartphone attached to the user’s
wrist.
After the data collection stage, the accelerometer data that is
saved to a file is transformed into new features. A Java console
application is developed in order to generate these features. In
the Java application, the data is read from the file into rows.
Feature extraction is realized by using 200 records for each type
of activity. When one type of activity had less than 180 records,
it is excluded from sampling. Each generated feature is written
into a new file with corresponding ID, user name and the name
of the activity.
In the data transformation stage, a total of 22 features are
generated and excluded the ID and user name; however, there
are eight basic features without x, y, z axis values. The number
of features generated for each axis (i.e. average, norm, smallest,
biggest, standard deviation, average absolute difference, zero
cross and correlation coefficient) are detailed in Kirkan et al.
[7].

(a) main screen

(b) activity selection window

Fig. 1 Apache Cordova application used for data collection

IV. EXPERIMENTAL RESULTS
In this study, two types of performance are evaluated. One is
the general classification performance, whereas the other is the
effect of male-female distinction, which investigated the
overall performance evaluation separately, unlike the approach
followed in our previous study [7]. The accuracy rates of the
machine learning techniques applied to the datasets are
obtained through monitoring the six participants and the
average performance classification is shown in Table 1.

TABLE I
OVERALL BEST PERFORMANCE CLASSIFICATION ACCORDING TO PARTICIPANT

Participant

Omer
Tugay
Isil
Fatma
Ramazan
Ayşe
Average

SVM

82,4
82,3
81,3
80,1
79.5
79,0
80.8

NBC

98,5
97,6
96,3
94,2
93,2
95,2
95,8

RF

99,6
99,1
97,4
94,5
93,4
92,1
96,0

kNN

98,5
94,4
90,4
91,9
92,2
88,5
92,6

While the best classification result is achieved by RO, the
best result among participants is obtained from Omer’s dataset
with an accuracy rate of 99.6%. When the RO technique is
evaluated on an individual basis, Omer, Tugay, Isil, Fatma,
Ramazan and Ayse are ranked from high to low according to
the accuracy rates. In general, the RO technique had the best
accuracy rate, while the accuracy rate of SVM is the lowest.
This situation is also observed in the study by Kirkan et al. [7].

obtained by classifiers (close to 50%), it is observed that
male/female discrimination cannot be done with selected
features. Effect of selected features on male/female
classification can be observed by checking Fig. 2 which shows
feature values for walking patterns of one male and one female
participant.
V. CONCLUSION
In this study, the accurate classification of nine daily
activities is attempted by using smartphone accelerometer data.
Especially, frequently repeated activities in daily life are
preferred during activity selection in order to contribute to lifescience applications. The recognition operation of activities is
realized via an application that could be executed on
smartphones due to their easy use in daily life.
The study results can be categorized as follows: overall
classification performance and investigation of male and
female distinction. For the first objective, the RF technique
provided the best accuracy rate of 99.6%. The ascending stairs
and descending stairs activities are confused with each other
because of the similar motions entailed in these activities. For
the second objective, a gender-based dataset is formed in order
to identify distinctive features between males and females, such
that male and female participants are flagged in the dataset and
subjected to classification techniques. It is shown that these
flagged datasets provided values that are very close to each
other. It is also detected that these features are not distinctive
values because of the close values obtained in this context.
In future work, we plan to use the new features obtained
from different sensors in order to clearly distinguish between
the activities of ascending and descending stairs. We also plan
to discover distinguishing traits for females and males and
achieve the successful classification of a person’s gender based
on the collected data.
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Abstract—Breast cancer has been one of the leading causes of
death related to cancer especially in women around the world.
Pathology has been used to perform breast cancer diagnosis
using histology microscopy glass slides. Recent progress in deep
learning has enabled faster and more accurate computerized
microscopy medical image analysis. Deep learning presents
machine learning tools with sparse representations to discover
semantic information from natural high dimensional data. Deep
neural networks such as Convolution Neural Networks (CNN)
are machine learning techniques that have presented state-ofthe-art performance by automatically learning hierarchical
feature representations from high dimensional natural data. This
is contrary to other techniques that perform classification using
handcrafted features from domain-specific knowledge. In this
article, a deep learning approach for the Hematoxylin and eosin
stained breast histology microscopy image recognition is
presented. Data augmentation techniques are implemented to
reduce the problem of overfitting and parameters of the used
CNN model are fine tuned for better performance in the image
classification task.
Keywords— Deep Learning, Convolution Neural Network,
Histopathological Image Classification, Breast Cancer Diagnosis.

I. INTRODUCTION
Cancer is one of the diseases predicted to increase rapidly
and impact over 1.5 million women each year [1]. Breast
cancer is one of these cancer types that not only occurs in
women but also occurs in men. Globally, one out of every
four women with cancer in the world has breast cancer [2] and
incidence rates have been increasing by about 0.5% annually
since 1990 [3].
Pathologist use breast tissue biopsies to assess the
microscopic structure and elements of the tissue [4]. The
assessment is then followed by a microscopic image analysis
to determine the extent of spread (stage) and type of the
disease [5]. This is done to assist the doctor in prescribing the
best kind of treatment to the patient [6]. However, studies
indicate that patients remain untreated as a result of a
misclassification for certain breast cancer types [7].
Additionally, patients’ infection data for diagnosis and

prognosis is becoming larger and would be inefficient to
process this data manually [8].
Medical imaging techniques are used for the early detection,
diagnosis, and treatment of diseases [9], [10]. An early stage
in medical imaging is tissue section staining with
Hematoxylin and Eosin (H&E) that provides permanency with
reasonable differentiation of nuclei from the cytoplasm [11],
[12]. This provides a clear observation of the infected and
normal cells from the tissue extract for microscopy analysis.
The specimen from stained glass slides can then be captured
by accurate high resolution digital slide scanners into Whole
Slide Images (WSI) files [13], [14] for long term storage and
future image analysis [15].
These technologies provide digital pathology experts with
computer assisted technologies for less labor-intensive, less
time-consuming and less error-prone solutions over manual
processes [16]. The images obtained from the scanners can be
used by machine learning models for various medical analysis
processes such as cell segmentation, tissue segmentation and
classification [17-21].
Classical machine learning techniques rely on data
representations and not on raw images. Hence, constructing
classifiers from these techniques would need domain expertise
and sophisticated feature engineering methodologies [8]. On
the other hand, deep learning techniques provide expressive
models that can automatically learn complicated relationships
from raw data through feature learning and even perform
better than hand-crafted feature engineering techniques [8],
[9],[22].
Deep learning has achieved high performance in a variety
of artificial intelligence tasks such as brain image
segmentation, mitosis detection, nuclei detection, tissue
segmentation and other generic computer vision tasks [23]. In
digital pathology, high dimensional microscopic image data
contain complex patterns as a result of large variations in
patients’ specimen acquisition and data preparations. In spite
of these complexities, deep learning techniques can still learn
abstract hierarchical feature representations in a self-taught
manner to discover hidden data structures.

In this paper, the Convolution Neural Network (CNN)
architecture is proposed for a supervised classification
problem of the H&E stained breast histology microscopy
images. The deep learning model possesses non-linear hidden
layers to classify the images into normal, benign, in
situ carcinoma and invasive carcinoma. One of the primary
challenges in this analysis is the limited number of training
samples. To overcome this limitation, data augmentation
techniques with deep learning training strategies have been
proposed for classifying breast histology microscopy images.
II. RELATED STUDIES
Brook et al. (2007) presented a fully automatic method for
breast cancer diagnosis based on microscopic biopsy images.
The multi-class SVM method used generic features and
statistical learning algorithms that were based on level-set
statistics of the images. The suggested system generated
decisions with rejection and demonstrated its viability with a
3-class classification of the images as healthy tissue (normal),
in situ or invasive carcinoma [24].
Zang (2011) presented a 3-class classification of
microscopic biopsy images for breast cancer diagnosis. The
classification system was made up of an SVM classifier and a
Multi-Layer Perceptron (MLP). The MLP classifier ensemble
was focused on the rejected samples from the SVM ensemble
using the microscopic biopsy images dataset obtained from
the Israel Institute of Technology [25].
A CNN model is proposed by Araujo et al. (2017) for the
classification of H&E stained breast biopsy images. They
proposed a four-class (normal, benign, in situ carcinoma and
invasive carcinoma) classification and two-class (carcinoma
and non-carcinoma) classification of the breast biopsy images.
During preprocessing they obtained 70000 patches from the
250 training images. The CNN model was used to extract
features from the images. The CNN had a 512 x 512 x 3 input
layer. The extracted features from the layers were used to train
an SVM classifier that enabled the authors to achieve
accuracies of up to 77.8% in the four-class image
classification task [4].
Fuyong Xing et al. (2017) presented a computerized
microscopy image analysis survey with machine learning
techniques. The authors discussed issues such as high
dimensional images available in pathology, automated image
interpretation using deep architectures, insufficient and
inconsistent image data labelling and the future trends in
microscopy image analysis using deep learning models [8].
Geert Litjens conducted a survey and review of deep
learning algorithms for medical images analysis. The survey
includes deep learning for image classification, registration,
object detection and segmentation. The authors highlight the
lack of large training data sets, and class imbalance of the
abnormal class in medical imaging [26].
III. DATASET DESCRIPTION
The dataset is composed of 400 H&E stained breast
histology microscopy images from the 15th International
Conference on Image Analysis and Recognition (ICIAR-2018)

grand challenge on Breast Cancer Histology (BACH) image
dataset. These images have been grouped as normal,
benign, in situ carcinoma and invasive carcinoma as shown in
Figure 1 where each group is made up of 100 images. The
image dataset is composed of 2048×1536, RGB and
uncompressed tiff (Tag Image File Format) images. These
images are acquired with pixel scale of 0.42μm×0.42μm with
the assumption that they are obtained from different patients
[4], [27].

(a)

(b)

(c)

(d)

Fig 1. Sample images normal (a), benign (b), in situ carcinoma (c) and
invasive carcinoma (d) H&E stained breast cancer biopsy tissues. These
images are part of the BACH ICIAR 2018 challenge image dataset [28].

IV. PREPROCESSING
Data augmentation and resizing are proposed in the
preprocessing stage. Firstly, data augmentation techniques
artificially enlarge datasets for training deep learning models.
This creates a larger amount of images required to train a deep
model in order for it to attain good performance [29]. This can
be done by image transformations such as mirroring and
rotations. Other data augmentation techniques include
cropping and adding noise to the original image [30], [31].
Secondly, training deep models with large size images
would require a lot of computing resources. Therefore, image
resizing - a scaling operation that transforms the original set of
image coordinates to a new set of coordinates - can be used to
reduce the dimensions of the input images [32], [33]. An
image can be resized with least peak signal to noise ratio and
higher structural similarity index for a variety of applications
if good interpolation techniques are selected [32], [34].
V. CONVOLUTIONAL NEURAL NETWORK
A CNN is made of one input layer, one or more
convolution and pooling layers, one or more fully connected
layers and an output layer. The convolution layers filter inputs
for useful hierarchical abstract information while the pooling
layers are added to feature maps that handle translation or
rotation invariance thus reducing sensitivity of the output and
the model’s memory consumption [35-37].
The backpropagation algorithm is used to train the CNN
model where a gradient descent search is performed to find
the set weights that minimizes the error [35]. For an image set
( )
p at training epoch t, the desired output
( ) , where
= 1..N(L) denotes the output node number and

( )

is the actual output. The error E is computed as Eq(1):
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(
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CNN experimental training results have recently been
obtained with new techniques such as good initialization
schemes (for faster convergence) [38], [39], deep rectifier
networks (for better performance by creating sparse
representations for labeled and naturally sparse data) [40],
batch normalization (to handle changing distribution of each
layer’s input) [41], dropout (to reduce over-fitting) [42] and
softmax loss classifier networks (that are more robust due to
their gentler non-linearity) [38], [43]. Utilizing these strategies
can greatly increase the performance of a CNN. Additionally,
parallel programming with GPUs, sparse representations (to
uncover semantic information), increasing model complexity
and increasing training samples are also ways that can greatly
improve the performance of a CNN [37], [43], [44], [45], [46].
VI. EXPERIMENTS
Firstly, the large capacity tiff images are converted to more
manageable jpg images. Image sharpness is adjusted to 100
percent to make the edges of mid tone colors to be more
distinct. 1536 x 1536 pieces are cropped from the 2048 x 1536
images at (0, 0), (256, 0) and (512, 0) image coordinates as
shown in Figure 2. This is a 1:1 ratio square dimension that is
large enough to hold a good number of representative cells in
each digital image slide. Rotational invariance (at 0o, 90o, 180o
and 270o) and flipping images (horizontally and vertically)
geometric transformations are then applied to artificially
enlarge the image data set from 400 to 7200 images. Finally
these images are resized to 256 x 256 pixels that are sufficient
for GPU array memory capacity during training of the model.
The model is made up of an image input layer, 5
convolutional layers, 2 fully connected layers and an output
layer as shown in Table I. Zero center normalization is applied
to the input layer to ensure that they have approximately the
same scale by subtracting the mean image from the training
set [47]. The non-linearity Rectifier Linear Units (ReLU)
( ) = max(0, ) are applied since they improve training
time in neural networks [29].

Fig 2. The proposed cropping technique of the 2048x1536 images

Cross validation is implemented to validate the stability and
assess predictive performance of the CNN. This method is
selected since it is low on bias and variance when checking

the model’s performance on the test data set. 5 folds are
selected where 80% training data is split in each fold and the
rest is kept for testing. The training set is further split to set
aside 10% of the images for the validation dataset in each
class label.
TABLE I
PROPOSED CNN MODEL FOR THE CLASSIFICATION OF BREAST HISTOLOGY
IMAGES

Layer
Input
Convolution

Characteristics
256x256x3
96 7x7x3, Stride 3 Padding 0
ReLU
5 channels per element

Cross Channel
Normalization
Pooling
Convolution

128 5x5x96 Stride 1 Padding 2

Cross Channel
Normalization
Convolution

384 3x3x128 Stride 1, Padding 1

Convolution

192 3x3x384, Stride 1, Padding 1

Convolution

128 3x3x192, Stride 1, Padding 1

Pooling
Fully Connected
Fully Connected
Output

Max Pooling 3x3 Stride 2
ReLU
5 channels per element
ReLU
ReLU

ReLU
Max Pooling 3x3 Stride 2

Neurons - 4096

ReLU and Dropout (0.5)

Neurons - 4

Softmax loss Classifier
4 (Benign, Invasive, Insitu, Normal)

The proposed CNN is trained with a minimum batch size of
20 using Nvidia Geforce GTX 680 GPU and Intel core i7 16
GB CPU hardware platforms. Dropout is applied in the first
fully-connected layer to temporarily set the output of hidden
neurons with probability 0.5 during training. Dropout prevents
the neural network units from too much co-adapting thus
significantly reducing over-fitting and improves performance
of the network [29], [48]. A global learning rate of 0.001 was
applied for all the hidden layers in the network. The network
uses stochastic gradient descent with a momentum to train the
network with a maximum of 40 epochs where each epoch has
259 iterations.
VII.
RESULTS AND DISCUSSION
The CNN network architecture learns primitive features
such as edges and blobs in the initial hidden layers. The
consecutive higher layers learn more abstract representations
specific to the classification tasks. Currently there only exist
theoretical perspectives to mathematically justify the success
the deep learning models in the classification of natural image
task [8].
The images are supplied to the CNN for training and the
progress recorded as shown in Figure 3. Accuracy is used as a
measure for evaluating the performance. This is done by

calculating the mean of the correctly predicted classes with
their actual classes. Five folds selected from the 400 images
before data augmentation is applied and results recorded as
shown in Table II. The test image set selection is done
sequentially where the first fold contains the first 20 patient
images for each class and the next fold contains the next 20
images for each class in that order until all images are tested.
TABLE III
RESULTS OF THE FIVE FOLDS FOR TRAINING THE CNN MODEL WITH NO DATA
AUGMENTATION APPLIED

Accuracy (%)
Validation
56.25
53.13
53.13

Fold
1
2
3

Training
83.68
78.13
70.14

Testing
53.75
36.25
51.25

4

80.21

43.75

50.00

5
Average

71.53
76.74

53.13
51.88

50.00
48.25

According to Table II, the mean of the training, validation
and testing accuracies are obtained as 76.74%, 51.88% and
48.25% respectively. After data augmentation is applied, the
7200 images obtained are used and the results recorded as
shown in Table III.
TABLE IIIII
RESULTS OF THE FIVE FOLDS FOR TRAINING THE CNN MODEL WITH DATA
AUGMENTATION

Fold
1
2
3

Training
100.00
100.00
100.00

Accuracy (%)
Validation
97.57
95.31
93.40

Testing
61.74
59.65
59.62

4

99.98

96.01

55.69

5
Average

100.00
100.00

95.52
95.56

80.56
63.45

According to Table III, the mean of the training, validation
and testing accuracies are obtained as 100.00%, 95.56% and
63.45% respectively. This shows a significant improvement in
performance of the CNN model after data augmentation is
applied on the images.

Fig. 3. A sample of the training progress of the CNN model

The data augmentation techniques implemented enabled
training of the CNN model with a sufficient number of images.
The numbers of medical images provided were artificially
increased from 400 images to 7200 images by applying
cropping, rotations and flipping techniques on the original
images.
During training the error rate was progressively minimized
and almost flattened with fewer spikes after 6000 iterations in
the 24th epoch. This means that the model have accurately
learned to classify the raw images correctly.
VIII.
CONCLUSION
Digital pathology offers benefits over labor-intensive, timeconsuming and error-prone manual processes. In this paper, a
deep learning CNN model for the classification of H&E
stained breast histology images has been proposed. Data
augmentation techniques have been successfully used to
increase the image dataset for training the CNN model. High
training accuracies of up to 100%, mean validation accuracies
of about 95.56% and mean testing accuracies of about 63.45%
has been achieved. Future works include investigation of a
deep learning architecture as an automatic feature extractor,
from the raw images for a classical machine learning classifier
such as nonlinear SVM. This will enable automation of a
pathologist’s tasks with faster and higher accuracies for new
image sets through utilization of artificial intelligence.
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Identification of yeast species is necessary to understand their
sources and routes of contamination and to control of yeast
fermentation. Many of studies have used phenotypic or
genotypic methods to identify yeasts ([8], [16], [20], [24]).
Genotypic methods produce more reliable results when
compared to phenotypic methods. Among the genotypic
methods, HRM analysis has recently become preferred and
popular method due to the production of rapid, simple and
accurate results[7].
High resolution melting (HRM) analysis is an effective
DNA fragment analysis that performed after PCR for mutation
scanning, sequence matching, genotyping, and identification of
microorganism. HRM analysis is conducted using the shape of
HRM curve and melting temperature (Tm). Tm is the
temperature point at which the half of double-strand DNA is
separated to single-standard DNA and is the peak of the first
derivative of HRM curve. It is an effective value that used in
many areas of HRM analysis ([7], [27], [28]).
Clustering of yeasts usually has been performed based on a
visual analysis of HRM or hierarchical clustering in many
studies. However, the analysis becomes more difficult as the
number of samples increases [24]. Because of this reason,
automatic clustering and identification techniques become
important. This study focuses on clustering of Tm values of
yeast dataset using DBSCAN and hierarchical clustering
Keywords— Clustering, DBSCAN, Hierarchical Clustering, Yeast
methods.
Species, Melting Temperature, High Resolution Melting Curve.
The rest of the paper is organized as follows: Section 2
presents related works. Section 3 introduces DBSCAN
I. INTRODUCTION
algorithm and hierarchical clustering algorithms. Section 4
Yeasts are one of the most important members of the
presents the experimental results and Section 5 presents the
microbial ecosystem. They play crucial role in the various area,
conclusions and future works.
such as regulation of carbon fluxes between the biosphere and
the atmosphere, balancing of pH of atmosphere, decomposing
II. RELATED WORKS
of dead animal or plant ([22], [23], [29]). In addition, the
Conventional techniques for the characterization of yeasts
microorganism has beneficial and harmful effects on foods.
can
be broadly categorized as phenotypic and genotypic
While some of the yeast species are used in the production of
methods.
The phenotypic methods are based on biochemical
fermented foods such as alcoholic beverages and bread some of
and
physical
properties, while the genotypic methods are
the yeast species causes food spoilage or yeast infection.
widely based on molecular methods ([7], [16]).
Abstract— Yeasts are an important part of the nutrient cycle.
They take in the role in decompose dead material, nitrogen
fixation etc. in the ecosystem. Yeasts have both beneficial and
detrimental effects on foods. Some of them are used to produce
fermented foods while some of them considered as a potential
spoilage microorganism that leads to great economic losses.
Moreover, the opportunistic yeast strains became an increasingly
serious threat to public health for individuals with compromised
immune systems. To prevent harmful effects of yeast and to
understand their role in yeast- borne fermentation species-level
differentiation and identification are needed. However,
identification of yeast using traditional method is a challenging
and time-consuming task. High Resolution Melting (HRM) is
rapid and powerful post PCR analysis method that can able to
differentiate microbial species based on their DNA sequence. In
this study, we compared the performances of clustering
algorithms on HRM curve dataset of yeast species. For the
comparison, we used density-based clustering algorithm of
DBSCAN, which discovers clusters in noisy large datasets, and
hierarchical clustering algorithms which are single linkage,
complete linkage, and average linkage. We created a yeast library
which includes Tm (Melting Temperature), which is peak point of
derivative HRM, of 320 strains belonging to 40 species for 8
different DNA target fragment. Experimental results showed that
DBSCAN algorithm is more effective than hierarchical clustering
algorithms on clustering dataset of yeasts.

*For correspondence. E-mail: fozgeozkok@erciyes.edu.tr

In literature, phenotypic methods have been used many
studies. For example, matrix-assisted laser desorption
ionization time of flight mass (MALDI-TOF) spectrometry was
used to identify yeasts at the species level in several studies
([2], [5], [19], [25]). Infrared Fourier Transform (IFT)
spectroscopy was also used to identify yeasts [18]. Suzzi et al.
used phenotypic and genotypic methods to analyze yeasts
which are obtained from Water-Buffalo Mozerella cheese. In
the phenotypic analysis of the study, the growth kinetic
parameters were conducted by gas chromatography, while the
genotypic analysis of the study was performed using
polymerase chain reaction (PCR) [26]. Corsetti et al. used
phenotypic and molecular techniques to identify lactic acids
and yeasts [3].
In recent years, genotypic techniques have become popular
due to the drawback of phenotypic methods due to long
analysis time and unreliable results ([27], [28]). Diosma et al.
identified yeast species, which are isolated from kefir grains,
using molecular-genetic methods including whole-cell protein
pattern, internal-transcribed-spacer amplification, and analysis
of restriction-fragment–length polymorphisms ([6]). Kurtzman
used the DNA sequence for identification of spoilage yeasts
which are obtained from food and beverage [17]. Arancia et al.
used HRM curve to identify Candida species [1].
In the literature, there are several automated methods.
ScreenClust software can be used to analyze the HRM datasets
using both unsupervised and supervised techniques, such as
LDA, PCA, and k-means. The software is applied for mutation
scanning and SNP genotyping [24].
DBSCAN is a clustering algorithm that works on varied
density and noisy dataset ([4], [21]). Hierarchical clustering
algorithm is a well-studied algorithm in the literature for
analyzing biological datasets ([9], [15]).
In this study, we compared clustering performance of
DBSCAN and hierarchical clustering algorithms on HRM data
of spoilage yeasts obtained from foods.
III. METHODS
In this section, DBSCAN and hierarchical clustering
algorithm explained.
DBSCAN discovers clusters and noises on large and noisy
datasets using user-given input parameters of MinPts and
Epsilon (or Eps). Epsilon is the neighbor distance of a point,
and MinPts is minimum number of points within Eps neighbor.
The algorithm of DBSCAN is given in Alg.1. Detailed
information about DBSCAN can be found in ([10], [11], [12])
A point in the dataset can be three types when clustered with
DBSCAN algorithm: core point, border point, noise point.
Core point is a point which has more than MinPts in the in the
neighborhood of Eps. Border point has less than MinPts in the
neighbor of Eps but a point in the neighborhood of Eps is a
core point. If p is not a core point and is not a border point, it
is called as a noise point ([11], [12]).

ALG.1 DBSCAN CLUSTERING ALGORITHM

Inputs:
D: dataset
Eps: neighborhood distance
MinPts: minimum number of points
Output: Clusters
Algorithm:
1. Select a point, p
2. Retrives all points density-reachable from p with respect
to Eps and MinPts
3. If p is a core point, points assigned as a cluster
4. If p is a border point, visits next point in dataset
5. Continue until all points have been visited.
6. Discover the clusters using core and border points.

Hierarchical clustering algorithms represent clusters with a
dendrogram based on their similarity level. The algorithm
begins by assuming each point as a cluster and continue to
merge closest clusters based on their similarities until all points
are grouped as a single cluster. Each hierarchical clustering
algorithm uses a different similarity measure. Single linkage
algorithm uses the minimum distance between clusters (Alg. 2).
Complete linkage considers the maximum distance between
clusters. Average linkage uses average distances between the
points of the clusters. Detailed information about hierarchical
algorithms can be found in ([11], [14], [22]).
ALG.2 SINGLE LINKAGE HIERARCHICAL CLUSTERING ALGORITHM

Input:
D: dataset
Output: dendrogram
Algorithm:
1. Compute similarity/proximity matrix
2. Assign each item to a cluster
3. Find closest clusters
4. Merge these clusters into one cluster
5. Compute distances between new cluster and other
clusters
6. Repeat between step 3 and step 5 until all of the items in
dataset clustered as one cluster

IV. EXPERIMENTAL EVALUATION
In this section, we present the results of our experimental
evaluation. Experiments were conducted on an Intel Core i7
2.4 GHz computer with 8 GB RAM. Experiments were
performed to answer the following four questions:
• What is the effect of MinPts parameter on the performance
DBSCAN algorithm?
• What is the effect of Eps parameter on the performance of
DBSCAN algorithm?
• What is the effect of the hierarchical clustering similarity
method on clustering the dataset?
• What is the effect of branch numbers on the performances
of hierarchical algorithms?

A. Dataset
In this study, we used 320 yeast strains belonging to 40
species which were obtained from the yeast culture collection

of the Food Engineering Department of Erciyes University
(Table1). After PCR targeted 8 different DNA fragments of
approximately 140-260-bp
bp length on 16S rRNA and 26S rRNA
genes HRM and Tm values were produced by LightCycler®
96 System (Roche Diagnostics)([9], [15]).
TABLE 1: SPECIES IN DATASET

Number
Yeast Species
of Strains
Aureobasidium pullulans
3
Candida zeylanoides
15
Candida diversa
3
Candida ethanolica
5
Candida glabrata
4
Candida intermedia
5
Candida membranifaciens
3
Candida sake
4
Debaryomyces prosopidis
10
Debaryomyces hansenii
5
Dekkera anomala
5
Hanseniaspora guilliermondii
5
Hanseniaspora opuntiae
5
Hanseniaspora uvarum
Kazachstania exigua
Kazachstania naganishii
Kazachstania servazzii
Kluyveromyces lactis
Kluyveromyces marxianus
Kregervanrija fluxuum
Meyerozyma caribbica

15
3
5
8
9
15
5
3

Meyerozyma guilliermondii

10

Pichia fermantans
Pichia kluyveri

28
12

Pichia kudriavzevii

16

Pichia manshurica

8

Pichia membranifaciens
Saccharomyces cerevisiae
Saccharomycopsis schoenii
Saccharomycopsis vini
Saturnispora
Schwanniomyces
pseudopolymorphus
Starmerella bacillaris
Torulaspora delbrueckii
Ustilago hordei

20
9
5
4
5

Wickerhamomyces anomalus
Wickerhamomyces
subpelliculosa
Yamadazyma sp
Yarrowia lipolytica
Zygosaccharomyces bailii

20

5
5
10
5

10
5
5
3

Origin
pickle
pickle, cheese, me
meat
brine
vinegar
sour cherry
meat, brine
cherry
cheese
meat, cream
cheese
vinegar
grapes
meat
brined vine leaf,
strawberry
strawberry, apple
meat
cheese
cheese
cream, cheese
meat, cream, yogurt
vinegar
Tea
brined vine leaf, cherry
meat, cranberry, cream,
pickle, yogur
yogurt, olive
orange, pickle, olive
brined vine leaf, grapes,
pickle, olive
brined vine leaf, grapes
brined vine leaf,
cranberry, sour cherry,
tomato paste, olive
yogurt, bread
cranberry
loquat
cheese
brined vine leaf
mulberry
peach, cheese
pickle
brined vine leaf, orange,
pickle, olive
brined vine leaf, tomato
paste
cherry
cream
cranberry

HRM curves were generated by measuring fluorescence
accumulation occurred due to the temperature increase from
75°C to 95°C at 0.03°C/s
°C/s increments (Fig. 1). In Table 2, an
example set of Tm values for 8 primers are given for four
species. In the dataset,
aset, 38 curves of HRM and values of Tm
were labeled as noises because of the experimental errors.

Fig. 1 Sample HRM curves in dataset
TABLE 2: SAMPLE TM IN DATASET

Primer
sets/Species
Esr1- Esr2
FzgF- FzgR
MnF- MnR
MY3F- MY3R
SSf1-SSr1
NL1- LS2
U1-U2
CH12f-CH12r

Candida Candida
Pichia
Pichia
sake
zeylanoides kudriavzevii fermantans
86.28
83.14
81.56
79.81
81.69
81.81
83.92
81.18

84.91
83.38
81.29
79.36
84.05
81.38
81
81.79
80.96

90.74
87.88
84.12
84.17
85.14
87.29
89.10
89.20

93.13
87.97
85.28
84.73
85.29
87.95
91.03
90.23

B. Experimental Results
1.

The Effect of MinPts Parameter on the
Performance of DBSCAN Algorithm
In this experiment, we evaluated the effect of MinPts
parameter on clustering accuracy of DBSCAN algorithm. In
I
the experiment, for different MinPts and Epsilon sets, we
evaluated the performance of DBSCAN algorithm. The value
of MinPts parameter was set to as 1,2,3 and the value of Eps
parameter was set 0.28 to 0.38 by 0.02. In Fig2. the x-axis
shows the varying Epsilon values and the y-axis shows the
clustering accuracy. In the figure, each colour represents a
MinPts value. The best clustering accuracy of DBSCAN is
87.4% for k=1, 82.5% for k=2,
=2, 76.4% for k=3. As seen in Fig.
2, when the clustering accuracy decreases
d
as the value MinPts
increases.

3.

Effect of Hierarchical Clustering Similarity
Methods on Clustering the Dataset
In this experiment, we evaluated the effect of hierarchical
clustering similarity methods on clustering our dataset. In Fig.5,
clustering accuracies of single linkage, complete linkage, and
average linkage methods are presented. Note that, for each
method, the number of branches is set to 45, the clustering
accuracy of hierarchical clustering algorithms were found as
77.96%, 80.78%, and 79.84% for single linkage, complete
linkage, and average linkage methods, respectively.

Fig. 2. Effect of MinPts parameter on clustering accuracy

2.

The Effect of Eps Parameter on the Performance of
DBSCAN Algorithm
In this section, we evaluated clustering performance of
DBSCAN for different Eps values with same MinPts value.
The value of Eps parameter was set 0.28 to 0.62 by 0.02, and
MinPts parameter was set to 1. In Fig. 3, the effect of Eps
parameters on a number of clusters is presented. When Eps
equals to 0.28 and 0.62 43 and 34 clusters were obtained,
respectively.

Fig. 5 Effect of hierarchical clustering similarity methods

4.

Effect of Number of Branches on the Performances
of Hierarchical Clustering Algorithms
In this experiment, we evaluated the effect of the number of
branches on clustering accuracy of the hierarchical clustering
algorithm based on complete linkage method. The best
clustering accuracy is 80.78 % for k=45, the worse accuracy is
17.23 % for k=5. As can be seen, as the number of branches
increases, the clustering accuracy increases (Fig. 6)
Fig. 3 Effect of Eps parameter on number of clusters

In Fig. 4, the effect of Eps parameters on clustering accuracy
is presented. The best clustering performance 87.36% is
obtained for Eps=0.28, and the worse clustering performance is
80.86% obtained for Eps=0.46 to Eps=0.62.

Fig. 6 Effect of number of branches in hierarchical clustering

5.

Fig. 4 Effect of Eps parameter on clustering accuracy of DBSCAN algorithm

Comparing of Performances of DBSCAN and
Hierarchical Clustering Algorithms
In this experiment, we evaluated the clustering
performances of DBSCAN and hierarchical clustering
algorithms. In Fig 7 presents the dataset for 8 primes. Each
color represents a species. Fig. 8 presents the clustering result
of DBSCAN algorithm and Fig. 9 presents the clustering
result of hierarchical clustering based on complete linkage
The best clustering accuracy of DBSCAN is found as 87.36%

for MinPts=1 and Eps=0.28,
=0.28, the best clustering accuracy of
hierarchical clustering is found as %80.78 for MinPts=1 and
Eps=0.28
=0.28 for complete linkage for the number of branch 45.
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Abstract— 
Hyperspectral images (HSI) are composed of hundreds
of spectral bands and cover wavelengths from the near-UV to the
short-wave-IR. Even if they contain rich information that cannot
be captured by other technologies, the resulting high-dimensional
data may contain redundant and irrelevant information. On the
other hand, as the dimensionality of hyperspectral data increases,
computational burden and complexity of prediction models become
a challenge during traditional processing techniques. In order to
prevent such flaws, dimensionality reduction and removing
misleading information are crucial steps before any specific task.
Various techniques have been developed to reduce the effects of
high dimensionality and data redundancy. One of these most
popular feature extraction methods is Principal Component
Analysis (PCA), however, its components are not always suitable
for classification task and does not eliminate anomalies which will
be seen at one arbitrary band. In this paper, our aim is to make a
comparative study of traditional dimension reduction techniques
and Spatial-Spectral Schroedinger Eigenmaps (SSSE), a nonlinear
dimension reduction technique. Their performances are evaluated
by common classification methods with different hyperspectral data
sets and the results have shown that accuracy and time
consumption are effectively improved by SSSE compared to PCA.

 hyperspectral imaging, dimension reduction,
Keywords—
classification, principal component analysis

I. INTRODUCTION
Over the last few years, hyperspectral imaging introduced
significant movement with the technological developments in
hyperspectral sensors that collect images in hundreds of
spectral bands at the same time with the region of wavelengths
from the near-UV to the short-wave-IR. The collected data is
used for direct identification of surface materials in a wide
variety of remote-sensing fields [1].
In contrast to conventional images (e.g., RGB or MSI) that
have a few spectral bands, processing HSI is a hard task
because of some practical limitations [2]. Traditional image
classification methods can be insufficient for hyperspectral
data since the large number of spectral bands which obtained

by hyperspectral sensors, make model parameter estimation
difficult. On the other hand, the obtained high-dimensional
data may contain redundant and irrelevant information and
using this information may cause decreasing our abilities in
classifying land cover types [3].
In HSI, the number of training samples increases as the
dimensionality of feature space increases with the number of
bands for accurate image classification. However, collecting
ground truth data is labor intensive, time consuming and
expensive. Therefore, the dimensionality reduction (DR) is
thought a necessary step to improve the accuracy of
classification [3].
Principal component analysis (PCA) is one of the widely
used dimension reduction techniques due to its low
complexity and absence of parameters. It computes orthogonal
projections that maximize the amount of data variance using
eigenvalues and provide a dataset in a new unrelated
coordinate system [4]. However, this rotational transform
cannot conserve all useful information to yield a good
classification and may not be an effective approach for
hyperspectral image analysis. In order to overcome these
issues, we focus on Spatial-Spectral Schroedinger Eigenmaps
(SSSE) algorithm that is developed by Cahill et al. [5], in this
paper. SSSE is a different generalization of The Laplacian
Eigenmaps (LE) algorithm for dimensionality reduction in
hyperspectral imaging. It is an efficient graph-based technique
and implements non-diagonal encoding spatial proximity to
the Laplacian matrix of the original graph which contains
spectral proximity information [5] .
In this paper, we provide a comparative study of dimension
reduction techniques in hyperspectral imaging and focus on
comparing the effects of principal component analysis (PCA)
and Spatial-Spectral Schroedinger Eigenmaps (SSSE). In the
following sections, the PCA and SSSE are described, and the
experimental results are presented respectively. We performed
the experiments on publicly available hyperspectral images

(Salinas-A and Indian Pines). A subset of the ground-truth
labels of these images are utilized for learning classifiers and
predicting class labels from the SSSE and the PCA
reduced-dimension data. The reduced dimension is increased
one by one and the classification results are compared
according to the number of dimension.
II. MATERIAL AND METHODS

A. Hyperspectral Image Dataset
The experiments were conducted on two publicly available
hyperspectral data sets, named Indian Pines and Salinas-A.
First dataset was collected by AVIRIS sensor over the Indian
Pines site in Northwestern Indiana. It contains 145 times 145
pixels and 224 spectral reflectance bands. However, the
number of bands is reduced to 200 by deleting water
absorption bands: [104-108], [150-163], 220. The scene
contains sixteen classes. Particularly, two-thirds of classes are
about agriculture, and one-third are about forest or other
natural perennial vegetation. Also classes contain two major
dual lane highways, a rail line, as well as some low density
housing, other built structures, and smaller roads [6].

(a)

(b)

Fig.1 One sample band of Indian Pines dataset (a) Ground-truth of Indian
Pines dataset (b)

Salinas-A dataset is a small subscene of Salinas image that
comprises 86*83 pixels of the same scene [samples, lines] =
[591-676, 158-240]. The data includes 6 classes [7].

spectral data. For this reason, applications of hyperspectral
image processing can require dimensionality reduction to
ensure a well-conditioned representation of data, eliminate
highly correlated bands and improve classification time.
Dimension reduction can be thought as a transformation from
a high order dimension to a lower order without loss of critical
information. Two dimension reduction techniques are
presented above used in the study.
1) Principal Component Analysis:
PCA is commonly used dimension reduction technique in
T
data analysis that seeks a linear transformation y→ = W x→
m
n
→
→
where x ∈ R , y ∈ R and m > n , from a high-dimensional
space ( m ) to lower dimensional subspace ( n ) with a
maximum variance of data in the projected subspace. The
optimal projection subspace is determined by the eigenvectors
corresponding to the largest eigenvalues of the covariance
matrix of the original data [8].
2) Spatial-Spectral Schroedinger Eigenmaps:
Spatial-Spectral Schroedinger Eigenmaps (SSSE) is a
different generalization of the Laplacian Eigenmaps (LE) [9]
algorithm for dimensionality reduction that fuses spatial and
spectral information of hyperspectral imaging. in contrast to
LE, it uses knowledge of spatial proximity between pixels
instead of knowledge of particular class labels and based on
non-diagonal potentials encoding spatial proximity to the
Laplacian matrix of the original graph.
1.
Construct an undirected graph G = (X , E) whose
vertices are the points in X and whose edges, E,are
defined based on proximity between the spectral
components of the vertices.
2.
Define weights for the edges in E based on spectral
information.
3.
Define a cluster potential matrix V that encodes
proximity between the spatial components of the
vertices:
k

V = ∑

∑

i=1 xj ∈ N ep (xi )

V

(i,j)

p

.·γi,j . exp( −

p

2

‖xi − xj ‖
σp2

)

p

where N e (xi ) is the set of points in χ whose spatial
components are in an ∈ − neighborhood of the spatial
components of xi [5].
(a)

(b)

Fig.2 One sample band of Salinas-A dataset (a) Ground-truth of Salinas-A
dataset (b)

B. Dimensionality Reduction
Recently, hyperspectral imaging has become popular
technology. However, hyperspectral images may contain huge
amount of abundant and misleading information in the dense

C. Classification
Two different dimension reduction techniques are applied
to the hyperspectral data sets. The number of dimensions are
increased iteratively from 3 to 30. After the dimensionality of
hyperspectral datasets is reduced, each pixel is classified into
categories, for instance, woods, crops, etc., and the results are
compared with ground truth data. Classification results are
presented for each dimension of two data sets.
The classification step is done by using Matlab PRTools
toolbox developed by Delft University of Technology (freely

available at http:// prtools.org/) with 6 well-known classifiers:
ADABoost classifier (ADABOOSTC), Bayes classifiers
(linear discriminant: LDC and logistic linear discriminant:
LOGLC), Discriminative restricted Boltzmann machine
classifier (DRBMC) and Minimum least square linear
classifier (FISHERC), K-Nearest Neighbor Classifier (KNNC)
[10].
III. EXPERIMENTAL RESULTS
In the study, Principal Component Analysis (PCA) and

Spatial-Spectral Schroedinger Eigenmaps (SSSE) algorithms
were used to perform dimensionality reduction and then
classification step was applied to lower-dimensional Indian
Pines and Salinas-A hyperspectral datasets. The classification
accuracies were found by ten-fold cross validation for each
number of dimensions and classifier. The overall classification
accuracy (the percentage of correctly classified samples) was
used for performance evaluation. To determine even fewer
number of dimension, we iteratively increased the number of
dimensions from 3 to 40 at classification.

Fig. 3 presents classification results of Indian Pines
data set according to the number of dimensions by applying
SSSE. The maximum classification accuracy of 97.57% is
obtained by KNNC exploiting the 35 features. On the other
hand, LOGLC classifier sharply decrease due to the curse of
dimensionality. The accuracy of classifiers is expected to
increase while adding more number of dimensions than 40.
As shown in Fig. 4, the maximum classification
accuracy of 77.62% is produced with 17 features. The results
show that classification performance is superior for
lower-dimensional Indian Pines data by SSSE to PCA.

Fig. 5 Classification results for Salinas-A image after dimensionality
reduction by SSSE

The classification results of Salinas-A data set are
presented in Fig 5 and Fig 6. As seen from the results, the
classification accuracy of 96.88% for lower-dimensional data
via SSSE is achieved by KNNC. However, dimensional
reduction by PCA shows better performance for relatively
small Salinas-A dataset and the highest accuracy of 99.83% is
providing by LOGLC.
Fig. 3 Classification results for Indian Pines image after dimensionality
reduction by SSSE

Fig. 4 Classification results for Indian Pines image after dimensionality
reduction by PCA

Fig. 6 Classification results for Salinas-A image after dimensionality
reduction by PCA

V.
CONCLUSIONS
In this paper, a comparative study performed for
dimensionality reduction for hyperspectral imaging. PCA is
preferred as one of comparison methods due to its popularity,
simplicity and ease of use. The other method Spatial-Spectral
Schroedinger Eigenmaps that is based on Schroedinger
Eigenmaps and provides trading off relative effect of the
spatial versus spectral
information the dimensionality
reduction process. The classification experiments on two
publicly available hyperspectral images show that the PCA
may not perform better with multi-class and highly correlated
distributions. However, the SSSE exhibits much better
performance than the PCA with the idea of representation of
the images in the lower-dimensional including spatial
information.
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Abstract— Data mining and analytics are vital in industrial
projects such as quality assurance and improvement, yet it is a
quite challenging task due to complex structures of industrial
data and processes. Discrimination and classification are two
critical tasks of data mining in industrial applications.
Discrimination attempts to separate distinct sets of items while
classification attempts to allocate new items to predefined
groups. Discrimination based on Gaussian Mixture Models
(GMMs) are one of the probabilistic approaches in which
subgroups of an overall population can be successfully modeled.
The popularity of Gaussian Distribution based approaches arises
not only from its highly desirable computational properties, but
also from its ability to approximate many naturally occurring
real-world data. On the other hand, in recent years, techniques
based on Artificial Neural Networks (ANNs) have been
developed and found to be well suited for discrimination and
classification. In this study, the success of GMM vs. ANN will be
compared to each other through an industrial data set. An
industrial data set consisting of thermal camera readings around
compressors of four different types of refrigerators is analyzed.
Three different classification methods i.e. ANNs, multivariate
mixture Gaussian distribution with a full covariance matrix (full
GMM), and multivariate mixture Gaussian distribution with a
diagonal covariance matrix (diagonal GMM) are used and
compared in terms of their discrimination efficiency. Using the
rate of erroneous classification (misclassification) as the
comparison criteria, it has been found that GMMs can be as
successful as ANNs. The contour plots of the models created by
each method are illustrated and compared to each other to
discuss potential capabilities of the methods. Finally, these
methods are evaluated in terms of ease of use, training etc. from
the point of view of the industrial practitioners.
Keywords— Artificial Neural Networks, Gaussian Mixture
Models, Classification, Discrimination, Data Mining

I. INTRODUCTION
Data mining is an interdisciplinary subject which can be
defined as the process of discovering patterns and knowledge
from large amounts of data [1, 2]. In industry, the term data
mining is used to refer to the entire process of knowledge
discovery.
Patterns are physical representations of signals, images or
simple tables of values. Often patterns are referred to as

objects, cases or samples [3]. Pattern recognition is the study
of how machines can observe environment, learn to
distinguish patterns of interest from their background, and
make sound and reasonable decisions about the categories of
the patterns [4]. The goal of pattern recognition research is to
develop ways and means of automating certain decisionmaking processes that lead to classification and recognition
[5].
Given a pattern, its recognition/classification may consist
of one of the following two tasks: 1) supervised classification
(e.g., discriminant analysis) in which the input pattern is
identified as a member of a predefined class, 2) unsupervised
classification (e.g., clustering) in which the pattern is assigned
to a previously unknown class. There are two typical goals of
discrimination and classification: 1) Data description to find
“discriminants” that best separate groups, 2) Data allocation to
put new objects in groups via the “discriminants”.
The recognition problem can be handled as a classification
or categorization task, where the classes are either defined by
the system designer (in supervised classification) or are
learned based on the similarity of patterns (in unsupervised
classification) [4].
There are mainly two ways of a pattern recognition: as a
black box whose inside cannot be clearly understood and as a
transparent box whose construction reveals the structure of the
pattern. Accordingly, it is common practice to divide pattern
recognition into sub-categories, such as structural, statistical,
and neural approaches. Structural representations are
traditionally consistent with single instances of patterns while
statistical approaches generalize instances under a more
general representation, and finally, neural approaches are
black boxes [6]. Many of the state-of-the-art machine
learning-based models (mostly neural networks) act as blackboxes once deployed.
Considering the sub-categories, Multivariate Gaussian
models are among the statistical approaches whereas Artificial
Neural Networks are among the neural approaches.
Discrimination based on Gaussian Mixture Models (GMMs)
are one of the probabilistic approaches in which subgroups of
an overall population can be modeled. The popularity of

Gaussian Distribution based approaches arises not only from
its highly desirable computational properties, but also from its
ability to approximate many naturally occurring real-world
data. On the other hand, in recent years, techniques based on
Artificial Neural Networks (ANNs) have been developed and
found to be well suited for discrimination and classification.
There exists previous research that integrates Gaussian
mixtures into neural networks (e.g. [7]). Moreover,
comparison of ANNs to logistic regression models for various
purposes also exist in prior research (e.g. [8]). However,
research that compares performance of GMM and ANN for
discrimination purposes is scarce.
In this study, the success of GMM versus ANN are
compared to each other through an industrial data set
consisting of thermal camera readings around compressors of
four different types of refrigerators. Three different
classification methods, i.e., ANNs, multivariate mixture
Gaussian distribution with a full covariance matrix (full
GMM), and multivariate mixture Gaussian distribution with a
diagonal covariance matrix (diagonal GMM) are used and
compared in terms of their discrimination efficiency. Using
the rate of erroneous classification (misclassification) as the
comparison criteria, it has been found that GMMs can be as
successful as ANNs.
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The covariance matrix, , gives the variance of each
variable (dimension) along the leading diagonal and the offdiagonal elements measure the correlations between the
variables. |Σ| is the determinant of the covariance matrix Σ.
The equation for estimating a covariance matrix is:
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Bivariate Gaussian pdf's belong to the class of elliptically
contoured distributions [6]. The contour plots of Bivariate
Gaussian distributions with diagonal covariance matrix (the
off-diagonal correlations are zero) can be only aligned along x
or y axis as seen in Figure 1.a whereas those with full
covariance matrix (off-diagonal terms are non-zero) can be
aligned along any angular direction as shown in Figure 1.b.
(a)

II. METHODS

A. Multivariate Gaussian Models
In a typical pattern recognition research, features from
known observations, i.e., a training set, are provided and
based on these observations required statistics are established
for recognition of unknown observations. A class of patterns
is typically represented as a probability density function (pdf)
of features. In order to achieve a successful recognition,
finding the suitable pdf estimate is critical. The shape of many
pdf's are somehow restricted and thus, the search turns into the
problem of fitting the restricted model to observed features [6].
The multivariate normal distribution, i.e., the Gaussian
distribution, is certainly one of the most well-known and
useful distributions in statistics, playing a major role in many
areas. If there exists no prior knowledge of a pdf of a
phenomenon, only a general model can be used and the
Gaussian distribution is a good candidate for this general
model [6].
The one-dimensional Gaussian probability distribution has
the following form:
| ,

=

1

√2

−

−
2

where the parameters of the model are its mean µ and
variance σ2.
The one-dimensional Gaussian can be extended to the
multivariate (multi-dimensional) case. In general, the ddimensional Gaussian distribution is parameterized by a mean
vector, =
,…,
and a covariance matrix, = σ ,
and has a probability density:

(b)

Fig. 1 A two-dimensional Gaussian pdf and contour plots: (a) Gaussian with
diagonal covariance matrix (the off-diagonal correlations are zero) and (b)
Gaussian with full covariance matrix (off-diagonal terms are non-zero)

B. Gaussian Mixture Models
It is previously stated that multivariate Gaussian pdfs
provide efficient representations of features and successfully
discriminate between different classes in many practical
applications. However, the assumption of single component
causes stringent requirements for the feature characteristics.
For multimodally distributed features the unimodality
assumption can cause an unacceptable error to the estimated
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pdf and as a result can lead to faulty discri
crimination between
classes.
Considering these potential errors, in ord
order to approximate
more complex pdf's a more general mode
del, such as a finite
mixture model, must be used. Therefore, complex
co
probability
density functions can be approximated us
using finite mixture
models [6].
Mixture models can approximate a wide
ide variety of pdf's,
therefore, they provide superior solutio
tions when simple
function structures, such as one dim
imensional normal
distribution, fail to provide proper approx
oximation. Gaussian
Mixture Models (GMM), which use two or more Gaussians to
approximate the distribution, have been standard
sta
practice for
initial modeling in areas that deal with larg
large datasets [2]. In
many studies the classification performa
mance of Gaussian
process classifiers has been shown to be sup
superior compared to
other algorithms [5].
The GMM probability density functionn can
c be defined as a
weighted sum of Gaussians:
4

-; / = ( 01 ' -; 23 ,
1,

5

where 01 is the weight of cth component
nt or also known as
the mixing proportions. Each Gaussian density
d
is called a
component of the mixture and has its own mean and
covariance, 23 , 5 , respectively. A Gaussia
sian mixture model
probability density function is complete
etely defined by a
parameter list [6]:
/

60 , 27 ,

, … , 01 , 23 ,

C. Artificial Neural Networks
Neural network or Artificial
al Neural Networks (ANNs) are
information processing models inspired by the way biological
nervous systems process inform
rmation. The novel structure of
its information processing syste
stem is the key element of this
model [4].
Inspired by the nervous systems,
sy
neural networks are
comprised of a large numbe
ber of highly interconnected
processing elements, i.e., neur
urons, working in harmony to
solve particular problems [4].. Accordingly, they have the
ability to learn quantitative relationships between input
(independent, predictor) varia
riables and the corresponding
output (dependent, outcome) variables
va
[9]. Therefore, neural
networks are configured for a specific application, such as
pattern recognition or data clas
lassification, through a learning
process [4].
Learning is achieved by training
tr
the network with a
training data set consisting off iinput variables and the known
or associated outcomes [9]. Networks
N
are programmed to
adjust their internal weights
ts based on the mathematical
relationships identified between
een the inputs and outputs in a
data set. Once a network has bbeen trained, it can be used for
pattern recognition or classific
fication tasks in a separate test
data set [9]. A simple represen
sentation of a neural network is
illustrated in Fig 3. Briefly, train
raining data are fed into an input
layer of neurons, information is processed into a few (middle)
hidden layers, and results comee out
o of an output layer [10].
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An example of Gaussian mixture mode
del pdf is shown in
Figure 2.

Fig. 3 Basic ANN
A
architecture

The main characteristics off nneural networks are that they
have the ability to learn com
omplex nonlinear input-output
relationships, use sequential training
tr
procedures, and adapt
themselves to the data. ANNs
Ns provide a new collection of
nonlinear algorithms for feature
ure extraction and classification
[4]. Recent advances in neural
al network-based
n
(deep learning)
models result in outstanding accuracies
ac
in a variety of fields
[10].
Mathematically, a neuron k can be described by the
following equations [11]:
Fig. 2 Surface of two-dimensional Gaussian mixture
re model pdf with three
components and its corresponding contour plots.

9:
=:

;

( ?:<
<,
,

<

> 9: @ A:

where < 's are the inputs and ?:< 's are the weights of the
neuron k, and 9: is the linearr combiner
c
output due to input
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signals. > ∙ is the activation function and A: is the bias of
the activation function and finally =: is the output signal of
the neuron.
There are two main types of neural networks: deep neural
network and shallow network. Deep neural network has two
or more hidden layers as opposed to shallow neural networks
that usually have only one hidden layer. If there are more than
ten layers, then it is called very deep learning. Additional
layers make it possible to extract data features from the lower
layers, i.e., to extract features from features, which creates the
potential to model complex data with fewer neurons than in a
shallow network [12]. In this study, deep neural networks are
employed to achieve the classification of the industrial data.
III. ANALYSES AND RESULTS
In this study, the success of GMM vs. ANN are compared
to each other in terms of their discrimination and classification
abilities (power). In order to achieve this, a two dimensional
industrial data set consisting of thermal camera readings
around the compressors of four different types of refrigerator
models is used. The data consists of 447 observations. There
are two input variables, i.e., two thermal camera readings, and
each observation belongs to one of four classes (models) of
refrigerators to be classified using the trained models.
Specifically, three different discrimination methods, i.e.,
ANNs, multivariate mixture Gaussian distribution with a full
covariance matrix (full GMM), and multivariate mixture
Gaussian distribution with a diagonal covariance matrix
(diagonal GMM) are used and compared in terms of their
discrimination efficiency. All of the analyses are conducted
using MathWorks' MATLAB software.
In order to achieve the goal of the research, first, a training
data set which consist of 80% of the whole data is randomly
selected within the industrial data set. The remaining of the
data (i.e. remaining 20%) is assigned as the test data. Both
GMMs and ANNs were trained by the training data, and each
model is tested through by means of the test data. As a result,
discrimination and classification through ANN, full GMM and
diagonal GMM for four different refrigerator types is achieved.
The contour plots of the four refrigerator models created by
each method are illustrated and compared to each other to
discuss potential capabilities of the methods. Contour plots
attained via diagonal GMM, full GMM and ANN for four
different refrigerator models are provided respectively in
Figure.4.a, Figure.4.c, and Figure.4.e.
A sample contour plot using diagonal GMM with three
Gaussian components for each different refrigerator models is
shown in Figure.4.a. As can be seen, even though each
Gaussian component can only align horizontally or vertically,
because of existence of three Gaussian components, the
overall contour plots of each refrigerator type effectively fit
the data. A sample contour plot using full GMM again with
three Gaussian components for each different refrigerator
models is shown in Figure.4.b. As it can be seen, because each
Gaussian component can align in any direction, the overall
contour plots of each refrigerator type more successfully fit
the data. However, it will be discussed that full GMMs have

convergence issue in training phase. Finally, a sample contour
plot using ANNs with 20 hidden neurons is shown in
Figure.4.c. As seen, ANNs are quite successful in achieving
any shape of distribution, thus in fitting the data.
In order to determine the performance levels for three
different methods, misclassification rates are used as the
comparison criteria. Monte Carlo simulations with 100
iterations for each method in Table.1 are conducted to
compute average misclassification rates. In each iteration,
each item in the test data are attempted to be classified via the
models obtained in training phase. Sample classification
schemes are shown in Figure.4.b, 4.d and 4.f for diagonal
GMM, full GMM and ANN respectively. Darker symbols
represent the misclassified refrigerator items.
ANN is found to be the method which yields the lowest
misclassification rate as seen in Table 1. However, the
difficulty in using the ANN is to find the optimum number of
hidden neurons. Once the practitioner is not capable of
assigning an optimum number of hidden neurons, then the
performance of ANNs are dramatically reducing. The second
method in terms of lower misclassification rate is the full
GMM with three components. However, considering the noisy
structure of the industrial data, it is observed that this model
has a severe convergence issue in training phase. The third
method in Table.1 is the diagonal GMM which has a less
convergence issue yet a similar performance with respect to
full GMM. To avoid convergence issue in GMMs, the number
of Gaussian components can be reduced to two components.
However, as seen in Table 1, this situation will reduce the
classification performance of the models.
TABLE I
MISCLASSIFICATION NUMBERS AND CLASSIFICATION ACCURACY FOR ANN,
FULL GMM AND DIAGONAL GMM

Method

Average
Misclassification
rate

Artificial Neural
Network

% 21.04

Full GMM
(3 components)
Diagonal GMM
(3 components)

% 21.54
% 21.56

Full GMM
(2 components)

% 23.95

Diagonal GMM
(2 components)

% 24.39

Description
Difficult to find the
optimal number of
hidden neurons
High convergence
issue in training
Low convergence
issue in training
No convergence issue
yet reduced
performance
No convergence issue
yet reduced
performance

(a)

(b)

(c)

(d)

(e)

(f)

Fig. 4 Contour plots attained via training data a) diagonal GMM, c) full GMM and e) ANN for four different refrigerator models; classification of test data via
trained models, b) diagonal GMM, d) full GMM and f) ANN

V. CONCLUSION
Complex distributions can be well approximated through
mixture models as well as ANNs. In this study, diagonal
GMM, full GMM and finally ANNs are compared to each
other via an industrial dataset. From a practical or industrial
point of view, the use of ANNs can be somewhat difficult. For
industrial practitioners, attaining the necessary experience to
use ANNs efficiently can be quite costly in terms of time and
financial resources. However, once the practitioner become an
expert in using ANNs, it is quite sure that he or she will obtain
better results in industrial data mining. However, in this study
it is also discussed that the organizations which may not prefer
using ANNs can obtain significant achievements by properly
using GMMs.
In general, neural network methods are seen as to have
learning complexity issues, and these methods often
considered as a black box, and most of the rules for building a
neural network model are empirical rather than theoretical
[13]. Computational burden required for model development
and its tendency to over-fitting are sometimes regarded as
disadvantages of ANNs [9]. On the other hand, usage of
neural networks for discrimination purposes has a number of
advantages as it requires less formal statistical training, has
ability to completely detect complex nonlinear relationships
between dependent and independent variables, has ability to
detect all possible interactions between predictor variables,
and has the availability of multiple training simultaneously [9].
Finally, organizations or companies must consider all these
tradeoffs carefully to achieve successful data mining in their
processes.
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Abstract— Local binary pattern (LBP) is a simple and effective local
texture descriptor. LBP-based methods have achieved outstanding
performance in texture recognition problems. Because of the success
on the texture analysis, it has been used several problems such as
biomedical image analysis, face image analysis and image retrieval.
In this paper, we investigate the performance of basic LBP that have
spiral topology in face recognition problem. We firstly divide face
images into several regions and apply spiral topology-based LBP to
each region. The generated LBP features from each of the subimages are concatenated for the final feature vector. Then Linear
Regression Classification (LRC) that is successfully applied for face
recognition is used for the classification process. Our experimental
results in two face databases, namely AR and ORL, show that spiral
topology-based LBP method can improve classification accuracy.
Keywords— Face recognition, Local binary pattern, Linear
regression classification

I. INTRODUCTION
Feature extraction phase is one of the most important process
of recognition problems. Local Binary Pattern (LBP) is one of
the powerful descriptor which is firstly used for texture
recognition in [1]. In basic LBP, square topology is used for
generating LBP code but it is extended to circular topology in
[2]. Other variant of LBP is proposed by [3]. An elliptical
neighbourhood topology is used to exploit anisotropic
structural information for a face recognition system. In [4],
different shapes such as ellipse, circle, parabola, hyperbola, and
Archimedean spiral are tested to determine the locations of
neighbourhoods. LBP code is calculated with different
encodings. According to this work, proposed quinary encoding
with elliptic neighbourhood performs the best with the medical
image databases. In [5], uniform and basic LBP that have
Archimedean spiral topology (SLBP) is used in texture
classification. Performances of several classification methods
such as Linear Discriminant Analysis (LDA), Linear
Regression Classifier (LRC), Support Vector Machines
(SVM), Chi-square test, and G-test are compared using these
features in texture classification. According to the experiments,
best recognition rate is obtained with using SLBP features and
LRC method [6] which is commonly used in face recognition
[7 - 9]. In [10], LRC classifier is used the LBP features in face
recognition system. Also, a weighting procedure is investigated
to increase the importance of some parts of face image.
In this study, LBP and SLBP features are compared in face
recognition with LRC and Chi-square methods. Performances
of LBP and SLBP are evaluated on AR [11] and ORL [12] face
databases.

The remainder of the paper is organized as follows. Section
2 introduces the LBP operator. Spiral topology for computing
the LBP codes is explained in Section 3 and classification
methods are presented in Section 4. The experimental study
performed in this paper is given in Section 5 and finally
conclusions are presented in Section 6.
II. LOCAL TEXTURE DESCRIPTORS: LBP REVIEW
LBP is a feature extraction method which is used for
describing the local structure of image texture pattern. Original
LBP labels all pixels in an image by thresholding a 3 × 3 square
neighbourhood with the value of the centre pixel. Any pixel in
the neighbourhood with higher intensity value than the central
pixel is coded by a one while the lower ones are coded by zeros
in order to obtain the 8-bits-binary code. Binary codes are
converted to decimal values and related centre pixel is labelled
with this relevant value. The decimal value gives the local
structural information around the centre pixel.

Fig. 1 Traditional LBP Operator

The limitation of the basic LBP operator is using 3×3 square
neighbourhoods for the description of local binary pattern. To
eliminate the disadvantage, the operator was extended to use
circular topology with different radii. Fig. 2 illustrates two
circularly symmetric neighbour sets for 8 samples
representation with 1 pixel radius and 16 samples
representation with 2 pixel radius.

(a)

(b)

Fig. 2 (a) 8 samples representation with 1 pixel radius (b) 16 samples
representation with 2 pixel radius.

If a neighbour’s location does not overlap to the centre of a
pixel, intensity value of the sample pixel is calculated by using
bilinear interpolation.
III. SPIRAL LOCAL BINARY PATTERN
In this section we describe the with spiral topology. In basic
LBP, difference between centre pixel and it neighbours is
calculated with using circular topology. Distance between
centre and a sample is at most 1 pixel. To overcome this
problem the neighbours of reference pixel are designated on
spiral shape (see Fig 3). Therefore, we are motivated to use the
SLBP approach.

IV. CLASSIFIERS
In the classification stage, we used two algorithms to
classify a query image.

Fig. 3 Spiral Local Binary Pattern (SLBP)

Archimedean spiral is used for the topology. It is a plane
curve generated by a point moving away from or toward a fixed
point at a constant rate while the radius vector from the fixed
point rotates at a constant rate.
The equation of the Archimedean spiral is expressed in terms
of polar coordinates. It can be described as follows:
=

(1)

+

Here a and b are real numbers. r is the radial distance, and θ is
the polar angle.
Parameter b in (1) is tested within the range [0.1 1.0] for
using optimal spiral shape in calculation of LBP code. Sample
numbers on Archimedean spiral is chosen 8 and parameter in
(1) is set 0 to start spiral from origin.
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Classification Accuracies

LRC method is used for classification. To assess impact of b
parameters, 5 training images from each class are randomly
chosen from ORL face database for training and the remaining
images are chosen for testing purposes. The average accuracy
over 10 randomly splits is listed in Fig. 4. Experimental results
show that, best classification accuracy is reached with b
parameter value is set as 0.3.
Archimedean spiral starts from centre pixel which is
illustrated in Fig 3 as black circle, and stop after 2π radians. The
samples are located by choosing θ intervals of π/4 for the 8
neighbourhoods. If a point’s location does not overlap to the
centre of a pixel, intensity value of the neighbour pixel is
calculated by using bilinear interpolation.
LBP code calculation for SLBP is similar with the basic
LBP. Every pixel has a binary code generated depending on
whether the central pixel intensity is smaller than or equal to its
neighbours. Finally, the binary code is converted to the decimal
system. Descriptor is generated by combining these decimal
values in a histogram.
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A. Chi-Square
Chi-Square is a dissimilarity measure for comparing the
similarity of histograms. Assume that we have two histograms
and for comparison.
test is computed as:
( ,

)=∑

Here, is the number of bins,
and
histogram bins of and , respectively.

)

(2)
represents the th

B. Linear Regression Classification
Assume that we have classes with training images. The
matrix
contains all feature vectors from ith class. Thus
=[

⋮⋯⋮

⋮⋯⋮

]

(3)

where
represents the jth feature vector of the ith class. If y
belongs to the ith class, it should be represented as a linear
combination of the training images from the same class and can
be defined as
=

93

+

(4)

where is the vector of parameters that is estimated using least
squares estimation. Hence the estimation of is

92
91

=(

90
89

(

(5)

)

The estimation of the vector y is calculated as follow:
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Fig. 4 Average classification accuracies with different b values

=

(

)

(6)

The minimum distance between the original vector and the
projected vector is calculated according to the Euclidean
distance measure, i.e.,
argmin{‖ − ‖},
= 1,2, … , .
(7)

V. EXPERIMENTAL RESULTS
In this paper, we tested performance of SLBP on AR and
ORL face databases. AR database involves 26 images with
different frontal views taken under different illumination
conditions, occlusions and facial expressions from each 126
people’s faces. The original size of images is 768×576 pixels.
We use the same subset of AR in [13]. The subset includes a
total of 30 males and 20 females. After the pre-processing steps,
the final size of the images is 115×87 pixels. The ORL face
database consists of 400 images of size 112 × 92. There are
40 people and each class has 10 images which were taken at
different times, lighting and facial expressions. The faces are in
an upright position in frontal view, with a slight left-right
rotation.
In S1LBP, Archimedean spiral starts in a reference pixel and
makes a curve with one round (2 ). Neighbour points on the
spirals are computed intervals 2 /N where denotes number
of neighbours. Bilinear interpolation is implemented for
sampling points which do not overlap with the neighbour
pixels’ centre.
All images of two face databases are divided sub-images as
2 × 2, 3 × 3, 4 × 4, 5 × 5 and 7 × 7 pieces. Fig. 5 shows
examples of image division. LBP and SLBP features with 8
sampling points are extracted for all sub-images of a face
image. Then the histograms which are obtained from each
region are concatenated.

The extracted features are classified with LRC and Chisquare methods. In the experiments, we select the 14 nonoccluded images from each class of AR face database.
To get statistically significant experimental results, 7 and 5
training images are randomly selected from each class of AR
and ORL face database respectively while the remaining
images per class are used as the test set. The average accuracies
over 10 randomly splits are listed in Table I for ORL face
database and in Table II for AR face database with LRC
classifier.
TABLE I
RECOGNITION RATES FOR ORL FACE DATABASE WITH LRC

Sub-images

LBP

SLBP

×

% 96.15

% 96.50

×

% 97.90

% 97.65

% 97.85

% 97.35

% 95.80

% 95.40

×

% 95.25

% 94.65

×

Sub-images

LBP

SLBP

×

% 89.91

% 91.34

×

% 93.31

% 94.57

% 95.15

% 96.57

×

% 95.40

% 96.68

×

% 96.45

% 97.37

×

Table III and Table IV shows the performance of LBP and
SLBP on face databases with Chi-square test. The best
recognition results are shown in tables as bold style.
TABLE III
RECOGNITION RATES FOR ORL FACE DATABASE WITH 2

Sub-images

LBP

SLBP

×

% 93.74

% 95.62

×

×

% 95.96

% 96.35

% 96.08

% 97.11

% 92.67

% 92.90

×

% 94.12

% 94.89

Sub-images

LBP

SLBP

×
×

×

TABLE IV
RECOGNITION RATES FOR AR FACE DATABASE WITH 2

% 78.65

% 79.54

×

% 84.74

% 85.17

% 91.74

% 92.08

% 94.40

% 94.74

×

% 96.01

% 96.02

×

Fig. 5 Divided facial images

×

TABLE II
RECOGNITION RATES FOR AR FACE DATABASE WITH LRC

It can be observed that SLBP is reached best classification
result in ORL face database with 2 and in AR face database
with LRC. It is clearly seen from results that dividing many
sub-images is an advantage for AR database but it is a
disadvantage for ORL database. Since we concatenate the
histograms of subimages in a face image, the feature vector size
increases when the number of subimage increases. As a
consequence of that computational time increases.
VI. CONCLUSIONS
The Local binary pattern (LBP) has been widely used in face
recognition as feature extraction method. In this paper, we
investigate the performance of LBP features that have spiral
topology in face recognition problem. We applied SLBP on AR
and ORL face databases. The images in the databases are
divided into subimages. LBP and SLBP are used to extract
features for each subimage. Then the histograms are
concatenated into a single histogram to represent the whole
image. Linear Regression Classification (LRC) that is
successfully applied for face recognition is used for the
classification process. Our experimental results show that spiral

topology-based LBP method can improve classification
accuracy.
As a future work, we plan to reduce the dimension of features
and extend the calculation of LBP descriptor with new coding
methods.
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Abstract- The last decade is referred as the era of information
and the period of knowledge, where web technologies play a
crucial role in diffusing knowledge across the world. The huge
explosion of information present on the internet that is
constantly increasing and the absence of semantic information
require systems which can make intelligent processes on this
content. The semantic Web was born to deal with these
problems by proposing semantic tools to extend the web
contents and allow machines to succeed tasks and act on the
Web itself. The semantic side is described by ontologies to
provide a formal description of concepts, terms or
relationships for any domain, then allowing a better
manipulation and understanding of the available information.
This paper presents the last research made in the field of
ontological engineering. We will cover the theoretical bases,
methodologies, software environments and languages, as well
as the recent use of ontologies.
Keywords- Ontology engineering, semantic web, knowledge
representation

I. INTRODUCTION
The last decade is referred to as the era of information and
the period of knowledge, where web technologies play a
crucial role in diffusing knowledge across the world. To be
able to exploit a given domain knowledge, it must be
represented explicitly to make it directly usable by
applications.
Both the Internet-ever increasing information and the
absence of semantic information require systems which can
make intelligent processes on this content. The semantic
Web has come to deal with these problems; first to extend
the web content by suggesting semantic tools, and second
to allow the machines to act on the web itself. The semantic
side is described by ontologies to provide a formal
description of concepts, terms or relations of any domainkind, and so allowing a better manipulation and
understanding of the available information.
Ontologies’ aim is representing knowledge in a way
that can be interpreted by both man and machine. An
ontology is a set of concepts and relations that represent the
knowledge of a domain.
Building ontologies is the process of transforming the
most relevant knowledge in a domain into a structure that
will allow the automatic exploitation of this knowledge.

Lately, Ontologies were extensively used in different
domains and for different purposes ranging from
taxonomies categorizing websites (such as on Yahoo, Ask
and AOL) to categorizations of products for sale and their
features (such as on Amazon.com and ebay.com). They are
used in different domains and we quote medicine,
chemistry, agriculture, biology, linguistics and literature,
economy, e-business, education and more.
This paper presents the last research made in the field
of ontological engineering. We will cover the theoretical
bases, methodologies, software environments and
languages, as well as the recent use of ontologies.
This paper is laid out as follow: Section 2 briefly
presents search and engines and semantic search. Section 3
is dedicated to defining ontologies. Section 4 covers some
of the ontological project related to the projects we are
working on. Finally, we conclude this paper within the
section 5.
II. SEMANTIC SEARCH
Search engines are a prominent tool used today to
communicate the different documents and information
available on the web. They allow us to search any
information with ease and they are used in different
domains by different user categories.
Managing all the information present on the web
to get a precise answer which fulfills the user’s needs
requires a semantic representation of this information. This
task is a continuous challenge in information systems.
Semantic search is a specific searching technique which
aims in understanding the contextually meaning of the
query instead of searching the actual keywords like they
appear in the query.
III. WHAT IS AN ONTOLOGY?
The term “Ontology” comes from the Greek words “Ontos”
for being and “Logos” for word. It is used in different
fields such the contexts of philosophy, linguistics, and
artificial intelligence. In philosophy, ontology is considered
a branch of Metaphysics which Aristotle used to describe
the existence of beings.
In Artificial Intelligence, ontology was introduced
in the early 1990s by Thomas R. Gruber as “an explicit
specification of a conceptualization” [1]. There are also

other definitions; the most consensual one is that “ontology
is a formal, explicit specification of a shared
conceptualization” [2].
According to [1], a “conceptualization” is an
abstract, simplified view of the world that we wish to
represent for a certain purpose. “Explicit” means that the
type of concepts used and the constraints on their use are
explicitly defined [2]. “Formal” refers to the fact that the
ontology should be machine-readable and “shared” reflects
the notion that ontology captures consensual knowledge
accepted by a community [2].
Hence ontology enables formally representing
knowledge as a set of concepts within a domain, using a
shared vocabulary to denote the types, properties, and
interrelationships of those concepts. [3] This representation
aims to improve communication, sharing, and reuse
between human and machine.

A. Constituents of an Ontology:



XML, a recommendation of the W3C. It was
developed in 1996 to describe and exchange data
on the web [6].



RDF is based on XML; it describes knowledge as
web resources to facilitate their automatic
processing. RDFS is a semantic extension of RDF
allowing the representation of resources and the
relationships between these resources [6].



OWL was built by W3C in 2001 inspired by
DAML + OIL; it offers a rich vocabulary and
formal semantics for the description of ontologies.
[5].

Also, many tools based on these languages are used to
implement ontologies, we enumerate Protégé, Ontolingua.


Protégé is a free, open-source and a very popular
tool; it was developed by the Stanford Center for
Biomedical Informatics Research at the Stanford
University School of Medicine. Protégé allows
editing, visualization, control and fusion of
ontologies. [7]



Ontolingua is an ontology server created at the
Knowledge System Laboratory at Stanford
University. It allows a user or group of users to
view, create, merge and reuse ontologies with the
ability to export them in multiple formats. [8]

Ontologies are representations of knowledge, containing
terms and statements that specify the semantics of a given
domain of knowledge within a given operational
framework. [3]
The main constituents of a given ontology are:









Concepts, also called terms, represent a principle, an
idea, or an abstract notion that is semantically
evaluable and communicable. [4]



Relations, which represent a type of interaction, or
associations existing between the concepts of a
domain. [4]



Instances are individual nodes in a semantic network,
representing individual objects of the domain of
interest, such as a car or a specific person. [4]



Axioms Are used to model sentences that are always
true [5]. Often expressed in the logic of first-order
predicates.

C. Methodologies
1) Methontology: Present in [9] is the most popular
ontology construction methodology; it identifies a sequence
of activities to be applied for the development of
ontologies. This approach distinguishes the following steps
of each category of activities:


B. Languages and tools
Several languages and tools have been developed to
represent and manipulate the ontologies, among these
languages: DAML+OIL (DARPA Agent Markup
Language+ Ontology Inference Layer) and the standards
that emerged from the World Wide Web Consortium W3C
such as: XML (Extensible Markup Language), RDF
(Resource Description Framework), RDFS (RDF Schema)
and OWL (Web Ontology Language).


DAML+OIL as indicated by its name, it has been
developed by the joint from the US project DAML
which is a semantic language of marking for the
resources of the Web and the European Union
project OIL that extends RDFS by offering new
primitives for the definition of the classes [5].



Ontology management activities include planning,
control, and quality assurance. In the first step, the
tasks to be performed are identified then
arrangement with the time and resources needed
to accomplish each task. The control step warrants
the accomplishment of the tasks as duly. The last
step in this activity checks the quality of each
product output.
Ontology development oriented activities consist
of four steps:
- Specification: It states why the ontology
is being built, the intended uses and the
end-users.
- Conceptualization:
It
consists
of
identifying and structuring domain
knowledge from information sources.



Formalization: In this step, the
conceptual model will be transformed
into a formal or semi-computable model.
Implementation: In this phase, the
computable models are built.

The ontology support activities are performed at
the same time as the development oriented
activities and it consists of :
- The knowledge acquisition activity
which aims to acquire knowledge from
experts or by semi-automatic ontology
learning.
- The evaluation activity that judges the
developed ontologies, software and
documentation.
- Integration activity if other ontologies are
reused and need to be combined.
- Documentation details each completed
stage and product

2) DOLCE: Descriptive Ontology for Linguistic and
Cognitive Engineering: It is the first module of the library
of ontologies named “WonderWeb Foundation Ontologies
Library”, this library serves as a starting point for building
new ontologies and a framework for analysing and
integrating existing ontologies. Likewise, it is intended to
be:


Minimal, including only the most reusable and
widely applicable upper-level categories.



Rigorous, where possible, the ontologies will be
characterized by means of rich axiomatizations.



Extensively researched, which means that a
careful evaluation by experts is necessary to add
each module in the library.

DOLCE is an ontology of particulars and refers to
cognitive artifacts that depend on human perception,
cultural imprints, and social conventions. Their ontology
derives from arm-chair research in particular (in other
terms, it is the result of an intellectual speculation),
referring to enduring entities from philosophical literature.
Finally, basic functions and relations should be:


General enough to apply to multiple domains.



Sufficiently intuitive and well studied in the
philosophical literature.



Held as soon as their relations are given, without
mediating additional entities. [9]

The methodology that sustains this type of ontologies
is based on a few starting points for building new
ontologies:


Determine which things exist in the domain to be
modeled.



Develop easy and rigorous comparisons among
different ontological approaches.



Analyze, harmonize, and integrate
ontologies and meta-data standards.



Describe a foundational ontology on paper, using
full first-order logic with modality.



Isolate the part of the axiomatization that can be
expressed in OWL and implement it.



Add the remaining part in the form of KIF
(Knowledge Interchange Format) comments
attached to OWL concepts. [9]

existing

This methodology focuses on expressivity problems
and on much more philosophical aspects of the ontology
creation rather than the description of the phases of the
ontology development process.
IV. RECENT ONTOLOGICAL PROJECTS

A. Enterprise ontologies
In the 1990s, several researchers studied the development
of enterprise ontology. The main ontologies that bestrepresent the use of ontologies for enterprise modeling are
the Toronto Virtual Enterprise (TOVE) and Enterprise
Ontology.
TOVE ontology [10] was developed as part of the
Toronto Virtual Enterprise Project. It aims to create a
shared representation (ontology) of an enterprise where
each agent in the distributed enterprise can jointly
understand, use, and define the meaning of each description
(semantic). In addition, it aims to implement the semantics
in a set of axioms that enables TOVE to automatically find
answers for many “common sense” questions regarding the
enterprise.
The objective of this project is to model any type
of a business enterprise by utilizing a set of a set of basic
ontologies. These ontologies include ontology of activity,
resources, organization, and ontology of products. In order
to model any type of company.
Enterprise ontology (EO) is defined by Uschold
[11] as “a collection of terms and definitions relevant to
business enterprises”. It was developed as part of the
Enterprise Project at the University of Edinburgh and aims
to map out an overview of an organization that can
facilitate decision-making.
The main purpose of enterprise ontology is enhancing
communication between various human entities, providing
a basis for specifying end-user applications and supporting
interoperability. EO defines five high-level classes for
integrating different aspects of an enterprise: (1) MetaOntology and Time; (2) Activity, Plan, Capability, and
Resource; (3) Organization; (4) Strategy; and (5)
Marketing. Meta-ontology defines the basic concepts of
modeling (Entity, Relationship, Role, Actor, State of

Business). Hence, enterprise ontology is a system of
integrated ontologies. It is semi-formal; the terms are
expressed in a restricted and structured form of the natural
language and are complemented by some formal axioms
using Ontolingua. Therefore, this ontology does not
support automatic reasoning.
Product
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Order

Fig. 1 Interconnection of TOVE ontologies.

B. Islamic ontologies
Many applications based on Qur’anic text have been built
to facilitate information retrieval and knowledge sharing.
Some works used the Quran in its original standard Arabic
format; others used a translated version of English, Malay
etc. Following are some of the recent studies:
Mustapha, A [12] proposed a dialogue-based
visualization system called AQI-LAH to facilitate
navigating and learning the Qur’anic text. The source of
knowledgebase used was an English version of the
Qur’anic text. This prototype was able to answer users
query by listing the related verses.
Fouzi H. et Al [13] based their work on statistic and
linguistic methods. They applied a linguistic pattern-based
approach to extract the concepts and association rules to
extract the conceptual relationships from the Qur'anic text
related to the historical stories of the prophets.
S. Saad and Al [14] -[16], which uses an approach
based on a combination of NLP techniques, information
extraction, and text meaning technologies, to create an
ontology for Islamic concepts in the Quran. But the work
presented in [14]; covers only 63 verses related to the
obligatory prayers.
A. Hakkoum and Al [17], this ontology covers the
following subjects: Qur’anic chapters and verses, each
word of the Quran and its root and lemma to facilitate the
keyword search, it does not cover words morphology
search but they stated that they will add links to QVOC
ontology later on.
Al-Yahya, M. et al [18] worked on designing and
implementing an ontological model capable of representing

the Arabic language lexicons. The application was applied
to Time vocabulary in the Holy Qur'an. This ontology only
contains 18 concepts where the temporal sequencing of
time cannot be captured.
Mohammed G.M. [19] proposed an Ontology-based
approach to enhance the process of information retrieval
from Al-Shamelah digital library. This work presents a
method to support semantic search with complex queries
by proposing a new ontology to model concepts from AlShamela digital library (ADL). For the evaluation process,
they compared the results obtained from their system to the
results obtained by the ADL. This system was applied to
Hadiths covering the Prophetic medicine domain presented
in the ADL.

V. CONCLUSION
The use of ontologies is promising; they present a great
opportunity to the successful management of an
environment of increasing complexity. In this work, we
have presented an overview of the most important
methodologies and languages for ontologies development,
as well as, the main projects that exist in the literature in
the field of enterprise modeling and the Islamic ontologies.
In the light of the importance of Ontologies and
the urge need for it, different methodologies, languages and
tools have been proposed. The Ontology building process
is a considerably difficult and time-consuming task.
Although, a lot of works have been done in this field, the
majority of them have been applied to English texts.
There is a lot of information and knowledge in
non-English languages. So, there is a dispirit need for
proposing methodologies and tools supporting these
languages. Especially, languages like Arabic which is very
different than English but still very popular and has a large
amount of sharable knowledge.
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Abstract— The quality control process is performed to

determine whether the products are of the same quality
before reaching the customer. Today, the quality control
process utilizes visual systems to both reduce costs and
reduce repetitive work mistakes. The quality control
process is both subjective and repetitive. Visual inspection
systems are suitable for such jobs. Studies are being made
to achieve better results in visual inspection systems.
Feature extraction methods must be applied for detection
and classification of defects. Numerous studies have been
conducted with various feature extraction methods to
obtain better results in visual inspection systems. Each of
the proposed methods was tested and evaluated on different
data types. However, there are no studies in the literature
comparing the data with more than one data type. Texture
analysis techniques are frequently used for feature
extraction in quality control studies in the literature.
Therefore, in this study, advantages and disadvantages of
texture analysis techniques, - Gray-Level Co-Occurrence
Matrix (GLCM), Local Binary Pattern (LBP), Gabor
wavelet filter- which are used most frequently in the
literature, on multiple data types are determined. It is
aimed to determine the incomplete aspects of the feature
extraction methods that are compared and to be a guiding
element for feature extraction methods to be developed in
the future. In addition to comparing the literature in this
article, it was aimed to obtain better results by making
improvements in the LBP method in the literature. Sobel
edge extraction algorithm and LBP algorithm are both easy
to implement and effective methods. Besides, two
algorithms make use of the neighborhood relation. In the
study, the LBP and Sobel edge extraction algorithm are
combined to obtain better detail. The performance
comparison between the results obtained by testing on
different data types and the results obtained by the LBP
method was made.
Keywords—Texture analysis,
processing, Quality control

Feature

extraction,

Image

I. INTRODUCTION
Quality control is one of the important steps that must be
taken to prevent reputation loss of products before reaching the
customer. The examination of various quality factors is both
very subjective and very repetitive. The visual inspection
process is an appropriate method for performing repetitive tasks.
In addition, loss of time and money can be avoided if an
appropriate quality control system is established. This is why
visual inspection systems have attracted the attention of
scientists and quality control studies have been carried out on
many industrial- food, medical, automotive, textile etc.products and studies are underway.
Image processing and image analysis are considered as the
basis of computer vision [1]. In these systems, basically the
acquisition of the image can be defined as preprocessing,
segmentation, object measurement methods, classification [2].
The properties required to perform the classification operation
can be obtained by feature extraction methods. Texture
properties are suitable for visualizing surface properties [3] and
applications usually include color and / or texture analysis [4].
Texture analysis is based on local spatial variation of color
intensity or density [5]. Several texture analysis techniques are
available in the literature. GLCM, LBP, Gabor wavelet are
three of the texture feature deductions available in the literature.
GLCM gives good results according to various application
results. But the application complexity is very high, it is
difficult to examine the relationship between the pixels and can
not give general information about the picture. Co-occurrence
matrix is useful on separate defective surfaces and nondefective surfaces [6].
Several studies have been done for GLCM in the literature.
In [7], monochrome, bichromal, and multicolored drug
capsules have been tested with broken capsules, missing
capsules, both broken and missing capsules, inappropriately
aligned capsules, and surface defects. Experiments were
performed on 13 different types of images in each category. In
the experiments, four different methods and the GLCM method
proposed by them were compared. GLCM has good results in

single color capsules, very good results in average,
multicolored capsules in two color capsules. In [6], machine
vision was used to control the surface of the air bed, the most
important part of the hard disk reading and writing head. It has
been reported that very good results are obtained in images with
constant brightness.
The LBP operator is often used because it is easy and fast to
implement. Although they usually work on monochrome
images, they have also been studied on color images [8].
In [9], an inspection method using the LBP in the property
extraction phase is presented for the on-line paper
characterization. The work done provided a very strong
characterization. LBP was used for automatic detection of
surface defects on painted plates in [10].
Gabor wavelet is used for various machine learning
applications such as texture segmentation, edge detection,
boundary detection [11].
Mokhtar et al. [12] used Gabor wavelet transformu to
recognize two types of tomato leaf disease. Classification with
SVM has been performed. [13] proposed a system based on
Gabor wavelet for on-line error checking. The results of the
experiments are robust in terms of calculation and efficient for
real-time industrial production. In [14], surface defects of fruits
were detected automatically.
In the Sect. 2. GLCM, LBP and Gabor wavelet methods are
briefly explained. In the Sect. 3, performance comparison of
GLCM, LBP, Gabor wavelet filter methods. The proposed
method is explained in Sect. 4. and in the next Sect. the results
of the proposed method and comparison with LBP. Concluding
remarks are given in Sect.6.
II. FEATURE EXTRACTION METHODS

A. Gray Level Co-occurence Matrix (GLCM)
GLCM is an old feature extraction method and the density
distribution gives information about the relative position of
neighboring pixels. It is often used in different feature extraction
applications. GLCM has two important parameter. D is the
distance between two piksel and θ the position angle between
two piksels. There are four directions fort he position angle
(0º,45º,90º,135º). The main problem with using GLCM is
choosing the appropriate scale and fit parameters to effectively
capture touch structural information.
After the Glcm matrix is obtained, normalization is
performed. This matrix is then calculated according to various
feature. Haralick et. al. proposed fourteen statistical feature to
represent the characterizations of the image. Energy, entropy,
inertia, contrast and correlation, proven to be effective in
uncontrolled texture retrieval [21].
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greater than 1, 0 is written. After all the pixels have been
compared, all the keys are clockwise, starting from the upper
left corner. The result is converted to a decimal value and the
result is obtained.
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Fig. 2. Example of LBP process

In the later developed method, it is calculated by looking at
the neighborhood relation. Two parameters (P and R) are used
here. P specifies the number of involved neighbors, R, the
radius. The pixel value in the center is subtracted from the
neighboring values. It has been shown that LBP properties are
not affected by average illumination changes.

convolution masks enables efficient implementation of Gabor
filters in the spatial domain [19]. 3 scales and 6 orientation were
used in this study.

III. FEATURE EXTRACTION METHODS COMPARISON
GLCM, LBP, Gabor wavelet methods are frequently used
feature extraction methods in image processing applications.
Moreover, these methods have been used frequently in quality
control studies and promising results have been obtained. These
methods are compared in this study.
The database used in the study consists of fabric, steel. There
are 120 examples in each class. Some examples are given in
Fig. 4.

.
P=8, R=1
Fig. 3. Example of the extended LBP operator

Fig. 4. Example of steel and fabric database

C. Gabor Wavelet
Gabor wavelet is often used for segmentation and texture
analysis [16]. Among many wavelet-based methods, gabor
functions provide the most optimal solution [17]. Gabor wavelet
filter is used to extract local properties in both spatial and
frequency domain [15]. Gabor wavelet texture structure
represents the most appropriate way in different places and
directions.
The main advantage of wavelets is that they have various
frame sizes [18]. Wide for low frequencies, deep for high
frequencies.
The 2-D Gabor kernel is mathematically defined as follows;

( , )=

exp[−

+

]exp( 2

)

(5)

. ɕx and ɕy are the radial frecency of the W Gabor function,
large and small, of the Gaussian.

=

( , )



The m scale in the equation is n directions (m = 1,2 ... M-1,
n = 1,2 ... N-1). The appropriate filter design with small

TABLE I
ADVANTAGES TEST RESULTS OF FEATURE EXTRACTION METHODS
Method

GLCM

Steel

%88

Fabric

%96.1

LBP

Gabor
wavelet

%80

%85.1

%91.6

%94

The best results were obtained with GLCM for stell and
fabric in the study. However, run-time is not suitable for realtime applications.
GLCM running time is 600.4 s. 30.9 s of LBP. Gabor
wavelet In is 300 s working time.
IV. LBP-SOBEL
LBP is one of the methods commonly used in the
classification of industrial products. The use of this method is
simple and gives good results. The sodal operator emphasizes
the high spatial frequency regions corresponding to the edges.
Sobel is an easy and efficient method to implement like LBP in
the operator. There are two 3x3 kernels in the sobel operator.

In sobel application, these kernels are applied to the
entrance image. But in this study, the comparisons of Gx
kernels and LBP are combined.
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Abstract—VDBSCAN algorithm is a density-based clustering
algorithm that performs perfectly on varied-density datasets. It
can be used for both clustering and anomaly detection and
requires a set of neighbourhood radius of epsilon and minimum
number of points MinPts to handle varied-density datasets.
VDBSCAN algorithm is based on DBSCAN algorithm and
applies iteratively DBSCAN algorithm for each epsilon and
MinPts value. First, it applies MinPts and smallest epsilon to
discover clusters, then MinPts and second smallest epsilon are
used to cluster unclustered data of the previous step. That
process is repeated until all epsilon values are used. At the end of
the VDBSCAN algorithm, remaining unclustered data are
marked as anomalies. However, it is difficult to determine
suitable input parameter values (such as set of epsilons and
MinPts) of VDBSCAN algorithm and work on the dataset that
has extreme anomaly values. Extreme anomaly values can
suppress detection of some of the anomalies. This study proposes
the algorithm of AutoVDBSCAN. In the proposed algorithm, the
values of set of epsilons and MinPts are determined
automatically. It also uses a level-wise approach to explore
extreme anomaly values of the dataset. In the level-wise strategy,
initially, extreme anomalous values are detected and excluded
from the dataset, and then anomalies of remaining data are
explored. The proposed approach is evaluated on monthly
precipitation data from 195 meteorological stations of Turkey in
order to explore stations with anomalous precipitation data. The
evaluation of the proposed method with real-life climate data
show that the proposed algorithm is promising with respect to
the classical VDBSCAN approaches.
Keywords—VDBSCAN, AutoVDBSCAN, Anomaly Detection,
Climate Data, Precipitation, Data Mining

I. INTRODUCTION
Anomaly detection is one of the data mining methods to
analyse datasets and can be defined as finding unexpected
data or patterns in the* dataset [1], [2]. Anomaly detection
techniques can be divided into several categories, such as,
statistical-based, density-based etc. [2]. Among these
*
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techniques, the importance and popularity of the density-based
methods have been increasing.
Density-based anomaly detection techniques can also be
used to discover clusters. These approaches assign dense
regions as clusters and the regions which are not dense are
marked as anomalies. In order to discover clusters or
anomalies, certain user-specified parameters should be given.
Density-based clustering/anomaly detection approaches have
potential to discover clusters with different shapes and sizes.
They are independent of data ordering.
One of the most popular density-based clustering/anomaly
detection algorithms is DBSCAN. It has been applied in
several domains, such as, medicine [3], bioinformatics [4],
climate [5], web analysis [6], and environmental assessment
and planning [7]. For the datasets with varied densities,
VDBSCAN algorithm is proposed [8]. VDBSCAN algorithm
requires a user-given MinPts (k) and set of epsilon (Eps)
values specified by the user based on the MinPts value.
Epsilon is neighbourhood radius and used to determine the
neighbouring points in that radius. MinPts is the minimum
number of points that should be found in the Eps radius.
However, clustering with VDBSCAN is challenging for
several reasons. First, determination of number of thresholds
(e.g., neighbourhood distances) is a difficult task since the
number of dense regions in the dataset is not known in
advance. Second, appropriate threshold values are not often
known in advance for many applications. Finally, the anomaly
detection process is computationally expensive due to the
increase in size and dimensions of the datasets.
In this paper, we extend VDBSCAN algorithm [8] by
proposing AutoVDBSCAN algorithm, which uses automatic
strategies to determine input parameters of MinPts and of set
of epsilons based on the dataset characteristics. We apply the
AutoVDBSCAN on a precipitation dataset. In the anomaly
detection process, we observed that extreme anomalies
suppressed detection of some of the anomalies. Because of
this reason, we used a level-wise AutoVDBSCAN algorithm
to detect the anomalies in precipitation data.

II. RELATED WORKS
In the literature, there are several surveys about anomaly
detection techniques [9]-[12]. The aim of this paper is to
develop a density based anomaly detection algorithm with no
user-defined thresholds. Density-based methods are used for
both clustering and anomaly detection. Some of the example
density based clustering/anomaly detection algorithms can be
listed as OPTICS [13], DENCLUE [14], and DBSCAN [15].
In this work, we extend VDBSCAN [8] algorithm, which is a
version of DBSCAN algorithm to handle varied density
datasets, to determine input parameters automatically.
In the literature, several algorithms are proposed to
determine the input parameters of DBSCAN algorithm and its
variations. A parameter-free density based algorithm of
APSCAN, which utilizes affinity propagation clustering to
determine local densities and algorithm input parameters, is
proposed [16]. In another study, I-DBSCAN algorithm is
proposed by Zhou et al. to determine the values of Eps and
MinPts [17]. A distribution-based clustering algorithm of
DBCLASD is proposed to cluster datasets without requiring
any input parameters [18]. An algorithm, which is a
combination of DBSCAN and DSets (dominant sets), is
proposed by Hou et al. to analyse datasets without requiring
any input parameter [19]. AGED algorithm is used local
densities to determine the input parameter of Eps of DBSCAN
[20]. DBSCAN is modified by Wang et al. to determine the
value of Eps automatically for different data distributions [21].
Daszykowski et al. developed an analytical approach to
determine the value of Eps using a gamma formula [22].
Parvez proposed a strategy to determine the value of MinPts
of VDBSCAN algorithm [23]. Ozkok and Celik proposed AEDBSCAN by determining the value of Eps automatically [24].
In this study, we used the strategy proposed by Parvez [23]
and proposed level-wise AutoVDBSCAN algorithm. The
proposed algorithm automatically determines the values of
MinPts and set of epsilons based on the dataset characteristics.
III. BASIC CONCEPTS
This section, first, presents basic concepts of VDBSCAN
algorithm [8]. VDBSCAN algorithm requires a set of epsilon
parameters and a MinPts parameter to discover clusters and
anomalies out of datasets.
Definition 1: (Eps-neighbourhood) For a given dataset D
and neighbourhood relation Eps, Eps-neighbourhood of a
point is called set of neighbouring points of q in the radius Eps.
Definition 2: (Core Point) A point p is called as core point
if there is at least MinPts number of point in its Epsneighbourhood.
Definition 3: (Border Point) A point p is called as border
point if there is less number of point than MinPts in its Epsneighbourhood and at least one of the these neighbouring
point is a core point.
Definition 4: (Noise or Anomaly Point) A point p is called
as noise or anomaly point if it is neither core nor border point.
Definition 5: (k-dist of a point) For a given dataset D, kdist of a point p is the distance between point p and its kth
nearest neighbour.

Definition 6: (k-dist plot) For a given dataset D, k-dist plot
is drawn as the sorted list of k-dist values of each point in the
dataset.
Using the k-dist plot, a set of epsilon values are determined.
In classical VDBSCAN algorithm, the sharp changes in the kdist plot are assigned as epsilons. After this assignment,
starting from the smallest epsilon value and MinPts clustering
is performed on the dataset. The clustered dataset is excluded
from the dataset. Then MinPts and the second smallest epsilon
are applied on the remaining dataset to discover clusters. This
process is repeated until all the epsilons are applied. At the
end of the clustering the remaining points are assigned as
anomaly points.
In this paper, the value of k, which is used as MinPts and in
k-dist list, is calculated automatically, and then the values of
epsilons are found automatically.
IV. THE PROPOSED METHOD AUTO-VDBSCAN
The proposed AutoVDBSCAN algorithm is presented in
this section. In this algorithm, the value of k (which is also
MinPts value) and set epsilon values are found automatically.
The proposed algorithm has three stages, including
determination of k value, determination of set of epsilon
values and finally anomaly detection in the dataset. Each stage
is discussed in the following sections.

A. The Determination of k Value
In this study, the value of k is determined automatically
based on the characteristics of dataset [23]. To determine the
value of k automatically, the procedure followed is given
below.
i) For a given dataset D that contains n points, the distances
between each point p and rest of the n-1 points in the dataset
are calculated.
ii) For each point p, the average distance of point p is
calculated as shown below. In this step, point average
distances for each point are calculated.
_

=

∑

,
−1

iii) Dataset average distance values are calculated by taking
the average of point average distances
_
.
_
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_

iv) Each points neighbouring distances are compared with
Dataset_davg to determine which neighbour’s distance is
closest to the Dataset_davg value. Closest neighbours of each
point with respect to Dataset_davg are determined.
v) Finally most repeated neighbour order in previous step is
selected as k (or MinPts) value.

B. Determination of set of Epsilon Values
At this stage, the k value determined in the previous stage is
used to calculate k-dist values of each point. Then k-dist plot

is drawn. The sharp changes in the plot are the candidate
epsilon values. To determine the sharp changes automatically,
we form a difference plot that shows the difference of a point
with respect to its next point in the k-dist plot. If there is no
difference between consecutive point pairs the value will be
zero. The sharp changes in the k-dist plot will have high
values in the difference plot. In our approach, we first take
average of all difference values and assign the distances of
ones that are above the average difference value as epsilon
values. Based on the characteristics of the datasets the number
of the epsilons is subject to the change. This stage outputs a
set of epsilons which we also call them epsilon array.

C. Clustering and Anomaly Detection
At this stage, the clustering and anomaly detection are
performed. The algorithm takes k is taken as MinPts and
sorted epsilon array as inputs.
At the first stage, the algorithm uses MinPts and smallest
epsilon value to cluster the dataset. At next step, it uses
MinPts and the second smallest epsilon value to cluster the
unclustered data in the previous step. This process is repeated
until all epsilon values are used for clustering. At the end of
the algorithm, the remaining unclustered points are assigned
as anomalies.

B. Excluding Extreme Anomalies from the Dataset to
Discover Suppressed Anomalies
In the experiments, we observed that extreme anomalies
affect the performance of the clustering and anomaly detection
of AutoVDBSCAN algorithm. Extreme anomalies effect the
average calculation in the determination k value and epsilon
value procedures.
To minimize effect of these extreme anomalies we used a
level-wise approach. In this approach we applied
AutoVDBSCAN algorithm on the datasets twice. In the first
iteration, we discovered extreme anomalies and excluded
them from the dataset and then we re-applied AutoVDBSCAN
to discover anomalies from the remaining dataset. The
experimental results show that this approach is successful to
discover anomalies that are suppressed by extreme anomalies.
Fig. 1 shows the clustering and anomaly detection results of
AutoVDBSCAN algorithm when it is applied once. It can be
seen then only one cluster (circles) is discovered and 3
anomalies are discovered. These anomalies belong to the
Black Sea Region, which has a unique precipitation climate
different from rest of the country. Due to this difference, other
possible anomalies over Turkey are suppressed. We excluded
these stations from the dataset and then AutoVDBSCAN was
applied to the dataset (Fig. 2).

D. Level-wise Approach
Based on our observation, we realized that some of the
extreme anomalous values drastically affect the determination
of k value and determination of set of epsilon values and so
clustering/anomaly detection results differ.
Because of this reason, we propose to use a level-wise
approach. In the level-wise approach, in the first level,
AutoVDBSCAN can be used to determine extreme anomalies
and then these extreme anomalies can be excluded from the
dataset. In the second level, AutoVDBSCAN can also be used
to detect anomalies on the dataset whose extreme anomalies
are excluded. In this paper, we used two levels. However,
more than two levels can also be used based on the dataset
characteristics.
V. EXPERIMENTAL RESULTS
The performance of the proposed algorithm is evaluated to
answer the following questions.
• What is the effect of extreme anomalies?
• What is the effect of k value?
• How the result of anomaly detection result changes if
we exclude extreme anomalies from the dataset?
We conducted experiment on an Intel Core i7 computer
with 8GB RAM.

A. Dataset
A climate dataset belonging to the 195 meteorological
stations in Turkey was used to evaluate the performance of the
proposed algorithm. In the experiments, we used monthly
precipitation value of stations and the location information of
stations.

Fig. 1 The result of first level of AutoVDBSCAN algorithm

Fig. 2 shows the results of level-wise AutoVDBSCAN
algorithm. Red stars are the anomalies discovered in the first
level of the algorithm, yellow stars are the anomalies
discovered in the second level of the algorithms and coloredcircles represent the clusters.

Fig. 2 The result of level-wise AutoVDBSCAN algorithm

C. Effect of K Value
In classical VDBSCAN the value of k is given by the user
and the epsilon values are selected manually using k-dist plot.
In this experiment, we compared the performance of classical
VDBSCAN and AutoVDBSCAN. In both algorithms, we
used the same methods for determination of epsilon values

and we applied level-wise approach in both algorithms,
however, in VDBSCAN the value of k was given.
In this experiment, the proposed AutoVDBSCAN
calculated the value of k as 6. For classical VDBSCAN the
value of k is selected as 4, 5, 6, 7, and 8. When the value of k
is equal to 6, the result of the classical VDBSCAN is the same
with the result of AutoVDBSCAN. In the figures, different
clusters are shown by different coloured-circles and
anomalous stations are shown with red stars and yellow stars.
Fig. 3 shows the clustering and anomaly detection results of
classical VDBSCAN algorithm for k=4 and for this k values
the algorithm determined 40 epsilon values. The algorithm
discovered 6 anomalies and 19 clusters. When k=4, it is
observed that more clusters are discovered than expected.

Fig. 6 shows the clustering and anomaly detection results of
the classical VDBSCAN algorithm for k=7 and for this k
values the algorithm determined 25 epsilon values and
discovered 8 anomalies and 3 clusters. It can be seen that for
k=7, the number of clusters are lower.

Fig. 6 The result of classical VDBSCAN algorithm for k=7

Fig. 7 shows the clustering and anomaly detection results of
the classical VDBSCAN algorithm for k=8 and for this k
values the algorithm determined 24 epsilon values and
discovered 6 anomalies and 2 clusters. It can be seen that for
k=7, lower number of clusters are discovered.
Fig. 3 The result of classical VDBSCAN algorithm for k=4

Fig. 4 shows the clustering and anomaly detection results of
the classical VDBSCAN algorithm for k=5 and for this k
values the algorithm determined 33 epsilon values and
discovered 8 anomalies and 7 clusters.
Fig. 7 The result of classical VDBSCAN algorithm for k=8

We compared the proposed AutoVDBSCAN algorithm
with classical VDBSCAN algorithm by varying k parameter.
As a result, based on the experiment, we conclude that the
proposed AutoVDBSCAN algorithm discovers reasonable
clusters and anomalies without requiring any input parameters.
Fig. 4 The result of classical VDBSCAN algorithm for k=5

Fig. 5 shows the clustering and anomaly detection results of
the proposed AutoVDBSCAN. It also shows the results of
classical VDBSCAN algorithm for k=6. Algorithms
determined 30 epsilons and discovered 14 anomalies and 8
clusters. The results show that the distribution of clusters is
meaningful. The results show that the proposed
AutoVDBSCAN successfully determines the parameters of
the clustering algorithm.

VI. CONCLUSIONS
Anomaly detection is one of the data mining methods to
analyse datasets and can be defined as finding unexpected
data or patterns in the dataset. In this paper, we extend varied
density algorithm of VDBSCAN [8] by proposing level-wise
AutoVDBSCAN algorithm, which uses automatic strategies to
determine input parameters of set of epsilon values and
MinPts based on the dataset characteristics. We applied the
proposed level-wise AutoVDBSCAN algorithm on a
precipitation dataset. The evaluation of the proposed levelwise AutoVDBSCAN algorithm with real-life precipitation
data show that the proposed algorithm successfully discovers
anomalies in precipitation dataset.
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Abstract— In the interactive image segmentation scheme, the
foreground model is initiated by the users’ simple inputs. Thus,
the objects on the foreground can be segmented easily with high
success from the images which have multiple objects and
cluttered backgrounds. Graph-based techniques (especially
GrabCut) that utilize graph theory can be considered in this
context. In this work we concentrate on the weakness of the
GrabCut method for the low-contrast images. Use of a contrast
enhancement technique as a preprocessing step in GrabCut is
proposed to improve the segmentation performance. Recently
introduced perception-based contrast enhancement method,
which maximizes the average local contrast of the image based
on local luminance difference is selected for this study. It has
been given excellent contrast enhancement performance and
successfully adapted to the GrabCut image segmentation
method. The experimental results show that the proposed
approach gives much better results than the original GrabCut
method on the low-contrast images sampled from a common
image dataset - Caltech.
Keywords— GrabCut, contrast enhancement, perception-based
image enhancement, interactive image segmentation, GraphCut

I. INTRODUCTION
Image segmentation has a crucial role in many computer
vision and pattern recognition applications. For this reason
huge amount of methodologies have been developed to better
segment the foreground object. Because they get prior
knowledge (e.g. initial regions) from the users and achieve
high performance, interactive image segmentation techniques
have popularity in recent works [1]. In these methods, the
initialization is performed with some regions belong to inside
and outside the foreground object which are marked by user
interaction. GraphCut [2] and its variants are the most
preferred techniques in this context.
An image is considered as a graph in GraphCut method and
the segmentation process is carried out using mathematical
operations, topologies and algorithms developed for the graph
theory. This process equalizes the features (e.g. energy) of the
boundary and region on all segments. Therefore novel
approaches based on this method have been developed in
recent years. For instance, some information (color, texture
complexity, gradient magnitude etc. ) are added to the energy
functions [3, 4]; or region and boundary information are
combined [5]. GrabCut, proposed by Rother C. et al., is an
emerging methodology that extends the original GraphCut
method to get more robust segmentation results.

The GrabCut method performed the following
modifications on the GraphCut method: improvement on the
optimization procedure, using an iterative approach for energy
optimization, boundary segmentation enhancement with
“border matting”, selecting simply a rectangular region that
involves foreground object on the initialization. The
application of the GrabCut method is quite widespread: e.g.
augmented reality [6], automatic object recognition [7], and
medical image segmentation [8].
To get better segmentation performance, in recent years,
some extensions to the original GrabCut method have been
proposed. For instance, the depth information is combined
with the color information in the energy function [9]. Also, the
texture information is used in [10]. With the method proposed
by Khattab D. et al. [11], user interaction is reduced and the
ability of finding more than two objects is obtained. In [12],
authors have suggested to use a saliency map to be not
affected from the incorrect region selection at the first step.
GrabCut is an iterative energy minimization based
segmentation method that uses the probability model
belonging to the color distributions of the pixels. Therefore,
when the boundaries between foreground and background
have low contrast, unexpected results can occur. In [13],
Khattab et al. reformulated the energy function to overcome
this problem.
In this study, using a contrast enhancement method as a
preprocessing step for GrubCut is proposed. Hence, we aim to
avoid performance degradation caused by low-contrast images.
Until now, a large number of contrast enhancement methods
have been developed: Contrast Limited Adaptive Histogram
Equalization (CLAHE) [14], Hue preserving color image
enhancement using multi-scale morphology [15], Gray and
color image contrast enhancement by curvelet transform [16],
Color image enhancement using evolutionary principles and
the retinex theory of color constancy [17] etc. We prefer to
use a novel and better contrast enhancement method:
Perception-based contrast enhancement of images [18] which
maximizes the average local contrast constrained by a
perceptual constraint with a greedy heuristic.
The rest of the paper is organized as follows: In the
Methods section the original GrabCut method and Perceptionbased contrast enhancement methods are described briefly.
The image data set definition and visual / quantitative
experimental results are given in Experiments section. Finally,
the results are interpreted and summarized in the Conclusion
section.

II. METHODS
In this section, the original GrabCut method and the
perception-based contrast enhancement methods are explained
separately.

A. GrabCut
GrabCut [1] is a popular GraphCut-based interactive
segmentation method. This method introduces the following
novelties: the use of color information with Gaussian Mixture
Model; iteratively minimized energy function; the use of
incomplete trimaps; reduced user interaction by only drawing
a rectangular shape that unmarks the known background
region.
The main steps of the method can be summarized as
follows:
Step 1. Initialize the trimap T that contains known
background TB, foreground TF and unknown TU regions, by
marking a rectangle onto the image. Inside of the rectangle is
accepted as TU and the complement of it as TB. The
foreground map TF is empty in the initial state, because there
is no region that known as foreground exactly.
Step 2. Perform initial clustering α = (α1, …, αi, …, αN):
αi =0, for iϵTB;
αi =1, for iϵTU
(1)
In this way, background pixels are marked as 0; and
unknown pixels that included in the foreground cluster are
marked as 1.
Step 3. Initialize Gaussian Mixture Models (GMM) for
both (background and foreground) regions with the previously
obtained clustering.
Step 4. Select the most fitted Gaussian components from
the background and foreground GMMs for all the pixels in the
unknown trimap TU.
ki = arg min ki Di (αi, ki, θ, zi)
(2)
where ki ϵ {1,…,K} is a parameter that represents the most
fitted GMM component of a pixel, Di is the data term of the
Gibbs energy function and K is the number of GMM
components. The Di can be evaluated by the following
equation:
D(αi, ki, θ, zi) = - log π(αi, ki) + 0.5 log det Σ(αi, ki) (3)
+ 0.5[zi - μ(αi, ki)] T Σ(αi, ki) [zi - μ(αi, ki)
where π(.) is the mixture coefficient, μ is the mean vector,
Σ is the covariance matrix and zi is the value of a pixel.
Step 5. Update the GMM parameters from the data
clustered in step 4.
θ = arg minθ Σi [D(αi, ki, θ, zi)]
(4)
Step 6. Perform the min cut algorithm [1] to find the new
clusters (segmentation results for this iteration)
min{αi : iϵTu} mink E(α, k, θ, z)
(5)
Step 7. Repeat the steps 4-6 until the energy function
converges to an acceptance value.
In this study, the hard segmentation process is used only.
For this reason we do not require to describe the boundary
improvement technique: “border matting”, as in many studies.

B. Perception-Based Contrast Enhancement
The sensitivity of human eye to the different contrast values
is a remarkable problem in the image enhancement literature

[18]. For this purpose, perceived contrast that is higher than a
minimum threshold level (suprathreshold) is used in this paper.
The perception of contrast is associated with the local
luminance gradient - that will be enhanced - at any pixel in the
scene.
The contrast enhancement method seeks to maximize the
average local contrast of an image with a perceptual constraint
that derived from the Weber Law. This constraint is controlled
by a single parameter and optimization of the contrast is
performed by a greedy heuristic. Besides, the range of the
color bands are constrained to overcome the saturation
problems.
The main steps of the method can be given as follows:
Step 1. Simply threshold the image (I) with a constant b
(initially 0), and obtain the R binary matrix.
Step 2. Detect the four-connected non-zero components,
called hillock (hib), in R and label them.
Step 3. Scale up the hillocks by an amount until any pixel
of the hillock is pushed beyond upper threshold (255) or
gradient around it reaches to the predefined limit (1+τ).
Step 4. Consecutively sweep thredhold bi (s.t. L ≤ bi ≤ U)
and repeat step 3. (The number of hillocks are bigger for low
values of b than for high values of b. In other words, as b
increases, the hillocks will be splitted into smaller
components.)
Step 5. Sweeping threshold from the lower to upper
intensity threshold (0-255) constitute the local hillocks of the
image, called I1.
Step 6. Obtain the complement of I1, called I2, by: U - I1(p).
Step 7. Do the same operations in Step 2 to Step 5 for I2.
Step 8. Complement again to get the enhanced output
image: I’ = U - I2(p).
These steps maximizes the objective function:
( )=

| |

∑

∈

∑

∈

( )

Subject to a perceptual constraint:
1≤

( )
( )

( )

( )

≤1+

( )

( )

( )

( )

(6)
(7)

And a saturation constant:
≤ ′( ) ≤
(8)
Where I(p) and I’(p) represents the input and ouput
intensity values of a pixel p, N4(p) represents the fourneighbouring of a pixel p, and Ω represents all of the pixels in
the image.
To extend these algorithm to the color images without any
degredation, the image is split into chrominance and
luminance parts with the help of CIE XYZ color space. Then,
the algorithms is performed on luminance channel only.
III. EXPERIMENTS
The segmentation performance of the proposed method is
given visually and quantitatively in a comparative manner
with original GrabCut method on the images of a public image
segmentation data set.

A.

Image Data Set
The segmentation performance of the proposed method is
evaluated on a data set that consists of 73 color images

selected from a public Caltech 256 images data set [19]
(contains 30,608 images from 256 categories). The sampling
strategy of data set (selection of sample images) is based on
the following rules: (1) select images that have cluttered (non-

uniform) backgrounds; (2) select at most one image for each
object category; (3) select images that include complex shaped
objects. The number of images being worked on is above the
average number of images (~25) used in the literature.

(a)

(b)

(c)
Fig. 1 Sample images and segmentation results from the CALTECH-256 image data set. a) Original image and initial bounding box; b, c) Segmentation results
of the GrabCut and the proposed method.

B. Experimental Results
In this study, the experiments have been performed in two
ways: quantitative and visual. To measure the segmentation
performance quantitatively six well known metrics have been
used: Accuracy, Dice Coefficient, Jaccard Index, Precision,
Sensitivity, Specificity. All of these metrics are evaluated
based on true positive (foreground pixel assigned as
foreground), true negative (background pixel assigned as
background), false positive (background pixel foreground)
and false negative (foreground pixel assigned as background)
ratios. In the experiments the outside of the rectangle that is
marked by user as background is not considered. Table 1.
shows the average values of the performance metrics on the
constituted data set, for both methods (original GrabCut and
proposed method).

TABLE I
SEGMENTATION PERFORMANCE OF THE PROPOSED AND ORIGINAL GRABCUT
METHODS

Performance metric
(%)
Accuracy

Segmentation method
GrabCut
Proposed
90.77
91.29

Dice coefficient

90.12

91.12

Jaccard Index

82.17

84.10

Precision

88.89

91.49

Sensitivity

88.18

90.44

Specificity

93.38

93.36

Table 1. shows that, the proposed method gives better
segmentation results than the original GrabCut method
generally. There is approximately 1.4% improvement on the
performance metrics for the proposed method.

The probable reason of a very small (0.02%) decrease in
the specificity value is due to the fact that this measure
concentrates on the true negative rate. On the other hand, there
is a big increase (more than 2%) in the sensitivity at which the
true positive rate is the main parameter.
The visual comparisons gives the similar results. We
analyzed all the segmentation results of both methods. Fig. 1.
shows sample images from the data set and their segmentation
results for the proposed method and original GrabCut method.
In the figure, each column represents different image samples
from the data set, and each row represents different forms of
images: a) the original images are shown with their initial
regions marked by user; b) the segmentation results of the
original GrabCut method with the reference boundaries of the
objects (it has also some arrows to indicate the problematic
regions of the segmentation results); c), the segmentation
results of the proposed method with the reference boundaries.
In the first image (leftmost one) of the Fig. 1., there is a bat
on the darkness. So some parts of its wing is in the shade. This
situation causes the non-segmented regions on the foreground
object with the original GrabCut method. But however the
proposed method has no weakness for this image. In the
second image there is a giraffe in front of a cluttered
background. The proposed method better segment the nose,
eye, horn and neck regions than the original method. The third
image has a kangaroo between grasses. Both methods find the
kangaroo, but the original method also segments some grasses
next to kangaroo as a foreground object incorrectly. The last
image is a low contrast image that has a goat on the stone. The
original method cannot detect a true region (several pixels
inside and outside the object as a foreground). Although the
proposed method gives exact segmentation result, it has
succeeded at a level that is not comparable with the original
method (the head region can be determined by a second user
interaction).
Other scenarios that are not included in the Figure 1 are
treated equally for both methods (they give very close results).
It is obvious from the quantitative results (the performance of
the original method is not too weak).
IV. CONCLUSIONS
In this work, perception-based improvement to the original
GrabCut method is proposed to get better segmentation results
for some types of images. For this purpose, recently proposed
perception-based image enhancement method for color images
is used before the GrabCut method as a first step. The
performance of the method has been evaluated on a data set
consists of 73 images. Achieved results (quantitative and
visual) show that the proposed method provides better object
segmentation than the original GrabCut method (avg. 1.4%
performance improvement for segmentation success metrics,
and more accurately segmented foreground objects).
For the future work, the effect of the other image
enhancement techniques and other color spaces to the original
GrabCut method might be studied.
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Abstract— Epilepsy is one of the most widely seen neurological
disorder. It affects around 1% of people in the world at all ages.
Unpredictable seizures in brain causes epilepsy. Knowing the
initial area of seizure which is called Epileptogenic Zone (EZ) is
very important for treatment planning. Physicians are using
different neuroimaging methods for the imaging of brain. Brain
cells communicate each other through electrical impulses. EEG is
one of the most popular test for electrical activity evaluation. EEG
provides high temporal resolution and it has very big advantage
for capturing millisecond changes. To find EZ using EEG
recordings is an inverse engineering problem and it is called EEG
source localization in the literature. In this context, seizures must
be carefully marked by experienced neurologist. In this study we
analyzed both averaged and separated epileptic spikes using
Brainstorm software. The results of MRI source localizations are
compared with predefined EZ zones in the dataset. Results show
a prior knowledge about spikes can increase success of source
localization.
Keywords— EEG, Epilepsy,
Localization, Epileptogenic Zone

Spike

Averaging,

Source

I. INTRODUCTION
Brain is one of the most interesting and complex organs.
Research is focused to better understand brain in every species.
Brain research is one of the most active areas. Physicians,
engineers and psychologists work together for getting better
information about how brain works, process information and
diagnose neurological disorders. Neuroimaging methods help
noninvasively assessment of brain disorders such as epilepsy,
brain tumor, schizophrenia, dementia and depression [1].
Epilepsy is abnormal discharges of some nerves causing
seizures and sometimes loss of awareness which decreases
patient’s life quality. Medical therapy helps to cure epilepsy.
For treatment planning it is very important to locate the area
which is the initial place for seizures is called Epileptogenic
Zone (EZ). Many neuroimaging methods are developed to
define EZ precisely lately. PET, SPECT, fMRI, MEG and EEG
techniques are popular methods in that area. Because EEG is a
favorite choice for scientists because it presents higher
temporal resolution and more accessible.

Brain source localization is a method for understanding
active sources of brain. It is called as EEG source localization
if EEG is used. In this method, active sources are estimated
using limited number of EEG sensors. This problem is
underdetermined, so a priori assumptions must be made for the
solution. Marking the initial period of seizure is very important
for precisely localization of EZ. There are a number of methods
developed for this problem and reported in the literature [2-3].
Marking the initial period of seizure is very important for
precisely localization of EZ. A neurology specialist can easily
select that period. That’s why marked epochs are analyzed in
this study for better localization. Marked spikes are averaged
and these mean signals are analyzed in literature. Seizure initial
times are analyzed separately, and averaged times are used in
this study. Results show that, averaged data can help better
localization. Furthermore, localization performance improves
if approximate location of initial spikes are indicated by a
specialist such as right or left hemisphere.
Tseng et al. [3] showed using 14 spikes, 11 of them gave near
result with averaged data in 1995, Bast et al. [4] made EEG and
MEG source analysis and compared averaged and single
dipoles results in 2004, Bast et al. [5] studied signal-to-noise
ratio and averaging effects on interictal EEG spikes in 2006,
Plummer et al. [6] worked on single and averaged epileptiform
discharges both dipolar and distributed source localization
methods in 2010, Aydın et al. [7] studied averaging effect on
EEG, MEG and combined EEG/MEG data in 2014 in the
literature.
Details of the method and Brainstorm source localization
steps are given in section 2. Localization results are shown on
MRI images in Section 3. Results are discussed, and
conclusions are drawn in Section 4.

II. METHODS
In this section dataset and software tools used are briefly
given. Then source localization steps are introduced and
averaging step is detailed.

A. Dataset
We used Zwoliński et al. [8] dataset which was freely
distributed. Records are obtained in Warsaw Memorial Child
Hospital. The EEG was recorded using 19 electrodes. The data
sampled at 250 Hz. Record lengths are between 20 to 40
minutes. Seizure beginning times are marked. File contains 5
patients’ EEG data and 4 out of 5 patients’ MRI file. EZs are
also given in the database description. To hide patients’ identity,
names are coded using 6 characters. Patient information is
given in Table I.
TABLE I
PATIENT INFORMATION

Patient Name

Age

CHIMIC

9

Number of
inter-ictal
events
4

FRAANN

17

3

HRADAW

12

4

JANPAT

10

4

JANPRZ

5

4

Origin

temporal lobe
origin
temporal lobe
epilepsy
right frontocentral region
temporal lobe
epilepsy
right temporal
region

B. Software
There are many software packages to analyze recorded EEG
signals and they are listed below.
•
•
•
•
•
•
•
•
•
•

Brainstorm [9]
EEGLAB [10]
ASA [11]
Cartool [12]
BESA [13]
Curry [14]
Fieldtrip [15]
SPM [16]
EMBAL [17]
LORETA [18]

Brainstorm, a free tool available on the Web, is used in this
study. It has many features for analyzing EEG signals and
source localization. A brief description of source localization
steps in brainstorm are given below.

head-model is the first option and using a suitable head MRI
from other patients (similar size or near age) is the other option.
2) Electrode Registration with MRI: Electrodes’ 3Dlocations are very important for source localization process
success. Brainstorm user interface permit user to correctly
specify electrode locations on head.
3) Spike Marking: It is very important to mark when the
seizure is started on time domain. In dataset seizure beginning
times are broadly marked. A neurologist selected initial times
precisely for this study.
4) Preprocessing of EEG Signals: EEG signals are weak in
amplitude and can easily be contaminated by biological or nonbiological artifacts. EEG data is filtered to decrease artifacts
and/or unwanted signals.
5) Epoching Signals: Epoching is the process of extraction
of specific time segment from continuous or video EEG data.
In this study, 300 ms before and 500 ms after periods are added
to create epochs.
6) Averaging Spikes: Averaging epochs obtained in the
previous step is done by basic mean calculation. Effect of
averaging spikes on EEG source localization is investigated
here. That’s why source localization results are calculated for
both separated epochs and averaged epochs.
7) Head model Creation: BEM, FEM and FDM methods are
used for to create head models in literature. BEM is used in this
study because it is a non-iterative method. MRI scans are
segmented using Freesurfer software. Then OpenMEEG BEM
[20] software is used to solve forward problem.
8) Inverse Solution: Epileptic source locations are
calculated using EEG measures in this step. Theoretically there
is no unique solution. Methods use priori assumptions to solve
this problem. Source localization methods reported in literature
can be classified into 2 classes: Dipolar and distributed methods.
In dipolar methods, it is assumed that one point or small number
of points explain many sources. On the other hand, distributed
methods assume many dipoles placed on fixed locations and
orientations. Distributed methods are preferred because it is fast
and result maps are more meaningful. But it has statistical
complications.

III. RESULTS
Source localization results are obtained using Brainstorm
data analysis steps. These findings are compared with dataset
EZ descriptions and each other. Both single spike and averaged
spike results are compared. Results are calculated using
Minimum Norm Estimation and dipolar methods.

1) Patient MRI Data Preparation: Brainstorm can accept
data processed on Freesurfer platform [19]. For MRI data
All patients’ EZ based on brain regions and post-operative
nasion, Left Pre-Auricular (LFP) and Right Pre-Auricular (RFP) MRI images of some patients are given in the dataset. Results
points are manually selected by user. Then brainstorm are compared using this information.
calculates the head points. There are two choices if patient MRI
data is not good quality or is not available. Using a template

Results for patient FRAANN is given in Fig. 1. This patient
is 17 years old and had 3 seizures on EEG record. Seizure
beginning times are marked by neurologist for patient
FRAANN and then all spikes are analyzed and given in Fig. 1
a, b and c using Minimum Norm method [21] separately.
Averaged spike is given for all channels in Fig. 2.
There are 4 seizures for patient JANPRZ, in dataset. While
marking spikes, specialist indicated that first and third spikes
are left originated. Using this information, we tried averaging
second and fourth spikes. Then results using all averaged spikes
and averaged these two spikes are compared. More accurate
result is obtained using latter choice.

(a)

It is believed that analyzing the same brain lobe separately
by averaging these signals can be helpful for detection of EZ if
initial location of seizure is known either as right or left
originated. This averaging process must be tested for more
patient who has many seizures.
Results for both separated spike and averaged spikes are
shown in this study. It is true that averaging process can reduce
artifacts and improves localization. Analysis also shows that
priori information about spike origin increases localization
performance while averaging spikes.

(b)

(c)

(d)

Fig. 1 Minimum Norm results for patient FRAANN using Minimum Norm Meethod, all results are given when the time is 20 ms on EEG view of epochs. (a)
Minimum Norm result for spike 1, (b) Minimum Norm result for spike 2, (c) Minimum Norm result for spike 3, (d) Minimum Norm result for averaged spike

Fig. 2 Averaged spike result for patient FRAANN, red line is on 20 ms

IV. CONCLUSIONS
Effect of averaging spikes on the success of source
localization is investigated in this study based on MRI image
results. As the findings show, averaging contribute better
localization results. But improved source localization is
possible by averaging originating groups separately if a coarse
initial spike location as right or left lobe is known or indicated
by a specialist.

[2]

[3]

[4]

Results for patient JANPRZ is given in Figure 3. More
successful localization result is obtained if specialists decision
of the initial seizure location is used.

[5]

Non-invasive source localization is one of the active
research field in neuroscience. The proposed method help
physicians and engineers for better localization of EZ.

[6]

[7]

[8]

Fig. 3 Averaged spike result for patient JANPRZ on time 40 ms, (a) averaged
all spikes, (b) averaged spike2 with spike 4 result
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Abstract— Electronic health records (EHRs) can improve
physicians' performance and health care quality by describing
the medical information of patients such as patient's symptoms,
medical history, results of clinical examination and tests,
laboratory results, and prescribed medicines. The interpretation
of the medical information about a patient’s status and a
patient’s medical history often offers important clues for the prediagnostic process. However, nowadays the medical history
information is the most abundant unstructured data type in the
EHRs and still in free text. The data arrangement and retrieval
of such free text parts become difficult to analyse
computationally. This study offers a methodology to analyse free
texts in Turkish EHRs to diagnose diseases by using text-mining
(TM) and natural language processing (NLP) methods because
TM and NLP methods are able to extract useful knowledge from
unstructured free texts.
Proposed method (bi-gram based word associations) was
tested for neuromuscular disease reports and the results achieved
for selected performance metrics were compared with Naive
Bayes method results. Accuracy for the proposed method and
Naive Bayes method are 73.33% and 58%; sensitivity/recall
values are 0.78 and 0.76; specificity values are 0.80 and 0.55;
precision values are 0.82 and 0.66; and f1-score values are 0.60
and 0.81, respectively.
Consequently, TM and NLP with a good accuracy rate of
classification of neuromuscular diseases to be predicted from free
text of medical history can integrate into EHRs as a diagnostic
tool to improve clinical decision support system (CDDS) on the
pre-diagnostic time period.
Keywords— Turkish, text mining, electronic health records,
clinical decision support system, health information

I. INTRODUCTION
Electronic health records (EHRs) by describing the
medical information of patients such as patient's symptoms,
medical history, results of clinical examination and tests,

laboratory results, and prescribed medicines can improve
physicians' performance and health care quality [1]. Data
types captured in EHRs can be various from structured
information to unstructured information [2]. Medical history
retrieved by EHR as free text allows physicians to have a
more comprehensive view of the patient by providing
extensive information and care options. The interpretation of
the medical information about a patient’s status and a patient’s
medical history often offers important clues for the prediagnostic process to help refute or substantiate the diagnosis
and request additional laboratory or radiological exams that
differential diagnosis are presented with respect to the medical
history, physical examination, and laboratory tests. Thus, this
is so important part in EHRs to simplify decision complexity
in many medical situations [3]. However, nowadays the
medical history information among the most abundant
unstructured data type in the EHRs is still in free text and the
data arrangement and retrieval of such free text parts become
difficult to analyse computationally because the word phrases
and expressions can be too subjective and highly
heterogeneous. Additionally, the context can reflect each
writer rather than a standardized system and can hold intricate
vocabulary with medical terms, abbreviations, acronyms, and
local dialectal terms [4]. For these reasons, unstructured EHR
text may provide complete descriptions that would not have
been possible to obtain from data in a structured form. Natural
language processing (NLP) and text-mining (TM) tools are
essential for extracting useful knowledge and structured
information by analysing the diversified viewpoints of written
data from free texts and have many applications in various
fields [ 5- 8].
In this study, we aimed to develop a methodology based
on TM that allows classification of neuromuscular diseases to
be predicted from free text of medical history in EHRs in

order to improve clinical decision support system (CDSS) on
the pre-diagnostic time period.
II. METHODOLOGY

A. Data
We evaluated a total of 2300 EHR reports acquired from
the routine clinical practice of Physical Medicine and
Rehabilitation Department at Medical Faculty of Gazi
University in the years of 2012 to 2015 and randomly selected
150 reports to analyse proposed method (bi-gram based word

associations). Each report is written in Turkish language and
has the similar structure. We extracted and prepared the
corresponding free text documents from the EHRs belonging
to 5 different common neuromuscular diseases included carpal
tunnel syndrome (CTS), peripheral neuropathy (PNP),
cervical radiculopathy (CRP), brachial plexus or sciatic nerve
injury. Fig. 1 shows the main structure of reports consisting of
headers, free texts and footers in routine clinical use in the
related clinic that is noticed before. The Ethics Committee at
Gazi University School of Medicine approved this study.

Fig. 1 Clinical reports used for the relation extraction between patient's history and preliminary diagnosis (in .xls format)
a) patient information, medical history information as free text and results of clinical examination and tests b) results of NCS tests using EMG.
c) results of needle EMG tests d) results and diagnosis

B. TM and NLP Methods
NLP is a branch of artificial intelligence that deals with
analysing, understanding and generating the languages that
humans use naturally in order to interface with computers in
both written and spoken contexts using natural human
languages instead of computer languages. NLP has commonly
main five steps including lexical, syntactic, semantic,
disclosure and pragmatic analysis.

TM is often used to analyse information hidden in the text
of a document and to extract key words, phrases, and even
concepts from written documents. The main purpose of the
TM is to analyse texts automatically without manually sorting.
There are several techniques in TM and Fig. 2 shows the steps
of TM process.

Fig. 2 Steps of TM process

We demonstrated how to derive useful information from
the unstructured text in the EHR for pre-diagnosis. Fig 3
shows overall architecture of the proposed system.

5.

6.
7.
8.
9.
10.
11.
12.
13.
14.

Fig. 3 Overall architecture of the proposed system

Pre-processing (an ontology-based normalization process)
step was initially performed, applying a cleaning process (e.g.,
spell checking, replacing acronyms, removing duplicated
characters, and applying grammar rules) [9]. Next, we
identified the regions of interest on a document, such as a
document structure analysis that is introduced as a pseudocode following:
1.
2.
3.
4.

Begin
Choose the folder that has medical reports
Eliminate all the irrelevant files that differ from .xls files
Find excel sheet named “electrophysiological findings” in
each report

15.
16.
17.

Get the text between “Result” (seen as "SONUÇ" in Fig. 1(d))
part and “Dr” words in each “electrophysiological findings”
sheet
If the “Result” part and “Dr” words are not included
Get the file name with file path
Fix the report manually
End if
Add all the text that found in 5th step into a variable that
defined in a type of StringBuilder (a pre- defined java library)
Obtain an output file using the result of previous step
Find different diseases manually in the output file
Define different arrays to contain negative and positive results
of the selected illnesses
Use the defined arrays to get the preliminary diagnosis (seen
as "Ön Tanı" in Fig. 1(a)) part of each patient
Collect all the preliminary diagnosis of different illnesses
together as patient and healthy
Obtain the files according to the results of the previous step
End of the algorithm

Misspelled word correction (spelling correction) refers to
recognizing and rectifying the mistakes, which the user
generally makes while writing text. These spelling errors can
be non-word errors, real-word errors. Many misspelled words
such as incorrect words and words with missing letters, were
found when the documents were examined. These mistakes
can cause several problems in the data mining especially
training the system. There are many spelling correction
algorithms such as Levenshtein, Wagner and Fisher, BoyerMoore, Knuth etc. [10]. In this study, Levenshtein spelling
correction algorithm based on edit distance of two given
words (the spelled word in the text and the word in corpus)

was used [11]. The result of the spelling correction process of
the proposed system was shown in Fig. 4.
Then, for better interpretation of the information, we used
tokenization [12], negation handling, and stemming for Word
classification. Tokenization is the process of breaking a text
into words, phrases, symbols, etc. Negation handling is a

mechanism to detect if an expression is negative. Stemming
consists in the identification of words with a small syntactic
variation, for example, “wait” will be in the same category as
“waiting” [13, 14]. These processes of NLP intend to interpret
human language by machines in order to perform information
retrieval and information extraction. Fig. 5 shows Root
analysis steps of the proposed method.

Fig. 4 Result of the spelling correction process of the system
a)before spelling correction b) after spelling correction

Fig. 5 Result of adventitious root analysis process

We used keyword-based association method based on
association analysis [15] and reduced the probability of
retrieving incorrect data by using, among others, lists of stop
words, keywords, idiomatic expressions and local nouns. This
approach was adapted to TM like assigning, interpreting, and
exporting keywords, tags or semantic information such as
classification and trend analysis. Fig. 6 shows the steps used
for association analysis process in the study.
Basic text analysis on unigram and bigram frequencies can
be helpful when mining datasets of unstructured text. In this

study we used bigrams explaining which phrases were most
common in the corpus that we used. A database view of
associated words of most frequent words was shown in Fig 7.
Since written language comes with a certain degree of
flexibility, the unstructured text in the EHR was
conceptualized by matching terms of Boun corpus [16]
containing 1400000 (one billion four hundred million)
Turkish words. to the text corpus of the EHR system. Our
method captured the massive unstructured text in the EHRs in
a fully automated manner and infers medical histories.

system (keyword-based association algorithm with bi-grams)
by testing the data with these two methods (Fig. 8).
In this study, Naïve Bayesian algorithm was used to find
which one of the disease is matching most suitably with the
given patient history Since Naive Bayes classifiers are among
the most successful known probabilistic learning algorithms
for learning to classify text documents [17]. To calculate the
probability of words, every patient reports were examined and
according to the disease names kept in the Mysql database.
Algorithm calculated the independence probability values of
each word given in the patient's history so that the algorithm
gives a percentage of the class to which the patient's history
belongs to (Eq. 1).
(1)
where D is observed training data, h is P(h\D) is posterior
probability of h, P(h) is prior probability of h, P(D\h) is
probability of observing D given that h holds, and P(D) is
probability of observing D.
Fig. 6 Flow-chart of word association analysis

After classification of the reports with Naive Bayesian and
the proposed method, selected evaluation metrics as accuracy,
sensitivity/recall, specificity and precision were compared in a
table for these two methods.
In order to evaluate and determine the best algorithm that
can be applied onto a specific data set, we considered some
statistical measures including accuracy, sensitivity/recall,
specificity and precision.
Accuracy consists in measuring the proportion of values
correctly predicted. Sensitivity (or recall) classifies, for
example, the proportion of ill patients. Specificity classifies
the proportion of negative cases correctly classified, e.g., the
patients that were correctly classified as not being ill.
Specificity is one of the most frequent measures used in the
medical area, derived from the need of maximizing it,
minimizing any possible false alarms (e.g., cases which a
patient was classified as not ill, but was in fact ill).
Finally, in pattern recognition, information retrieval and
binary classification, precision is the fraction of relevant
instances among the retrieved instances. These statistical
techniques are very important to evaluate the success of the
methodology and how to calculate these measures are shown
in Table I.
TABLE I
EVALUATION MEASURES AND FORMULAS

Fig. 7 Associated pairs for most frequent words

C. Evaluation Process
To evaluate the accuracy and usability of the proposed
system, we implemented Naive Bayesian method in Java
language to compare with our proposed TM and NLP-based

Measure
Accuracy
Sensitivity
Specificity
Precision
F1-score

Formula

TP=true positive; FP=false positive; TN=true negative; FN=false negative;
R= recall/sensitivity; P= precision/positive predictive value

Fig.8 Testing architecture of the system

III. RESULTS AND DISCUSSION
In this study, the neuromuscular in-patient and medical
history records were chosen from the nursing passage records
stored by the EHRs. Free texts in medical history part in 150
EHRs were analysed into morphemes, and the relations
between feature vocabularies were analysed by a TM
technique to visualize this information. Top 26 words and
their frequencies acquired from the medical reports in this
study are shown in Table II.
TABLE II
RELATIONSHIP BETWEEN TOP 26 WORDS (RELATED WITH
NEUROMUSCULAR DISEASES) AND THEIR FREQUENCIES

Rank
1
2
3
4
5
6
7
8
9
10
11
12
13

Word
şikayet
uyuşma
her
el
iki
var
güçsüzlük
gece
sağ
yıl
parmak
olmak
karıncalanma

Freq=frequency

Freq
427
335
236
226
221
214
214
194
182
178
176
161
140

Rank
14
15
16
17
18
19
20
21
22
23
24
25
26

Word
daha
ağrı
sol
ay
belirgin
tüm
yok
artmak
hasta
olan
uyanmak
yaklaşık
son

Freq
123
117
114
110
101
96
96
95
88
88
75
68
66

The evaluation metrics of accuracy, sensitivity, specificity,
precision and F1-score values of the classification results were
presented in Table III.
TABLE III

ACCURACY TABLE FOR COMPARISON OF TWO METHODS
Accur.
%

Sens.
%

Spec.
%

Prec.
%

F1score

Naive Bayes

58.0

76.0

55.0

66.0

0.60

findAssocs
with bigrams

73.3

78.0

80.0

82.0

0.81

Method

Acc=Accuracy; Sens=Sensitivity; Spec= Specificity ; Prec=Precision

We found that accuracy rate of Naïve Bayesian algorithm
was 58% while our findAssocs with bigrams algorithm was
73.33%.
In order to support CDSS, the identification of the
information in EHRs is a labor-intensive task and depends
strongly on the availability of structured information [18,19].
Due to fact that medical history consists of mostly
unstructured data type, the clues for diagnosis in medical
history are often lost in the physician-patient communication
or the physicians simply do not appreciate the patient’s
perspective fully [20-22]. Therefore, diagnostic support is
needed for diseases due to a lack of experience with these
disease and even many sub-specialties. Modern computational
methods are powerful to assist the physician in generating a

diagnosis. Using databases and statistical algorithms,
scientists attempted to reduce diagnostic mistakes and
enhance diagnostic accuracy [23-26]. This study showed that
the application of TM improved the diagnostic quality in prediagnosis process like previous studies basis of selected
clinical scenarios [23-25, 27].

[5]
[6]

[7]

IV. LIMITATIONS
This study had some limitations. Firstly, observational data
included only patients with selected neuromuscular diseases
but no other diagnoses, e.g. chronic cardiac or pulmonary
diseases, mimicking a neuromuscular disorder due to the
nature subject and retrospective study. Therefore this system
is not yet completely ready for the clinical use in terms of
above limitation. We believe that the proposed method can be
integrated into routine clinical use at the Department of
Physical Medicine and Rehabilitation for real-time CDSS and
replace the time consuming manual screening of EHRs.
Secondly, a considerable obstacle to conceptualize free text
from EHRs is that the terms are not necessarily spelled
accurately and the sentences may not be grammatically correct.
In some cases, the clinicians enter text directly into the
records.
V. CONCLUSIONS
This research suggests that TM is a valuable technique in
the analysis of free texts such a medical history in EHRs for
the fruitful possibility of automatically detecting a disease.
We believe that the proposed method and our findings could
be used to improve CDSS, thereby decreasing adverse events,
more accurate pre-diagnosis, and optimizing neuromuscular
diseases treatment.

[8]
[9]
[10]

[11]
[12]
[13]
[14]
[15]
[16]

[17]
[18]
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Abstract— Civil engineering analyses are quite complex
calculations. Many designs require iterative solutions based on
finite element methods. In order to solve these designs it is
imperative to do many consecutive correct calculations. This is
only possible with the help of computers. For this reason, many
computer programs have been prepared for civil engineering
designs. These programs are used at every stage of construction
work. Some of these stages are areas such as design, calculus,
practice and education. Recently it has become clear that civil
engineering programs need to collaborate with other programs for
more economic design and more accurate solutions. The most
important link for this collaboration is the Open Application
Programming Interface (OAPI). In this study, evaluated that
OAPI’s usage of computer programs, advantages and
disadvantages. Many studies have shown that the OAPI is a very
useful connection type. An example of this topic are presented. It
has been determined that the OAPI will find further use for civil
engineering programs in future.
Keywords— Civil Engineering, Programming,
Engineering, SAP2000, ETABS, OAPI.

Structural

I. INTRODUCTION
Today, constructions are designed to force the boundaries of
nature. Structures such as very high buildings, large span
bridges, very large hangar structures make the engineering
calculations difficult. Structural engineers have to solve these
analyses with precise results, which are difficult for higher,
larger and more reliable structures. In addition, the dynamic
calculations of structures with the better learning of earthquake
mechanics make the design of buildings more complex.
Structural engineers have to get help from the computers to
make these analyses.
Ever since the computer's first appearance, civil engineers
have been using computers to analyse structures. Over time, a
lot of computer software came out for building analysis and
drawings. These software are able to solve structure analysis
both fast and accurate. Generally, these programs make use of
the finite element method. However, use of these programs
alone is not sufficient for structure solutions today. Studies
show that iterative solutions are needed for specific structures.
These iterative solutions can only be done by analysing these
programs in conjunction with software capable of general
mathematical analysis. This connection can only be done with
OAPI.

A lot of work has been done with OAPI recently. It would
be right to divide these studies into two. First, the OAPI should
shorten and facilitate the process steps. The second type is
iterative studies using meta-heuristic algorithms. Some of these
are:

A. The OAPI Shortens and Simplifies The Process Steps:
1) Sexos and Balafas investigated the reliability of
structures using SAP2000 OAPI. They did pushover
analysis for a bridge in Greece. Push over analysis is an
analysis to determine the earthquake resistance of
buildings in many steps. This analysis is an algorithm
with sequential structuring. SAP2000 OAPI and Visual
Basic have done in collaboration with fast and accurate
these analyses [1].
2) In Yalçın’s study, a computer program was developed
in order to apply the truck wheel loads to the decks of
simply supported bridges, conduct finite element
analyses of these bridges and further post-process the
results. The program was coded in Excel VBA and
integrated to SAP2000 Finite Element Analysis
software through an OAPI. As a result of this integration,
tedious and time-consuming parametric studies can be
performed in a few days only [2].
3) Kılıçer and other investigated that the effect of
soilstructure interaction on design of reinforced
concrete structures. The effect of subsoil under the
structure to the behavior of the structure is investigated
using Winkler and Modified Vlasov Model in addition
to rigid base assumption. An interface is developed by
the authors to use SAP2000 software and MATLAB
simultaneously for the analysis so that SAP2000
software gains the ability of the analysis of mat
foundation by using Modified Vlasov model. They
observed that soil-structure interaction has a significant
effect on the design of reinforced concrete structures [3].
4) Jalali an Banazadeh investigated that seismic
performance of steel plate shear wall system and
consume major part of the steel material in a structure.
They presented that implements various SPSW design
algorithms. In the algorithm Etabs GUI and OAPI work
together for solve the problem. They could easily solve
the 3, 10, and 17-storey structures. [4]

B. Iterative Studies Using Meta-heuristic Algorithms:

As can be seen from the work done, the most commonly
used structural engineering programs are SAP2000 and ETABS.
The programs connected with these programs are MAT-LAB
and Visual Basic. The connection algorithm is shown in Fig 1.

SAP2000, ETABS

Input Values

Results

OAPI

MAT-LAB, VISUAL BASIC

1) Mojolic and others have taken a sample of a sports
center at Romania in 2017. They preferred it because
the sports center is a wide span structure. They have
designed “Passive Structural Control Systems” that are
used in construction. In doing so, a genetic algorithm is
used. The code prepared in the MAT-LAB software
language has worked with SAP2000. As a result of the
iterative solutions made, they determine the most
suitable seismic isolator type [5].
2) Artar and others study, optimum design of plane steel
bridges considering corrosion effect by using teachinglearning based optimization (TLBO) method. A
computer program is coded in MATLAB to carry out
optimum design interacting with SAP2000 using OAPI.
The stress constraints are incorporated as indicated in
AISC Allowable Stress Design (ASD) specifications
and also displacement constraints are applied in
optimum design. They obtained from analysis show
that the corrosion effect on steel profile surfaces causes
a crucial increase on the minimum steel weight of
bridges [6].
3) Baradat and others have optimized the damping
coefficient and the natural period of the construction in
a 5-story building close to the fault in 2015. The code
prepared in the MAT-LAB software language has
worked with SAP2000. They used genetic algorithm.
They used the horizontal displacement of the structure
and the displacement of the isolator as a limiter. It was
determined that the peak point acceleration decreased
by 12.6% compared to the no-isolator configuration
[7].

Initial Values

Getting Results

Penalty
Coefficent Value

Fitness Value
Determination

Convergence?

No

Yes
End
Fig. 1. General algorithm for use of OAPI

In this study, these connection types will evaluate how they
are used, their usage areas, advantages and disadvantages. In
addition, prepared samples and usage areas are shown.
II. OPEN APPLICATION PROGRAMMING INTERFACE (OAPI)
The SAP2000 Application Programming Interface (OAPI)
is a programming tool which aims to offer efficient access to
the analysis and design technology of the SAP2000 structural
analysis software, by allowing, during run-time, a direct bind
to be established, between a third-party application and the
analysis software itself (Fig 1). Additionally, through the use of
this API, one has the option of developing plug-ins, which
extend the program's usability and are totally embedded within
the SAP2000 environment. In terms of computer programming,

the API consists of a software library that offers access to a
collection of objects and functions capable of “remotely”
controlling the way that the SAP2000 behaves, thus, overriding
the standard point-and-click procedure. A highlight of the main
features that the API provides are summarized below [1]:
 Direct, fast and robust coupling with the SAP2000 design
and analysis methods.
 Two-way data flow as it can be used to facilitate both preand post-processing procedures.
 No need of using intermediate files, which reduces
significantly the time needed for data exchange when working
on large models.
 Compatibility with most major programming languages.
 Concurrent data transfer and control of a structural model
by different third-party applications.
 Development of third-party applications that will remain
compatible with future releases of SAP2000.
 Ability to develop a custom interface for SAP2000,
calibrated to the user's needs, or to embed one in an application
that allows for user programming.

A document was prepared by the structural analysis
programmer
for
the
use
of
OAPI
(SAP2000_API_Documentation.chm). This document contains
all the necessary codes for the connection of the programs.
There are also extensive examples for beginners in the
document. The beginning of the document is given in Fig. 2.

A. SAP2000-ETABS
The SAP name has been synonymous with state-of-the-art
analytical methods since its introduction over 30 years ago.
SAP2000 follows in the same tradition featuring a very
sophisticated, intuitive and versatile user interface powered by
an unmatched analysis engine and design tools for engineers
working on transportation, industrial, public works, sports, and
other facilities [8].
SAP2000 software is a general purpose program used for the
development, analysis and sizing of building system models.
The program runs in Windows environment and all operations
are performed on the SAP2000 screen with special Graphical
User Interface help. In the analysis and dimensioning of any
building system with the help of SAP2000, the following is
generally followed [9]:
1) Creation of the System Model
2) Identification of Material Properties
3) Defining Section Properties
4) Defining Loads
5) Solution (Analysis)
6) Dimensioning
Advanced analytical techniques allow for step-by-step large
deformation analysis, Eigen and Ritz analyses based on
stiffness of nonlinear cases, catenary cable analysis, material
nonlinear analysis with fiber hinges, multi-layered nonlinear
shell element, buckling analysis, progressive collapse analysis,
energy methods for drift control, velocity-dependent dampers,
base isolators, support plasticity and nonlinear segmental
construction analysis. Nonlinear analyses can be static and/or
time history, with options for FNA nonlinear time history
dynamic analysis and direct integration [8].
The OAPI is compatible with most major programming
languages, including Visual Basic for Applications (VBA),
VB.NET, C#, C++, Visual Fortan, Python, and Matlab.

Fig. 2. Sample code snippet from OAPI Documentation

B. Advantages of OAPI
Firstly, OAPI is the only software that can cooperate with
main programming languages and structural analysis programs.
Structural optimization problems have been theoretically
solved in the past. It was necessary to know very well the
structural analysis methods for this solution. It also has to be
able to do optimization coding as well. Structural optimization
could be done with these two skills. In addition, there was a
high possibility of error with the reason that the operation step
was too much. The use of structural analysis programs and
programming languages using OAPI has solved many
problems. SAP2000 and ETABS, which have proven to be
reliable in the world for structural theoretical calculations, can
be used for very accurate analyses. For example, when MATLAB is used as a programming language, optimization can be
performed with the aid of ready-made Toolboxes. These
eminent researchers can devote time to the optimization of
different structures.
In addition, the ability to create new models allows rapid
changes to be made on the building model and the results can
be quickly assessed.

C. Disadvantages of OAPI
OAPI is a very good system for connecting engineering
programs. However, there are some difficulties in its use. The
main difficulty is that there is no interface for use. Special codes
written to basic programming programs and programs work in
common. There is only one document prepared by the software
for linking. The codes in this table are prepared in accordance
with visual basic software. For other programming languages,

there is no other document. Constant renovation of civil
engineering programs and versions in programming languages
also causes link codes to change. This makes the use of codes
difficult.
III. EXAMPLE
As an example study, a cantilever beam was considered. A
visual interface is prepared in Microsoft Excel program (Figure
3).

Fig. 4. OAPI code prepared in visual basic

Fig. 3. Interface prepared in Microsoft Excel

Information with the help of OAPI reaches to SAP2000.
Analysis is done by Run key afterwards. The solution is made
according to the maximum displacement constraint.
As a result:
 b or h,
 Forces,
 Edge Displacement,
 Edge Rotation,
It is seen from the information from SAP2000.
With the aid of the prepared code, the designer who made
beam sizing made it easier. In general SAP2000 has been
designed with trial and error by means of OAPI.
An example with the information shown in Figure 1 is solved.
The model created in SAP2000 is shown in Fig. 5.

A nonlinear analysis of a reinforced concrete cantilever
beam was carried out. The beam, loads and material
information are entered from the program interface.
Entrance information:
 Beam length,,
 Distributed load,
 Singular load,
 Weight Per Unit Volume,
 Maximum Displacement,
 b or h.
The SAP 2000 program is opened with the 'Open SAP2000
Model' button after the information of the beam is entered in
the interface. Programs collaborate with the help of OAPI code
prepared in Visual Basic (Fig. 4)
.

Fig. 5. 3-dimensional shape of the example

The analysis was done for a maximum of 2 centimeters. The
height of the beam (h) was determined to be 35 centimeters.
Other information is shown in the results section. The beam tip
displacement and rotation information in SAP2000 are given in
Fig. 6.

more researchers, future solutions to more complex civil
engineering problems will be solved in shorter time.
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Abstract— PADIC is a multidialectal parallel Arabic corpus.
It was composed initially by five Arabic dialects, three from
the Maghreb and two from the Middle East, in addition to
standard Arabic. In this paper, we present an augmented
version of PADIC with a Moroccan dialect. We give also an
evaluation, using the σ–index, of the computerization level of
the Arabic dialects present in PADIC which reveals that these
languages are really under-resourced. Several experiments in
machine translation, in both sides between all the combinations
of language pairs, are discussed too. For each language, we
interpolated the corresponding Language Model (LM) with a
large Arabic corpus based LM. The results show that this interpolation is in some cases without effect on the performances
of translation systems and in others is rather penalizing.
Keywords Machine translation system, Standard Arabic,
Arabic dialect, PADIC, Under-resourced language, Interpolated
language model

I. I NTRODUCTION
Spoken Arabic is often referred to as colloquial Arabic,
dialects, or vernaculars. It’s a mixed form, which has many
variations, and often a dominating influence from local languages (from before the introduction of Arabic). Differences
between variants of spoken Arabic can be large enough to
make them incomprehensible to each other. Hence, regarding
the large differences between such spoken languages, we
can consider them as disparate languages or more exactly
as different dialects depending on the geographical place in
which they are practiced.
The varieties of Arabic dialects are distributed over the 22
countries in the Arab World and are classified by Natural
Language Processing (NLP) researchers community into five
groups namely: Maghrebi (spoken in all of North Africa),
Egyptian (spoken in Egypt, but understood universally), Levantine (spoken primarily in the Levant, Syria and Palestine),
Iraqi (spoken in Iraq) and Gulf (spoken primarily in Saudi
Arabia, UAE, Kuwait and Qatar) [1].
Arabic dialect (AD) is the mother tongue for all native
speakers of Arabic. Furthermore, there is no native speakers
of Modern Standard Arabic (MSA). However, MSA is the
unique written standard using the Arabic script. AD is not
a written form of the language but there is a tendency
nowadays to use the colloquial spoken dialects in written
*Ecole Normale Supérieure Bouzareah.
**Ecole Supérieure d’Informatique.

forms as well, especially in social media channels and
forums. People tend to use it as it is easier and it reflects
their daily life style. Some AD differ significantly from MSA
on all levels of linguistic representation that results in huge
inconsistencies in orthography [2].
NLP for Arabic dialects has grown widely these last years.
Indeed, several works were proposed dealing with all aspects
of Natural Language Processing. However, some AD varieties, notably Egyptian Arabic, have received more attention
and have a growing collection of resources [3]. Others
varieties, such as Maghrebi, still lag behind in that respect. In
fact, most of Arabic dialects (if not all) could be considered
as under-resourced languages. They are impoverished in
terms of available tools and resources compared to MSA
for which most of the research effort, in creating tools and
resources for Arabic, has focused on.
The research work we carry is focused on the processing of
Arabic dialects; and more precisely on Statistical Machine
Translation (SMT) of these dialects to standard Arabic and
vice versa. PADIC (Parallel Arabic DIalect Corpus)[4] is one
of the important contributions we made in this field. It is a
multi-dialectal parallel corpus. Initially, it was composed of 5
Arabic dialects namely: ALG (the dialect of Algiers capital
of Algeria), ANB (the one of Annaba in eastern Algeria),
TUN (a dialect of Sfax in western Tunisia), SYR (spoken
in Damascus capital of Syria) and PAL (spoken in Gaza in
Palestine) .
In this paper, we present an augmented version of PADIC
with a Moroccan dialect and discuss Machine Translation
(MT) results obtained for all the pairs of dialects contained
into PADIC. In addition, we will proceed to an evaluation of
these dialects in terms of resources using the σ–index.
II. R ELATED WORK
Number of researchers have exploited the existing tools of
standard Arabic NLP to develop their Machine Translation
systems of Arabic dialects. For example, Tachicart et al. in
[5] used tools designed for standard Arabic and adapted
them to Moroccan dialect in order to built a translation
system of MSA to Moroccan dialect by combining a rulebased approach and a statistical approach. Sawaf [6] built
a hybrid AD-English MT system that uses an MSA pivoting approach. In this approach, AD is normalized into

MSA using character-based AD normalization rules, an AD
morphological analyzer, an AD normalization decoder that
relies on language models, and a lexicon. Similarly, Salloum
and Habash [7] presented Elissa , a MT system from AD
to MSA which employed a rule-based approach that relies
on morphological analysis, morphological transfer rules and
dictionaries in addition to language models to produce MSA
paraphrases of dialectal sentences. Elissa handles Levantine,
Egyptian, Iraqi, and to a lesser degree Gulf Arabic. Zbib et
al. [8] used crowdsourcing to build Levantine-English and
Egyptian-English parallel corpora. They selected dialectal
sentences from a large corpus of Arabic web text, and
translated using Amazons Mechanical Turk. They used this
data to build Dialectal Arabic MT systems, and find that
small amounts of dialectal data have a dramatic impact on
translation quality.
Several works have aimed multidialectal Arabic corpus
construction. For example, Almeman and Lee in [9] built
automatic Arabic dialects corpora by exploiting the web as
a corpus. A survey has been conducted to categorise distinct
words and phrases that are common to a specific dialect
only, and not used in other dialects in order to download a
specific dialect text corpus. They obtained 48M tokens from
different Arabic dialects. These dialects were categorised
into four main dialects Gulf, Levantine, Egyptian and North
African, resulting in 14.5M, 10.4M, 13M and 10.1M tokens
being obtained respectively. In [1], Cotterell and CallisonBurch present a multi-dialect, multi-genre, human annotated
corpus of dialectal Arabic with data obtained from both
online newspaper commentary and Twitter. This corpus cover
five dialects of Arabic: Egyptian, Gulf, Levantine, Maghrebi
and Iraqi. The authors also provide results for the Arabic
dialect identification task. Another multi-dialect corpus based
on the geographical information of tweets was presented in
[10]. They mapped information of user locations to one of
the Arab countries, and extracted tweets that have dialectal
word(s).
In the other hand, multidialectal Arabic parallel corpora does
not exist. The first corpus of such kind is presented in
[11]. it’s a collection of 2000 sentences in Standard Arabic,
Egyptian, Tunisian, Jordanian, Palestinian and Syrian Arabic,
in addition to English. The sentences were selected from the
Egyptian part of the Egyptian-English corpus built by Zbib
et al.[8]. The second one is PADIC. The approach we used
to built it is almost similar to that of Bouamor et al. [11]
except that in our case, we started from scratch. We have
created everything. We present the details in section IV.

index” which can be calculated as follows: a list of services is
evaluated for a given language by an expert and a mean score
is calculated (marks for each service are weighted by the
criticity or importance of the service). An under-resourced
language (or a language-π) is defined as a language which
has a score below 10/20.
For the evaluation of Arabic dialects (present initially in
PADIC in addition to Moroccan dialect), we adapted the list
of services and resources considered by Berment as follows:

III. AD UNDER - RESOURCED LANGUAGES

Step1 Collection and transcription
We were first interested in the two Algerian Arabic
dialects, the dialect of Annaba (ANB) and the one
spoken in Algiers (ALG). We created ANB corpus by
recording different conversations from every day life (in
medical offices, cafes, markets, ...), whereas, for ALG,

There are more than 7000 languages in the world but
only a small portion of these languages has resources for
automatic processing and are supported by text processing
software, information search engines, automatic translators,
processing tools and speech synthesis, etc.
Measuring the availability of these resources or services for
a given language allows to define its computerization level.
Berment, in his thesis [12], defines such a metric called ”σ

Text processing Text selection and lexicographical sort services have been removed due to the fact that they are
applied to non-segmented languages. So, they are not
applicable to Arabic dialects. We also added a new
service which is supported for non-Arabic characters
used in Arabic dialects. These are the characters corresponding to the phonemes /P/, /V/ and /G/ which are
present generally in borrowed words (particularly from
French).
Machine translation We divided it in text translation and
speech translation for a more precise assessment.
Resources We introduced monolingual and multilingual corpora as evaluation criterion given their importance in the
implementation of NLP tools.
The evaluation table is completed according to our knowledge of existing software and resources for each dialect. The
criticity related to speech processing, machine translation and
the resources are the highest because of the importance of
these services in recent NLP applications. Lower values were
assigned to text processing service, as the Arabic dialects
are supported by text processing tools for standard Arabic.
Table I summarize the evaluation process of Arabic dialects
and give their respective σ values.
From Table I, we can note that all the evaluated dialects
are under-resourced languages. We note also that the other
Arabic dialects can be classified in the same category as
the lack of resources is observed for most of them except
Egyptian one for which a number of resources exist, but
these resources can not classify it in other classes.
IV. E XTENDING PADIC
In this paper we present a new version of PADIC where the
list of dialects is augmented by Moroccan dialect (MOR)1 .
The new part is obtained in the same way as for the other
dialects using MSA as a pivot language. We summarize
the creation process of PADIC, as presented in [4], in the
following steps:

1 This
version of PADIC is available at https://www.
researchgate.net/publication/316463706\_PADIC\_A\
_Parallel\_Arabic\_DIalect\_Corpus

TABLE I
C OMPUTERIZATION LEVEL FOR THE A RABIC DIALECTS PRESENT IN PADIC.

weighted mark

Mark Nk

weighted mark

Mark Nk

weighted mark

Mark Nk

weighted mark

PAL

Mark Nk

SYR

weighted mark

MOR

Mark Nk

TUN

weighted mark

ANB

Mark Nk

Services / ressources
Basic input
and support of
non-Arabic characters
Visualization / printing
Text processing
search and replace
spelling Correction
grammatical correctness
stylistic Correction
Vocal synthesis
speech processing
Speech recognition
Machine translation
Text translation
Speech translation
OCR
Optical Character Recognition
Bilingual dictionary
Usability dictionary
Resources
monolingual corpus
multilingual corpus
Mean (/20)

ALG
Criticity Ck

Dialects

8

5

40

5

40

5

40

5

40

5

40

5

40

6
6
6
6
5
8
8
8
8
5
8
8
10
8

8
8
0
0
0
0
0
0
0
5
0
0
0
0

48
48
0
0
0
0
0
0
0
25
0
0
0
0
1,49

8
8
0
0
0
0
0
0
0
5
0
0
0
0

48
48
0
0
0
0
0
0
0
25
0
0
0
0
1,49

8
8
0
0
0
0
0
2
0
5
0
0
3
2

48
48
0
0
0
0
0
16
0
25
0
0
30
16
2,06

8
8
0
0
0
0
0
0
0
5
0
0
0
0

48
48
0
0
0
0
0
0
0
25
0
0
0
0
1,49

8
8
3
2
0
0
0
2
0
5
0
0
3
3

48
48
18
12
0
0
0
16
0
25
0
0
30
24
2,42

8
8
3
2
0
0
0
2
0
5
0
0
0
0

48
48
18
12
0
0
0
16
0
25
0
0
0
0
1,92

we used the recordings corresponding to movies and
TV shows which are often expressed in the dialect of
Algiers. Then we transcribed both of them by hand.
Step2 Translation by hand
In order to increase the size of ANB and ALG corpora,
we translated by hand each of them into the other.
So we got a parallel corpus ANB-ALG made of 6400
sentences. We subsequently proceeded to its translation
(also by hand) to MSA.
Step3 Extension to other dialects
MSA was used as a pivot language to get other dialectal
corpora. To do that, we translated the MSA part of the
parallel corpus, obtained in the previous step, for a first
time in TUN, SYR, and PAL; and for a second time
in MOR. The translation in each dialect was handled
by one or more native speakers. We give in Table II,
for each language, the original town and the number of
native speakers who participated in the creation of the
concerned part of the corpus. Also, we report in Table
III some statistics on the various parts of PADIC 2 .
As we mention before, there is no standard of writing for
Arabic dialects. So, when transcribing the ANB and ALG
dialects (first step), we used a set of conventions that are
detailed in the following section. We have taken care to
respect these conventions also for writing the other dialects
(TUN, SYR, PAL and MOR).

2 The reader can refer to [13] for a more detailed analytical study of
PADIC

TABLE II
O RIGINAL TOWN AND NUMBER OF NATIVE SPEAKERS (N.S) WHO
PARTICIPATED IN THE CREATION OF EACH PART OF PADIC.
AD
City
N.S

ALG
Algiers
1

ANB
Annaba
20

TUN
Sfax
20

MOR
Rabat
1

SYR
Damascus
2

PAL
Gaza
2

TABLE III
PADIC DESCRIPTION .
Corpus
ALG
ANB
TUN
MOR
SYR
PAL
MSA

#Distinct words
9151
9530
10040
9703
10322
9642
10314

#Words
40750
41382
38966
42587
40110
42273
44270

V. W RITING CONVENTIONS
For the transcription of speech to text as well as translation
to dialects, we agreed to use the following spelling rules:
1) Transcribe each dialectal word by adopting the Arabic
notation. In other terms, if a dialectal word exists in
standard Arabic, we adopt the standard Arabic form,



without any changes ( ÈA¯ qāl ”he said”, P B @ al֓ard.
”the earth” or ”the floor” according to the context). If
not, the word is written as it is pronounced like for
XP@ñ s.wārd ”Money”.

2) Adopt the definite article
dialect words ( YJÖÏ @

Ë @

al of standard Arabic for

al-msı̄d ”the school”) and for

words of French or other origin also ( ¡AÜÏ @ al-mānt.o
LE MANTEAU ”the coat”).


3) Use è h for feminine dialectal words ( éÊ®£ .tflah ”a
girl”)
4) Write the suffixed pronouns as in standard Arabic,
whether attached to a verb or a noun ( éJ.J» katbuh ”He

ÑëP@ X dārhum ”their house”).
Write the dialectal prepositions ” ¬ f”, ” H
. b” and ” È
l” as in MSA ( P@ YË@ ú¯ fı̄ ’ldār ”in the house, iËAK.
b-als.h. ”really”, YJÒÊË lalmsı̄d ”for school”).
writes it”,

5)

6) Write French or English words with Arabic letters as
 J»
they are pronounced ( àñJºJ» kunaksyūn, áº
kunakšan ”connection” respectively for French and English prononciation).

7) Use the letters H
 p and ¬ v when necessary ( úG ñK





pūpı̄ POUPÉE ”Doll”, ¬A¯ vāf GAFFE ”gaffe”).
8) For French or English words used in dialect, when we
have the following form ”article + name”, write the
article and the name as one word ( H
 ñm.Ì laǧūp LA
JUPE ”The skirt”).
VI. M ACHINE TRANSLATION EXPERIMENTS
Arabic dialects, although they are mainly inspired from
Arabic, significant differences may exist and make the communication between people of the Arab world uncomfortable.
Indeed, we observe in our daily life the difficulty that someone can encounter when it comes to talking to an Arab person
from the Middle East, for example. Due to the popularity of
middle eastern, especially Egyptian movies and other media,
we think that communication happen very smoothly. Many
real experiences have shown that this communication is not
always obvious and is not as easy as we thought. We often
use the standard Arabic or even French or English to convey
an idea that we are unable to communicate. In this context,
we propose machine translation between Arabic dialects and
standard Arabic.
In the following, we present several experiments in machine
translation between all the combinations of dialect pairs
present into PADIC. We conduct also experiments of machine translation between these dialects and MSA in both
sides.
All the MT systems, we used, are phrase-based [14] with the
following settings: bidirectional phrase and lexical translation
probabilities, distortion model, a word and a phrase penalty
and a trigram language model. We have not used a larger language model because PADIC is not suitable for large ngrams.
We used GIZA++ [15] for alignment and SRILM toolkit
[16] to compute trigram language models using Kneser-Ney
smoothing technique. Many automatic measures have been
proposed to facilitate the evaluation of MT systems, the

most widely used of which is BLEU [17]. In this paper,
we present in Table IV the results conducted on a test set of
500 sentences using BLEU.
TABLE IV
BLEU SCORE OF M ACHINE T RANSLATION ON DIFFERENT PAIRS OF
LANGUAGES USING K NESER -N EY SMOOTHING TECHNIQUE .

Src
ALG
ANB
TUN
MOR
SYR
PAL
MSA

ALG
67.31
9.89
10.13
7.57
11.28
13.55

ANB
61.06
9.34
10.16
7.50
9.53
12.54

TUN
9.67
9.08
14.68
13.67
17.93
20.03

Target
MOR
10.22
10.00
14.37
9.93
16.08
20.02

SYR
7.29
7.52
13.05
9.68
23.29
21.38

PAL
10.61
10.12
22.55
18.91
26.60
42.46

MSA
15.1
14.44
25.99
24.93
24.14
40.48
-

A. Cross-translation results comparison
High score of translation has been achieved between ANB
and ALG in both sides. This result is natural since these two
dialects are spoken in the same country and share up to 60%
of words. Almost the same observation is made for the pair
SYR and PAL since these two dialects belong to the same
language family (Levantine).
Another interesting and expected result is BLEU score
between MSA and dialects. In fact, the highest one is related
to PAL (for both sides) showing that this dialect is the closest
to MSA. Most surprising results are those relative to SYR,
TUN and MOR. It seems that it is easier to translate TUN
and MOR to MSA than SYR to MSA. Also, translating from
MSA to TUN and MOR gives better results than from MSA
to the Algerian dialects. In the symmetric side of translation
we get the same scale of results. This definitely shows the
closeness of TUN and MOR to MSA in comparison to the
Algerian dialects.
Even more surprising are the translation results of MOR
and TUN to Algerian dialects. Despite the geographical
proximity, it seems that it is more difficult to translate TUN
to Algerian dialects than MOR. This remains true whatever
the direction of translation. The results show also that MOR
and TUN are more close compared to Algerian dialects. We
think that this is due to the use of MSA as a pivot language.
Indeed, the corpora of Algerian dialects are the only ones
to have been constructed without resorting to translation.
The sentences extracted from spontaneous discussions are
therefore expressed in a proper dialectical language. All other
corpora, as we have already mentioned, were obtained by
translating the MSA side of PADIC. As a result of MSApivoting, many dialect words have been substituted by MSA
words; which allowed large rates in terms of common words
between each other and with MSA, compared to Algerian
dialects (see Table V).
In terms of out of vocabulary (OOV) words, we encounter
a significant OOV rate between test and training data for
all the used languages (see Table VI). This is due to the
relatively small size of the training corpora.

TABLE V
P ERCENTAGE OF COMMON WORDS INTER -A RABIC DIALECTS AND
MSA.

MSA
PAL
SYR
MOR
TUN
ANB

ALG
21.18
24.79
21.01
27.79
31.10
72.86

ANB
21.07
24.63
20.73
30.37
30.38

TUN
37.60
37.20
28.22
35.37

MOR
29.34
30.16
26.91

SYR
37.36
49.33

PAL
51.68

TABLE VI
O UT OF VOCABULARY RATES
AD
%

ALG
17.65

ANB
20.16

TUN
20.08

MOR
16.19

SYR
24.42

PAL
18.16

MSA
17.03

B. Measuring Human-targeted translation edit rate
HTER, short for Human-targeted Translation Edit Rate,
employs human annotation to make TER a more accurate
measure of translation quality [18]. It is a metric that requires
the creation of targeted references to accurately measuring
the number of edits needed to transform a hypothesis into
a fluent target language sentence with the same meaning as
the references. This is done by human editing of the system
hypothesis translation to produce the target reference that
has the same meaning as the original references. It is worth
noting that the post edition of hypothesis was possible only
for MSA, ALG and ANB, the languages that we master.
So, we report in Table VII HTER scores computed for SMT
systems translating from dialects to MSA , whereas in Table
VIII, we give HTER values for MT from MSA to ALG and
ANB. We applied the procedure proposed in [18] to create
one targeted reference for each system hypothesis translation.
TABLE VII
HTER SCORES ( IN %) OF DIALECT- TO -MSA SMT SYSTEMS .
Src
HTER

ALG
62.7

ANB
49.17

TUN
31.71

MOR
26.23

SYR
28.36

PAL
18.98

TABLE VIII
HTER SCORES ( IN %) OF MSA- TO -ALG AND MSA- TO -ANB SMT
SYSTEMS .

MSA-ALG
41.44

MSA-ANB
29.90

In general, the results show that the HTER reduces
considerably the edit rate relative to TER. We can notice
that these results confirm the hypothesis that the MSApivoting makes the other corpora (not Algerian ones) closer
to standard Arabic. That is why they have a much smaller
HTER compared to ALG and ANB.

C. Interpolated language model
Arabic dialects are languages derived primarily from standard Arabic; we thought that the use of an interpolated
language model can have a positive effect on the translation
system performance. So, we trained two language models,
one using the target language part of the training corpus
and another one computed on the Linguistic Data Consortium (LDC) Arabic Treebank (Part3,V1.0) [19]. Language
modeling software such as the SRILM toolkit we used [16]
allows the interpolation of these language models. Before
interpolating, we compute the optimal interpolation weights
for the corresponding models, also using the SRILM toolkit.
Table IX shows results of this experiment in terms of
differences between the BLEU values of translation systems
computed with and without interpolated language model for
each pair of languages.
In general, the use of an interpolated model does not
provide significant improvements to the translation system
performance. In some cases, it is rather penalizing. Indeed,
when translating MSA to dialects, we have for example a
difference of (−6.19) BLEU points for MSA-MOR system
and (−2.99) in the case of MSA-PAL one. In the other direction, interpolation seems to have no significant effect, scores
vary by a maximum of (±0.38) BLEU points except for
the MOR-MSA system where the difference is by (−5.04).
For inter-dialects translation systems, the largest difference
in terms of BLEU scores is noted for the MOR-PAL system
(−5.81).
VII. C ONCLUSION
In this paper, we first presented an extension of PADIC
to a Moroccan dialect. Thus, PADIC covers four dialects
of the Maghrebi group and two from Levantine one in
addition to MSA. Then, we proceeded to an evaluation of
the computerization level of all the six dialects using the
σ–index. For all the languages, the σ–index value is below
10/20 showing that they are π–languages.
Using PADIC, we conducted several machine translation experiments between all the pairs of languages. The best results
are achieved with translation systems based on languages that
are closest (ANB-ALG and PAL-SYR). The worst result is
achieved between Syrian and Algerian dialects which are,
in fact, very different since the Algerian borrowed a lot of
French words which do not exist obviously in the Syrian
dialect. Concerning the Maghrebi dialects, Moroccan and
Tunisian dialects are more close compared to Algerian ones.
For MSA, the best results of machine translation have been
achieved with Palestinian dialect. This means that the two
languages are very close since they share a large number of
words.
Due to the small size of the corpus, we analyzed the impact
of the language model on the performances of machine
translation systems by interpolating it with a larger one
trained on well known corpora. Unfortunately the results
are not significant even if in some cases we get some
improvements.
In the future, we plan to introduce more Arabic dialects to

TABLE IX
BLEU SCORES VARIATIONS OF M ACHINE T RANSLATION SYSTEMS USING AN INTERPOLATED LANGUAGE MODEL .

Src
ALG
ANB
TUN
MOR
SYR
PAL
MSA

ALG
0.55
−0.03
−3.14
0.11
0.02
0.06

ANB
−0.004
−0.02
−2.75
0.00
0.01
−0.02

TUN
0.004
0.07
−3.74
−0.01
0.14
−0.15

perform more deep experiments and explore ways on how
to use the large existing corpora of MSA to rewrite part of
them into dialects and by exploiting comparable corpora.
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Abstract—Electric trains, which have become quite popular in
recent years, constitute an important area of rail systems.
Widespread use of electric trains, the safety and comfort of
electric trains have come to the forefront. The pantograph is a
device that allows electricity transmission from the catenary line
to the locomotive for an electric train to work. Shape
disturbances that can occur in this equipment can adversely
affect the movement and safety of the train. In this paper, it is
proposed a method to combine pantograph images obtained from
different angles to obtain a 3D image of the pantograph. Image
processing techniques and image analysis methods are applied to
the combined images to extract features from the image. This 3D
image provides the wider information about the shape of the
pantograph. The obtained 3D images are analysed and the
geometry of the pantograph is extracted. The extracted
pantograph geometry is compared with the reference robust
pantograph image. As a result of the comparison, the deformities
and anomalies of the pantograph are detected. This method is
much more effective and accurate because of using the images
obtained from different angles when the geometry of the
pantograph is obtained.
Keywords— railway, computer vision, image segmentation,
threshold

I. INTRODUCTION
Pantograph-catenary systems provide the power to operate
electric trains. For this reason, faults in these systems threaten
the operation and safety of railway transportation. These
systems must be continuously monitored, controlled and
maintained for a healthy and continuous transport. The arcs
formed in the pantograph and catenary systems indicate that
the wires in the system are overheated. Overheating of the
wires, it may be a sign that there is a fault or wear in the
region. The long runs of the arcs in the pantograph-catenary
system will damage these systems. Therefore, it is very
important that the arches in the pantograph-catenary systems
are detected early. In recent years, the detection of arcs and
faults in pantograph-catenary systems has gained great
importance. Signal and image processing techniques are used
for detection. Some literature studies on this area have been
mentioned. Karakose et al. [1] have proposed an image
processing based approach to diagnosis of pantographcatenary systems. The approach has modelled the interaction
between the pantograph and the catenary, and classifies the
pantograph as dangerous, safe and defective by using image
processing techniques. A block diagram of their study is given
in Figure 1. Hao et al. [2] performed a dynamic analysis of the

arc in the pantograph catenary system during the pantograph
lowering. According to the MHD theory, they developed a
pantograph-catenary arc model. Mokrani et al. [3] performed a
monitoring control for the pantograph-catenary system. They
addressed the issue of regulating the contact force between the
pantograph and the catenary. They proposed a linear timevarying model describing the evolution of contact force. The
results obtained were satisfactory. Barmada and others [4]
suggest a method of detecting arcs in pantograph-catenary
systems using support vector based classification. They found
out when an arc came out with the output of a phototype that
they obtained using voltage and current information from the
system. Vazquez and others [5] suggest a contactless sensor to
monitor the catenary-pantograph effect. This sensor measures
the height changes of the contact wire when the pantograph
passes. With the measurements obtained, the deterioration
between the pantograph and catenary is detected. The sensor
consists of a line-scanner camera focusing on an infrared
screen. The mathematical model of the sensor system
developed in the study and its practical results are given. Ma
et al. [6] have developed a new method to calculate the
radiation originating from the back of the pantograph on the
high-speed railway. They combine numerical modelling with
laboratory experiments. Capece and others [7] developed an
automatic image based inspection system for locomotive
pantographs. They are capable of capturing and analysing
images at a speed of 300 km/h in spite of various
environmental conditions. They succeeded in analysing over
10000 pantographs. Wei et al. [8] studied high-speed
photography and pantograph arc in a laboratory simulation
system. Tang and others [9] propose a method to detect the
visual anomaly by combining the appearance, scale and
location of the view with the probabilistic Bayesian approach
for the observation of the pantograph head. Experimental
results show that the Bayesian detector gives better results in
complex environments than the classical object detector.
Östlund et al. [10] suggest a method for maintaining the
contact strip in the pantograph depending on the condition of
the contact strip. They predict the contact strip wear by
monitoring the working distance of the DC component of the
locomotive current. Hamey and others [11] developed an inservice monitoring system for detecting wear and damage at
pantographs in electric locomotives. Yang et al. [13] set up a
signal and image processing based experimental setup for
pantograph inspection. In another study, the vibrational
signals of the catenary system were measured by a pantograph

mounted device [14]. In this study, it is proposed a method to
combine pantograph images obtained from different angles to
obtain a 3D image of the pantograph. Image processing
techniques and image analysis methods are applied to the
combined images to extract features from the image. This
method is much more effective and accurate because of using
the images obtained from different angles when the geometry
of the pantograph is obtained.
.
II. PROPOSED METHOD
In this study, it is proposed a method to combine
pantograph images obtained from different angles to obtain a
3D image of the pantograph. The block diagram of the
proposed method is shown in Figure 1. Left and right images
taken from different angles of a pantograph were obtained
from a pantograph video.
Two mask images are created from an image of a robust
pantograph-catenary system, one containing pantograph
collector strips and one containing catenary wires for left
pantograph image. And two mask images are also created for
the right pantograph image. "Canny" edge detection filter is
applied to the masks referenced.
The frames obtained from the images of the pantograph
videos are transformed into grey form and horizontal and
vertical lines are drawn by applying Hough transformation to
these images.
The horizontal lines here indicate the pantograph collecting
strips and the vertical lines represent the Catenary.
In the images, sub-images are produced in horizontal and
vertical mask sizes which are taken as references from the
positions where horizontal and vertical lines are located.
"Canny" edge detection algorithm is applied to the sub-images
obtained from the pantograph images analysed. Sub-images
and masks referenced are overlapped.
The ratio of the white pixels between the two images to the
total number of white pixels in the sub-image is defined as
"Fy" for the collector strips and "Fd" for the catenary.
Where
My= Number of white pixels of horizontal mask image with
edge filter
Md= Number of white pixels of vertical mask image with
edge filter
Iy= The number of white pixels belonging to the analysed
horizontal sub-image with filter
Id= The number of white pixels belonging to the analysed
vertical sub-image with filter
Sy=|Iy-My|
Sd=|Id-Md|
Fy=𝑆𝑦/𝐼𝑦 𝑥100
Fd=𝑆𝑑/𝐼𝑑 𝑥100
Fy and Fd values are calculated for left and right images.
For left  FyL, FdL
For right  FyR, FdR
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Figure 1. Block diagram of the proposed method.
Several fault classes have been identified for this study.
The fault classes are as follows:
H1: Very critical error for pantograph requires urgent
intervention
H2: Critical error for the pantograph requires intervention
when the train stops
H3: Probability of failure for Pantograph requires
maintenance
H4: Pantograph does not require intervention
H5: For catenary wires Very critical error requires immediate
intervention

H6: Critical fault for catenary wires requires intervention
when the train stops
H7: For Catenary wires there is a possibility of failure
Maintenance is required
H8: For Catenary wires does not require intervention

Vertical masks created from these images are shown as in
Figure 4.

According to the values of Fy and Fd, the images are
classified according to the given classes. The conditions for
images belonging to classes are as follows:
H1: FyL>90 || FyR>90
H2: (FyL<=90 & FyL>75) || FyR<=90 & FyR>75)
H3: (FyL<=75 & FyL>45) || FyR<=75 & FyR>45)
H4: FyL<=45 || FyR<=45
H5: FdL>75 || FdR>75
H6: (FdL<=75 & FyL>50) || FdR<=75 & FdR>50)
H7: (FdL<=50 & FdL>25) || FdR<=50 & FdR>25)
H8: FdL<=25 || FdR<=25
The images are classified in this way.
III. EXPERIMENTAL RESULTS

(a)
(b)
Figure 4. Vertical masks created from pantograph
images. (a) Left image, (b) Right image
The frames obtained from the images of the pantograph
videos are transformed into grey form and horizontal and
vertical lines are drawn by applying Hough transformation to
these images. The result images of the Hough transformation
applied to the horizontal images are shown in Figure 5.

Left and right images taken from different angles of a
pantograph were obtained from a pantograph video. Two
mask images are created from an image of a robust
pantograph-catenary system, one containing pantograph
collector strips and one containing catenary wires for left
pantograph image. And two mask images are also created for
the right pantograph image. Left and right images of a robust
pantograph-catenary system are shown as in Figure 2.
(a)

(b)

Figure 5. The result images of the Hough transformation
applied to the horizontal images. (a) Left image, (b) Right
image
The result images of the Hough transformation applied to
the vertical images are shown in Figure 6.
Figure 2. Left and right images of a robust pantographcatenary system
Horizontal masks created from these images are shown as
in Figure 3.

(a)
(a)

(b)
Figure 3. Horizontal masks created from pantograph
images. (a) Left image, (b) Right image

(b)

Figure 6. The result images of the Hough transformation
applied to the vertical images. (a) Left image, (b) Right image
The horizontal lines here indicate the pantograph collecting
strips and the vertical lines represent the Catenary.

In the images, sub-images are produced in horizontal and
vertical mask sizes which are taken as references from the
positions where horizontal and vertical lines are located. Subimages of the horizontal images are shown as in Figure 7.

(a)
(a)

(b)
Figure 7. Sub-images of the horizontal images. (a) Left
image, (b) Right image
Sub-images of the vertical images are shown as in Figure 8.

(b)

Figure 10. "Canny" edge detection filter applied vertical
masks referenced images. (a) Left image, (b) Right image
In the same way, the "Canny" edge detection algorithm is
applied to the sub-images obtained from the pantograph
images analysed. "Canny" edge detection filter applied
horizontal sub-images are shown as in Figure 11.

(a)

(a)

(b)

Figure 8. Sub-images of the vertical images. (a) Left
image, (b) Right image
"Canny" edge detection filter is applied to the masks
referenced. "Canny" edge detection filter applied horizontal
masks referenced images are shown as in Figure 9.

(b)
Figure 11. "Canny" edge detection filter applied horizontal
sub-images. (a) Left image, (b) Right image
"Canny" edge detection filter applied vertical sub-images
are shown as in Figure 12.

(a)

(a)
(b)
Figure 9. "Canny" edge detection filter applied horizontal
masks referenced images. (a) Left image, (b) Right image
"Canny" edge detection filter applied vertical masks
referenced images are shown as in Figure 10.

(b)

Figure 12. "Canny" edge detection filter applied vertical
sub-images. (a) Left image, (b) Right image
The images that are analysed are divided into classes as
Table 1:
Table 1. Result of the analysed images

Class
H1
H2
H3
H4
H5
H6
H7
H8

Image Number
15
8
207
177
13
9
112
187

IV. CONCLUSIONS
Faults in pantograph-catenary systems threaten the
operation and safety of railway transportation. These systems
must be continuously monitored, controlled and maintained
for a healthy and continuous transport. In this study, it is
proposed a method to combine pantograph images obtained
from different angles to obtain a 3D image of the pantograph.
Image processing techniques and image analysis methods are
applied to the combined images to extract features from the
image. This method is much more effective and accurate
because of using the images obtained from different angles
when the geometry of the pantograph is obtained.
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Abstract—Highways have a structure that constantly develops and
changes. Plates and road lines placed on the highway ensure that
the traffic and administration are carried out safely. These plates
are placed according to the structure of the road. According to the
structure of the road, the signs and lines are placed on the projects
or by the decision of the eye. Intelligent systems can be used to
reduce the error rate of these plates. In this study, the road
structure is determined by taking the data from the sensors. This
structure is also supported by the image. Road shape from the
image is determined by the k-Nearest Neighbour method. As a
result of matching these two data, the direction signs which should
be on the road and the lines to be drawn are determined. Thus, in
some cases, the sign and lines determined by blink have been tried
to be made more secure and accurate by using the information
system. As a result, safe and conforming driving will be provided
for both vehicles with and without driver proper orientation of the
traffic direction sings and road lines.
Keywords— Smartphone, gps, gyroscope, sensor, direction sign.

I. INTRODUCTION
Highways are developing and renewing day by day with
drivers making more comfortable and safe driving. It is
supported by road signs and lines to ensure safe driving on the
highways. Thus, it is aimed to ensure that drivers are able to
drive in accordance with these signs, thereby reducing the
number of accidents and the loss of life and property.

A. Motivation
Traffic direction signs and road lines were placed on the
roads to reduce accidents, and never to happen. The absence or
misplacement of these marks can cause loss of life and property
while causing an accident. With this work, traffic is carried out
in the right direction of the directional signs in order to provide
the right place, and the placement of the appropriate sign.

B. Problem Statement
With this study, the placement of directional signs to a new
highway, the drawing of the road lines, and the realization of it
are planned in advance. Image and sensor data are needed to
perform these calculations. The necessary things to do for this
purpose are listed as follows;
 Firstly, data should received from a car moving on the
road.
 Roads should be identified from the received data.
 Results must be synchronized and compared.

According to the road shape, the directional signs, and
the road line must be decided.
C. Problem Statement
The data taken from the road which substructure has been
completed, and the direction sign and lines not settled. The data
will be retrieved using the mobile phone and camera in the car
moving on the road. The car is moving at a constant speed while
taking the data. The average speed is 50 km / h. Smartphone
sensors, gyroscopes and GPS data are taken. At the same time,
images are recorded from the camera. In the receiving sensor
data, the straight road with the road shapes, the right curve, and
the left curve are separated in a row by separating the data.
Later, it will be decided which road shape these sequences.
When this decision is made, it is decided based on the value of
the series and the average values of the data. Parallel to this
process, road shapes are determined from the images. At this
stage, it is decided that the road is straight or it is curved. The
results of these two parallel processes will be compared and the
final result will be obtained. Obtained road shapes point is
determined by GPS data. Later, it will be decided which
direction sign is to be used and which road line should be drawn
for this road shape. For all roads, these operations are
performed, then the numbers of all required directional signs
and road lines at all significant points will be determined and
planning accordingly. This will prevent any faulty or missing
direction signs and road lines from being drawn.


D. Related Work
While driving on the highway, traffic signs on the road are
important for safe and comfortable driving. For this reason, it
is of great importance that the signs are placed and their places
are correct. In addition, driverless cars are affected by these
traffic signs during movements. A number of studies on this
area have been carried out, especially on road detection [1-10].
Some of these studies use image processing methods while
others use sensor data. He et al. in the algorithm they proposed
to detect roads from color images, first determined the lanes,
and then, after determining the road area according to the color
structure, they combined and found the road area [1].
Dahlkamp et al. have worked on finding a driveable road with
the combination of the laser sensor and data from the camera.
First, they have identified drivable regions in the near place,
and then have identified new locations with computer vision [2].
Kong et al. developed the Locally Adaptive Soft-Voting
(LASV) algorithm on the basis of finding a vanishpoint, and
detected the road area in this way [3]. Liu et al. proposed a

E. Contribution
With this study, it is aimed to ensure that the signing and line
processing, which is determined by the project or by the
decision of the eye, is more planned and realistic. While many
previous studies have been carried out to identify existing road
lines and direction sign, this work identifies direction signs that
must be placed on newly built or revised roads, and road lines
that need to be drawn.
II. SYSTEM THEORY
With this study, it was carried out in order to determine
direction sign and road lines on a new road. The system created
for this purpose is shown in Fig. 1.

Data
Analysis
System

Road Shape
Determination

Fig. 1 The general structure of the system.

Smartphone and camera are used to receive data. These
devices are placed on the road and the data are stored. The flow
diagram of the system used for analysing the received data is
given in Fig. 2.

Synchronization

Road Detection with
Image Processing

Received Data from Sensors and
Camera

Determining Road
Shape from Sensor
Data

generalized Hough Transform for path detection from a
remotely sensed image. This method detects straight lines. Thus,
the path is determined [4]. Karaduman et al. used sensor data to
detect road shapes. These shapes are defined as straight and
curves [5]. Xiao et al. proposed a hybrid model by expanding
the conditional random field (CRF) model to detect the road
area, by combining images taken from the lidar and the camera
[6]. Chen et al. performed the method called lidar-histogram to
detect drivable road areas, obstructions, and puddle of water.
Steps to realize this system; images, histogram, road profile line
prediction, segmentation and data fusion [7]. Mei et al. have
proposed a method of inference and learning to make visionbased road detection for robots. In the inference section, they
addressed land surface types and sequential road types for the
detection and classification of road shapes [8]. Wang et al. have
proposed Siamesed Fully Convolutional networks (s-FCN-loc)
methods, which are 30% faster than original fully convolutional
networks that detect road structure by matching RGB channel
views, semantic contours, and location properties [9]. Han et al.
recommend Semi-Supervised Learning (SSL) for road
detection. This proposed method is based on Generative
Adversarial Networks (GAN) and Weakly Supervised
Learning (WSL) [10].
Some other studies have been carried out on the detection of
road traffic signs [11-14]. In these studies, they usually perform
image processing based determinations. Fang et al. developed
two neural networks and used them to distinguish traffic signs
according to their shape and color characteristics. To monitor
the detected traffic sign, they used a Kalman filter [11]. Loy et
al. have proposed a method of detecting the traffic signals using
the shape features. To detect normal polygons, they used the
fast radial transformation extensively [12]. Maldonado-Bascón
et al. have automatically identified traffic signs with Support
Vector Machine (SVM) method. In the proposed system, they
first segmented by pixel color, then figured by SVM, and
finally recognize the content by gauss kernel SVM [13].
Ellahyani et al. proposed a method consisting of three steps,
classification based on clustering, segmentation and shape,
using color and shape hints [14].
In this study, unlike the studies done in the literature, not
detected traffic sign, which traffic direction sign and road lines
should be placed on the road is studied.

Comparison

Road Shape
Decision Making
Road Sign and Line
Identification
Fig. 2 System algorithm.

There are different road shapes on the road. The road shapes
to be emphasized in this study are straight roads and curves.
When determining curves, right and left normal curves as well
as right and left dangerous curves are detected. This step is
shown in Fig. 3.
Received Data from Gyroscope
Sensor and GPS
Event Detection from Gyroscope Sensor Data

Road Shape Determination
Fig. 3 Determining road shape from sensor data.

First, the road shape is determined from the data from the
gyroscope sensor. The data must be divided into sections so that
this data can be used as a road shape. Later, it will be decided
which road shape corresponds to these sections.
An algorithm is used to divide the data in the detected
intervals into sequences. This algorithm pseudo code are as
follows:

1 Start
2 Received all data
3 Set new starting point(BN)
4 If -0.15< Ni <0.15 is i++ Go to 4
Else Go to 7
5 If 0.15< Ni is i++ Go to 5
Else Go to 7
6 If -0.15>Ni is i++ Go to 6
Else Go to 7
7 5 If Ni Null is Save Go to 8
Else Save Go to 3
8 End

Images

Converting Gray Level Image

Binary Image with Thresholding

Detection of Road Area with KNN

When examining the data, it is seen that the data changes for
a certain range for each road shape. These data ranges are given
in Table 1.
TABLE I. DATA RANGES FOR ROAD SHAPES.
Road Shape
Straight
Right Curve
Left Curve

Data Range
-0.15 to 0.15
< -0.15
> 0.15

Once the gyroscope data is divided into sections, the data
averages are used to determine which road shape. Equation 1 is
used for this process.
ℱ=

∑

(1)

where ℱ denote average of part of data, represent point data,
and is total data number in known parts.
Once the averages are calculated, it is decided whether the
right or left curve is a normal curve or a dangerous curve. If the
average of this decision is less than -0.3, the right dangerous
curve is determined as -0.15 - and in the case of 0.3 as the right
curve. Likewise, the left dangerous curve is in the case of a
probability greater than 0.3, and the left curve is in the range of
0.15 to 0.3. Even if it is between 0.15 and -0.15, it is a straight
road. For all sections obtained in this figure, the road shape is
determined. Later, the image processing method operated in
parallel is also used to determine the road shape and direction
from the images taken from the camera. In this section, an
operation is performed every 200 m for road shapes. The road
shapes obtained are straight, right and left curves. These shapes
are shown in Fig. 4.

a

b

c

Fig. 4 Road shape a) Straight road, b) Right curve, c) Left curve

In the image-processing step, a Gaussian filter is used for
noise reduction processing. Then, the image converted to grey
level is converted to binary image by thresholding, and the kNearest Neighbour (KNN) method is used to determine the
road area. Then, the road shape is determined. The steps to
carry out these operations are shown in the Fig. 5.

Road Shape Determination
Fig. 5. Image processing steps for determining road shapes.

The detected road is divided into two by a straight line
connecting the middle points of the starting and ending parts of
the zones. By comparing the number of pixels on the right and
left of the road area divided into two, it is possible to determine
which side has a small number of pixels. The side with a small
number of pixels shows that the curve turns to that side. At this
point, the road shape is decided. The road shapes obtained from
the images are shown in Fig. 6. With the image processing
section, when only the straight, right, and left turns of the road
are detected, it is detected in dangerous curves from the sensor
data.

Fig. 6 Road shapes detected for road images.

When examining Fig. 6, it is necessary to apply road type
determination to the resulting road image when the middle and
lower parts of the resulting road images are combined with a
straight line. In this calculation, it is decided that the right or
left corner is the right or left corner when the difference
between the pixel numbers of the left and right parts is more
than 20%. If it is below this value, it is considered as a straight
road. This operation is as shown by Equation 2.
ℛ=

,

,
,

≅
≫
≪

,
,
,

< %20
> %20
> %20

(2)

where ℛ is denote road shape type,
is represent left pixel
number, and
is refer right pixel number.

The results obtained will be compared to the synchronization
result and the final decision will be made. If the results are
inconsistent, the image processing technique with higher
accuracy is considered correct. Then the traffic direction signs
and road lines are determined. For each traffic sign, the point is
determined in the direction of GPS data and planning is
provided.

III. EXPERIMENTAL RESULTS
In this study, two types of road work are carried out. One of
the routes consists of a single lane, the other a double lane. The
route where the work was done is located between Elazig and
Arapgir. While the part with double lane of the route is located
between Elazig-Keban, the part consisting of single lane is
located between Keban-Arapgir. The map showing this route is
shown in Fig. 7.

Fig. 7 Route to the destination.

Direction signs to be placed on the circle are the right curve,
the danger curve on the right, the curve on the left, and the
dangerous curve signs on the left. The traffic direction signs are
as shown in Fig. 8.

used for each sign. Then, you can plan for signing and drawing
lines for a new road by taking as many signs for each sign as
the error rates. In this way, the missing or incorrect sign layout
will be avoided. After traffic signposts are inserted, lines with
straight lines are drawn, which means that they can make
overtaking, and lines with signs of can not make overtaking are
drawn on curved roads.
IV. CONCLUSIONS
Incorrect placement of direction signs on highways can lead
to many accidents. Therefore, the placement of signs on the
road is among the issues to be considered. In this study, the
direction signs on the road were placed and the analyzes were
done to draw the lines that are appropriate for the structure of
the road. As a result of the determinations made, it was aimed
to reduce accidents by providing accurate signs settlement and
accordingly to decrease loss of life and property. Detection
errors were detected at 1.05%. Due to these mistakes, it is
suggested that planning should be done by taking as many signs
as the error rate from each type of signage in order to avoid
missing signage. With this proposed system, defective and
missing signs on existing roads can be assessed in settlements.
In future work, it will be integrated with system navigation
systems and a structure will be created in which the points of
traffic signals that all drivers can benefit from are updated to
the navigation system. Thus, driving both on the road and on
the road by unmanned vehicles will be more comfortable and
safe.
REFERENCES
[1]

Fig. 8 Traffic direction signs.

On the road, the data received on the smartphone in the car
moving at a speed of 50 km / h were processed and the results
in Table 2 were obtained. Because of the obtained results, the
average error rate was calculated as 3.66%.
TABLE II. DETECTED NUMBERS OF ROAD SHAPES BY SMARTPHONE DATA.
Road
Shape
DY
SAV
SOV
STV
SOTV

Detection
Number
125
65
52
14
28

[4]

Error Rate

[5]

129
63
53
15
29

3.10
3.17
1.89
6,67
3.45

[6]

TABLE III. DETECTED NUMBERS OF ROAD SHAPES BY CAMERA DATA.
Detection
Number
129
76
81

[3]

Real Issue

Table 3 shows the results of the data obtained from the
camera. The average error rate calculated as a result of image
processing is not calculated as 1.26%.
Road
Shape
DY
SAV
SOV

[2]

Real Issue
129
78
82

Error
Rate
0
2.56
1.22

The error rate is calculated as 1.05% as a result of the
comparisons and matches. After that, the sign on the road have
come to a decision. Tablets are selected, and how many can be

[7]
[8]
[9]

[10]
[11]

Y. He, H. Wang, and B. Zhang, "Color-based road detection in urban
traffic scenes", IEEE Transactions on intelligent transportation systems,
5(4), 309-318, 2004.
H. Dahlkamp, A. Kaehler, D. Stavens, S. Thrun, and G. R. Bradski, "
Self-supervised Monocular Road Detection in Desert Terrain", In
Robotics: science and systems, Vol. 38, 2006.
H. Kong, J. Y. Audibert, and J. Ponce, “Vanishing point detection for
road detection”, In Computer Vision and Pattern Recognition(CVPR),
pp. 96-103, 2009.
W. Liu, Z. Zhang, S. Li, and D. Tao, “Road detection by using a
generalized Hough transform”, Remote Sensing, 9(6), 590, 2017.
M. Karaduman, and H. Eren, "Classification of road curves and
corresponding driving profile via smartphone trip data", International
Conference on Artificial Intelligence and Data Processing (IDAP17), pp.
1-7, 2017.
L. Xiao, R. Wang, B. Dai, Y. Fang, D. Liu, and T. Wu, “Hybrid
conditional random field based camera-LiDAR fusion for road
detection”, Information Sciences, 543-558, 2017.
L. Chen, J. Yang, and H. Kong, “Lidar-histogram for fast road and
obstacle detection”, IEEE International Conference on Robotics and
Automation (ICRA), pp. 1343-1348, 2017.
J. Mei, Y. Yu, H. Zhao, and H. Zha, “Scene-Adaptive Off-Road
Detection Using a Monocular Camera”, IEEE Transactions on
Intelligent Transportation Systems, 19(1), 242-253, 2018.
Q. Wang, J. Gao, and Y. Yuan, “Embedding structured contour and
location prior in siamesed fully convolutional networks for road
detection”, IEEE Transactions on Intelligent Transportation Systems,
19(1), 230-241, 2018.
X. Han, J. Lu, C. Zhao, S. You, and H. Li, “Semi-supervised and
Weakly-supervised Road Detection based on Generative Adversarial
Networks”, IEEE Signal Processing Letters, 25(4), 551-555, 2018.
C. Y. Fang, S. W. Chen, and C. S. Fuh, “Road-sign detection and
tracking”, IEEE transactions on vehicular technology, 52(5), 1329-1341,
2003.

[12]
[13]

[14]

G. Loy, and N. Barnes, “Fast shape-based road sign detection for a driver
assistance system”, In Intelligent Robots and Systems (IROS), Vol. 1, pp.
70-75, 2004.
S. Maldonado-Bascón, S. Lafuente-Arroyo, P. Gil-Jimenez, H. GómezMoreno, and F. López-Ferreras, “Road-sign detection and recognition
based on support vector machines”, IEEE transactions on intelligent
transportation systems, 8(2), 264-278, 2007.
A. Ellahyani, and M. El Ansari, “Mean shift and log-polar transform for
road sign detection”, Multimedia Tools and Applications, 76(22), 2449524513, 2017.

A New Approach on the Creation of Bicycle Ways
with Optimum Cost
Mucahit Karaduman*, Umit Susam+
*

Department of Computer Science, Inonu University
Malatya, Turkey,
mucahit.karaduman@inonu.edu.tr
+
Yediiklim Akademi,
Elazig, Turkey
umitsusam@gmail.com

Abstract—Every passing day people move towards a more
sedentary lifestyle. In many countries, it is desirable to change this
lifestyle in a way that encourages a moving life. One of their
primary methods is to encourage people to use bicycles. There are
many studies on this subject. One of these activities is the
construction of bicycle paths and bicycle parking areas. When
these roads are built, the haphazard structures are made in
general. In this context, usage and cost ratios are calculated
randomly. With this study, it is desired to design bicycle paths with
optimum cost. When this design is done, calculation is made with
the algorithm developed. When the calculation is made,
information such as the altitude difference between the regions in
the city, alternative road numbers, the number of central points,
and the density of people are used. In this study, bicycle routes will
be established according to two basic criteria. These criteria are
critical to cost and benefit. For each street, the values will be
determined according to these two criteria, and the cost and utility
values for the bicycle lanes created will be calculated. Thus,
bicycle lanes can be established by determining the lowest cost or
the highest benefit. As a result, it is ensured that bicycle routes are
made more convenient and cost-effective.
Keywords— Optimum function, moving life, graph, city map.

I. INTRODUCTION
With each passing day, the development of technology has
led people to drift towards immobile life. This immobile life
can cause many diseases. The rise of automobiles and high-tech
jobs with technology has brought many health problems
together. In order to get rid of these problems, it is necessary to
change the way of life and become a living life. It is anticipated
that many health problems will arise in the future when living
in a dynamic lifestyle.

A. Motivation
It is possible to transform the lives of people who are still
living by adding innovations to their lives. For this purpose,
bicycles, which can be used especially in transportation, should
be integrated into human life. Thanks to these tools, people will
have moved their lives with a little change. This study has been
simulated to make it easier for people to access these vehicles
and to move them into their lives. Through the establishment of
this proposed system, government agencies or private
entrepreneurs will be able to access and use these tools easily
while earning income. Thus, both sides will benefit.

B. Problem Statement
Bicycle parking areas and lanes need to be constructed so
that people can access these vehicles. While these lanes are
being built, there must be lanes and parking spaces that people
can easily reach and use. What needs to be solved for this
purpose is as follows;
 Firstly, the area where the system will be installed should
be determined.
 The location of selected parking areas in the selected area
should be determined.
 Bicycle lanes routes should be specified.
 An alternative solution proposal should be presented.
 Bicycle rental system should be established.
The goal should be to establish the lowest cost system that
will benefit the most people.
C. Problem Statement
The bicycle lanes area to be built can be selected whole city,
district center or quarter. For this purpose, the institution that
will make the system should identify the boundaries of the
region. Besides, the system will be able to go through the
installation phase by determining the budget that can be made
for this work. First of all, a central parking area where bicycles
are parked should be selected. In the course of the selection of
this parking area, the area where business centers, restaurants
and shopping centers are most concentrated will be found by
screening and the designated point will be determined as the
central parking place. If more than one central point is present,
and a distance between these points is greater than 1 km, a
second central park will be created. Otherwise, only one central
park will be created. After this process, the district park areas
will be selected. For this purpose, using the address based
population system on the map, the district park areas will be
created in the places that are within the reconstruction areas and
which are at least 1 km away from the central park area and
where the human population is the greatest. The numbers of
these parking spaces will be determined in such a way as to vary
according to the width of the area and the budget. Later, it will
be possible to define routes that will combine the designated
parking areas with the central parking area. When these roads
are created, existing streets and boulevards will be used. For
this purpose, the cost and benefit values determined at specific

intervals for each street will be taken into consideration. The
cost will indicate the costs and difficulties that may arise during
the construction of the bicycle route, while the benefit will also
depend on the population. In this way, many alternate routes
between the district and central park areas can be identified.
After deciding on the routes according to the cost and benefit
criteria, the rental system must now be established. The rental
system must be made to include an online system. In both
central and district park areas, points of rental and delivery
must be established. These delivery points must be created
independently of the person and the number should be
transmitted to the system where the bicycle is delivered and the
cost should be calculated by calculating the difference between
the time of receipt and the time of delivery. For this purpose, it
is necessary to have a central server where information is
gathered.
As a result, people should be transformed into something
that they can easily use and easily reach in order to encourage
the use of this system. As the bike issuance and delivery will be
carried out by the electronic lock system, a system that does not
require inspection will be established. Thus, a low-cost
income system will be created. Thus, a low-cost income
system will be created.

D. Related Work
The use of bicycles is an important part of the way people
live their lives. Establishment of this system is both important
to determine the effects on both the public and the people.
Many studies have been carried out for these purposes [1-14].
While some of these studies were based on the use of bicycles
for the prevention of harmful air bicycling, which could be
quite detrimental to health, and therefore taking bicycle routes
into consideration [1-4], while the use of bicycles refers to the
benefits of lowering air pollution, while some others are carried
out when the roads are properly constructed. Some databases
have been created by taking the data of the bicycle drivers and
observing, and trying to ensure the safety of the cyclists [5].
Stinson et al. conducted a survey on bicycle path selection [6].
Buehler et al. with a revive they made comments on the
structure of the roads, route selection, road patterns in crowded
traffic, and examined previous studies [7]. Bhat et al. have
formed a model for the restoration of the psychological and
other factors of the selection of the bicycle route [8]. Fowler et
al. carried out an investigation into what are the obstacles to
getting on the bike. Infrastructure, security and environmental
factors as well as other obstacles have been researched [9].
Zimmermann et al. conducted a study on the use of GPS data
and bicycle route selection [10]. However, some studies using
GPS data and selecting bicycle lanes and routes have been
carried out [11-14].
In this study, two basic variables are determined for the
existing bicycle lanes and their routes are determined according
to their values. These values are cost and benefit.

E. Contribution
With this work, we want to carry out a social responsibility
project. For this purpose, a region simulation is performed.

People who have lost their health and even their lives because
of still life have been proposed to change the way of life, and
to have a system for such problems. Generally, bicycle lanes
are made at random and on the sides of main boulevards, and
no benefit is considered. This study aims to make bicycle routes
both incentive and beneficial.
II. SYSTEM THEORY
One of the biggest hurdles for people to ride a bicycle is the
lack of parking spaces. With this simulation study, it is aimed
to remove this problem and to make the roads for bikes to lift
the accident risk. For this purpose, what is required are shown
in Fig. 1.
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Fig. 1 The general structure of the system.

In order to establish the parking system, a region should be
selected first. This region can be determined as whole city,
town or quarter. Then, with the support of geographical
information systems, the map is scanned and the most suitable
parking areas are selected to create central and district parking
areas in the determined area. Information on how to make a
scan of the selection of parking areas is given in Fig. 2. In Fig.
2, it is shown house with M, shopping center with A, restaurant
with R and business center with I.
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Fig. 2 Sample area map.

From the map, firstly the central parking area is determined.
In the process of determining this area, the criterion is
determined by determining the most concentrated area of
Shopping Center, business center, and restaurants. After the
central parking area is created, the area where the district park
areas will be formed is selected. The criteria for this area should
be within the zoning area, a distance of more than 1 km from
the central parking area, and finally represent the place where

the population density is highest. For this purpose, it can benefit
from the address based population system. With this screening,
environmental park areas can also be identified.
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Fig. 3 Park areas and lanes on grid structure.

Once parking areas are identified, there are lanes to connect
these parking spaces. Firstly, the roads should be placed on a
grid-like structure as in Fig. 3. Since this grid structure is
numbered horizontally and vertically, the starting and ending
points of each street can be determined. Then we have two basic
criteria for roads. The first of these criteria is the benefit
criterion. This criterion is determined by the human population.
A benefit criterion is determined in the direction of the people
of the people living around the street and the boulevard. The
second criterion should be the cost criterion. When this
criterion is determined, it can be seen as cost of construction on
the selected street. Thus, when combining park areas, the
lowest cost routes that provide the greatest benefit in terms of
these two criteria can be determined.
=

(1)

=

(2)

The cost of the total lane between the central park and the
district park, n interconnection number, Y gives the cost for
each interconnection.

the total distance between the central park and the
district park is beneficial, n interconnection number, F gives the
benefit for each interconnection.
When examining Figure 3, alternative lane can be formed.
Lanes that are not suitable for bicycles are taken out of the
system even if the value of the benefit is very high given the
infinite cost value. The start and end values of each edge are
shown in Fig. 3. With the beginning and ending values of these
edges, it is possible to construct roads so that the streets become
a continuation of each other. By considering this situation,
alternative routes can be formed. These alternative routes may
be as examples.
Routes between C1-M1
R1- (3,2),(4,2), (4,3),(4,4)
R2- (2,3),(3,3), (3,4), (4,4)
R3- (3,1), (4,1), (5,1), (5,2),(5,3),(5,4)

Equation 1 and 2 are calculated for all possible paths. When
this calculation is made, a maximum of 10% negative
directional interconnection can be selected between the central
park and the surrounding park.
= min(
)
(3)
bicycle route calculated based on the minimum cost value.
= max(
)
(4)
bicycle route calculated to the maximum benefit value.
Now is the time to establish a system that will encourage
people to this system. This system is called the self-rent and
self-pay system. The system consists of bicycles, pay points
and a central server. Persons will be able to start their journey
by taking the bicycle electronically locked after the SMS
confirmation by entering the bicycle number, ID numbers and
phone numbers that they will receive at the point of payment.
Once they have completed their journey, they will be sent
information to the system where they will take the bicycle to
any parking area and lock it with the electronic lock, and a cost
will be calculated for those bicycles. The person will be able to
complete the payment by SMS if selected mobile payment at
the payment point. In other cases, the cash or debit card will be
able to pay by entering the identification number and telephone
number in the payment section. The structure of this system is
shown in Fig. 4.
Park Area 1
ID No
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Mobile Pay Y/N
SMS Pin
001
002
003
Bicycles
004
005

Park Area 2
Main Server
Data Storage
Calculation
Communication

ID No
Phone No
Payment
001
Bicycles

Fig. 4 Bicycle rental and payment module.

With this system, people can rent bicycles at any time they
want and can deliver them when they want. This provides
people with ease of use. Those who are going to work will be
able to rent bicycles and deliver them to the parking area closest
to the workplaces, and they can rent out the work and deliver
the houses to the nearby parking area. In addition to this, people
who use their personal bicycle and have given up on parking
because of the end of parking, this problem has been removed
and the use motive structure is being revealed.
In this system, all parking areas are integrated into an
established communication system. At this point, a bicycle in
any parking area can be delivered to the other parking area, and
payment can be made there. All of this information is calculated,
recorded and shared by a central server.
III. EXPERIMENTAL RESULTS
In this study, bicycle is simulated on the creation of park and
route. In this simulation, study was carried out by choosing
Elazig province as a sample region. The costs and benefits for
the roads are artificially determined and parking spaces and

routes are determined accordingly. The planned area of the
bicycle lanes and parking areas is located in Fig. 5.

In Fig. 8, the regions where the quarter are located are
identified by red circles. These areas are designated by squares
in the district park areas. The bicycle lanes and routes formed
by considering the highest benefit factor are also included in
Fig. 9.
Abdullahpasa
13. Sk.
313 Sk.
272 Sk
266 Sk.
Saray Bosna Cd.
256. Sk.
250. Sk.
Gazi Cd.

Fig. 5 Bike route simulation map for Elazig province.

Screening of the selected region is required. When this
screening is done, restaurants, markets, shopping malls and
business centers will be the most concentrated areas. When Fig.
5 is searched on a single map, it is seen that Fig. 6, that region
is the region that provides the best of the specified criteria.

Fig. 6 Central parking area.

Then, by taking the information on the address based
population system, the surrounding park areas will be created
in the regions where the population on the map is the densest
and 1 km away from the central park area. There are three
quarter in this area. These quarters are Abdullahpasa, Atasehir,
and Bahcelievler. District park area will be selected from each
quarter. The designated district parking areas are shown in Fig.
7.

(a)
(b)
(c)
Fig. 7 District park area (a-Abdullahpasa, b-Atasehir, c-Bahcelievler).

Once the district park areas have been identified, it is now
necessary to determine the center park area and the route routes
for the consolidation of these areas.

Atasehir
Kibar Sk.
Muharipler Sk
Zeybekler Sk.
Nakkaslar Sk.
İmam Efendi Blv.
Fig. 9 Example bicycle route recommended for maximum benefit.

IV. CONCLUSIONS
The main purpose of this study is to enable people to adapt
to life in motion without changing their life. For this purpose, a
simulation system has been realized on the creation of bicycle
parking areas, which are the most suitable places, and the
integration of these park areas in terms of cost and benefit. With
this system, people can rent bicycles at any time they want, and
deliver them whenever they want. It provides people with ease
of use. Those who are going to work can rent bicycles and
deliver them to the parking area nearest to the workplaces, and
they can rent and return the work to the nearby parking area. In
addition, people who use their personal bicycles and give up on
the use of parking because they have had a parking problem,
have not been able to solve this problem, and a use-motivating
structure has been uncovered.
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Abstract— One of the drawbacks of artificial intelligence (AI)
based modelling approaches is that they do not have an open and
simple mathematical model. So it is difficult to understand and
apply AI-based models in real-world applications. In addition,
AI-based models often complicate the problems that can be
modelled with simple equations. In some studies in the literature,
it is seen that regression-based models produce much faster and
more effective solutions than AI-based models. Moreover, it is
possible to produce equations that can be applied simply and
quickly for the problems with regression. Although regression
studies offer fast and simple models, there are some limitations to
AI-based models. For example, as the number of parameters and
the level of complexity of a problem increase, it becomes difficult
to obtain a regression equation suitable for this problem. Because
the majority of regression tools are based on gradient descentbased approaches. This approach is unsuccessful against local
minimum traps in situations where search space is complex. Only
simple regression equations can be produced with regressionsoftware tools used for this task. In this paper, a meta-heuristic
based regression tool is designed and developed. The designed
tool minimizes the problems encountered in gradient descentbased approaches. It becomes possible to obtain effective
regression equations for problems with a high number of
parameters and a high level of complexity. In the meta-heuristic
curve fitting process, four different regression equations are
optimized for each problem. The optimum values of the
parameters of these equations are discovered by two modern
meta-heuristic search methods such as symbiotic organism
search and lightning search algorithm. The developed regression
tool has been applied to different problems and tested. For the
test, the regression problems in the UCI Machine Learning Data
Repository are used. The results from experimental studies show
that the designed software tool explores optimum equations for
regression problems.
Keywords— Curve fitting, Regression, Meta-heuristic search

I. INTRODUCTION
Regression techniques are frequently used to reveal the
functional relationship between dependent and independent
variables of a problem. Different regression techniques are
used depending on the level and type of complexity of the
relation to the number of independent variables. If the
relationship between dependent and independent variables
(parameters) is linear, then the functional relationship with a
simple or linear (first-degree) equation can be modelled. If the
relationship between the parameters is nonlinear, then

multiple types of functions such as quadratic, exponential,
hyperbolic can be used. Traditional and deterministic methods
reveal this type of relationship and are ineffective. In other
words, simple and linear relations can be modelled with
statistical and probabilistic methods. Nondeterministic
methods are used in the solution of regression problems with
multivariate and nonlinear relations [1-2].
For a problem with multidimensional and nonlinear
associations, it is a difficult task to construct the optimal
regression equation [3-9]. In particular, traditional methods of
modelling problems with a large number of local solutions are
ineffective in gradient descent-based approaches. Because the
search process takes place with a deterministic approach
depending on the decrease of the error. This approach leads to
the termination of the search to the local solution traps.
Furthermore, two problems occur in determining the most
suitable equation type for a problem and designing the
equation with optimum coefficients. It is a very difficult task
to find the most suitable one among a large number of
regression equations for different problems and to optimize
this equation. One way to overcome these challenges is to use
heuristic search algorithms. Heuristic search algorithms can
provide the most appropriate solution for a multidimensional
and complex search problem. Using heuristic search
algorithms for regression is actually a kind of estimation.
In this paper, we have developed a heuristic tool that
explores the optimal equation for a problem and the optimum
coefficients of the equation. The developed tool allows
determining the most appropriate one among five different
types of regression equations. In this process, the optimal
regression equation for the problems and the optimal
regression coefficients for this equation are discovered. This
process is expressed as a heuristic regression [4]. Symbiotic
Organism Search (SOS) [5] and Lightning Search Algorithm
(LSA) [6] have been used as the most modern and most
effective meta-heuristic search algorithms in the development
of the heuristic regression tool. The developed tool is applied
to four different regression problems in UCI Machine
Learning Data Repository [9]. As a result of the experimental
studies, the optimal regression equation type for each problem
and the optimization coefficients for the equation have been
discovered effectively and quickly. Experimental studies have

shown that the developed heuristic regression tool is
successful in modeling complex problems and relationships.



II. METHOD: DESIGNING OF META-HEURISTIC REGRESSION
TOOL
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A. Regression Equations
The linear, power, exponential and logarithmic equations
used in the developed heuristic regression are given below
[10-11]:
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Equations given in; wi coefficients, xi data, n is the number
of data.
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Equations given in; y is the actual values, ́ is the estimated
values, and n is the number of data. MAD is mean absolute
deviation, MAPE is mean absolute percentage error, and MSE
ise mean square error.
III. EXPERIMENTAL STUDY

A. User Interface of Tool
The application interface of the designed regression tool is
given below.

B. Meta-Heuristic Searching Algorithms
Meta-heuristic estimation is performed using Symbiotic
Organism Search (SOS) and Lighting Search (LS) algorithms.
Problem definition
Solution Candidate (Organism) Design
Establishment of Solution Candidate Community
(Ecosystem)
Calculation of Fitness Values
Repeat (Termination Criteria)
- Best solution candidate (s) detection
- Implementation of mutualism
- Implementation of commensalism
- Implementation of Parasitism
- Updating the Community
Optimum Solution Saving
Algorithm 1 SOS algorithm pseudo code

Problem definition
Solution Candidate (Step Leader) Design
Solution Candidate Community (Step Leaders
Formation
Calculation of Conformity Values
Repeat (Termination Criteria)
- Identify the best and worst solution candidate (s)
- Channel, direction and kinetic energy update
- Finding a new solution candidate
- Focking with probability of 1% if new solution
candidate is better
- Updating the Community
Optimum solution recording
Algorithm 2 LSA algorithm pseudo code

C. Error Measurement Functions
The error rate equations are given below:

Fig. 2 User interface of tool

In the tool, the data is loaded with the Select File button in
Excel format. The application selects the last column output in
the excel file as input parameters and automatically separates
the data. Algorithm, Equation and Function menu items can
be selected from multiple. Algorithm is used to select the
heuristic algorithm to be used for meta-heuristic regression. In
equation section, the type of equation to be modelled is
chosen. In the function section, the error calculation method to
be used in determining the error rates of the obtained results is
determined. Training, verification and test rate express the
decomposition rates of data. The size of the population and
the maximum number of iterations are necessary parameters
for heuristic algorithms.
First, the file is loaded into the application in excel format
with select button. Then, the desired selections are made in the
algorithms, equations and function sections, and the training,
test and verification rates are determined. Finally, metaheuristic regression processing is started by entering the
algorithm parameters.

B. Data Sets

Three different data sets obtained from UCI machine
learning data pool were used for experimental studies. The
first of these data sets is Combined Cycle Power Plant Data
Set. The dataset contains 9568 data points collected from the
Combined Cycle Power Plant for a period of 6 years (20062011). The hourly average environmental variables consist of
Temperature (T), Ambient Pressure (AP), Relative Humidity
(RH) and Exhaust Vacuum (V) to estimate the plant's net
hourly electrical energy output (EO). Data are provided
without normalization. The features consist of hourly average
environmental variables [12-13]. Second data set is the
Concrete Compressive Strength Data Set. The number of
independent variables (attributes) in this dataset is eight. It has
1030 data samples [14]. The name of the third data set is the
energy efficiency data set. The problem has two outputs.
These are heating and cooling loads. The problem size is eight
and the number of data samples is 768 [15-16].

column of the MAPE value. the most appropriate equation and
method has been determined by looking at these MAPE
values. Figure 2-5 gives the MAPE values for the regression
process. These curves belong to the process of creating the
most appropriate regression equations discovered for the
problems

C. Experimental Study Settings
When the study was conducted, the data were allocated for
training at 70%, for verification and testing at 15%. SOS and
LSA algorithms are used to model problems. Training set is
used to form and update the coefficients in the equations. At
the end of each epoch period, the fitness change is examined
using the verification data. With the test data, the problem
modelling success of the algorithm is measured using the error
function.
No more than 3 levels of headings should be used. All
headings must be in 10pt fonts. As with the title, every word
in headings should be capitalized except for minor words.
1) Algorithm Defaults: Algorithm parameters are sent
from interface to application. The SOS and LSA algorithms
have a population size of 50 and a maximum number of
iterations of 10 000. SOS and LSA algorithms do not need any
other parameters except two parameters.
2) Termination Criteria: When stopping criterion is
determined while performing meta-heuristic regression, the
maximum number of iterations and fitness change are taken
into account. The verification data is used when the fitness
calculation is made in the stopping criterion. If the algorithm
shows improvement in the training data but does not show it
in the verification data, this shows that the algorithm has
memorized. This situation is avoided by checking the fitness
change with the verification data. Fitness values are stored at
the end of each epoch process. These values are compared to
the fitness value found at the end of the next epoch process. If
the fitness change does not change as a result of 10 such
matches, the regression process is terminated. If there is a
continuous improvement, the regression process is terminated
when the maximum number of iterations is reached.

D. Experimental Result
Table 1 gives the experimental study results. 4 different
equations were created for 4 data sets in total. each study was
performed with LSA and SOS algorithms. a total of 32 test
results were obtained. each experiment is given in the last

Fig. 2 The MAPE exchange curve for concrete compressive strength

Fig. 3 The MAPE exchange curve for combined cycle power plant

Fig. 4 The MAPE exchange curve for heating load in energy efficiency
dataset

Figure 6-9 gives the estimation results of the regression
equations created for four different problems. The most
appropriate regression equations discovered by LSA and SOS
were used in the testing process.

Data Set

Concrete
Compressive
Strength

Combined
Cycle Power
Plant

Energy
Efficiency Heat

Energy
Efficiency Cold

TABLE I
EXPERIMENTAL RESULT

W9

MAPE

2,1E-01
6,8E-01

7,6E-02

1,2E-01
3,0E-03

5,9E-02

2,3E-06

4,5E-06

1,8E-01

1,7E-02

1,8E-02

1,1E-01

5,5E-04

5,1E-04

3,7E-01

7,1E-01 0,0E+00 0,0E+00 0,0E+00 0,0E+00 0,0E+00 4,7E-05

6,7E-04

4,7E-04

3,3E-01

2,9E-01

8,6E-03

3,5E-03

-

-

51,386

32,517

82,700

31,163

51,386

32,517

82,700

31,163

63,657

35,560

84,275

30,042

Test

2,5E-03
3,3E-03

Training Validation

32,725

32,781

W8

30,326

30,315

W7

30,326

30,315

W6

-

-

W5

2,1E-01

Coefficient
W2
1,8E-08

3,5E-09 0,0E+00 1,0E+00 0,0E+00 0,0E+00 2,0E-01

W4

W1
3,1E-02

3,1E-02

W3

W0
5,0E-02

5,0E-02

Algorithm Equation
2,5E-05

2,4E-08

Power
3,3E-03

1,7E-09

Linear

Linear

Power
3,4E-03

4,4E-08 1,0E+00 7,0E-10

LSA

SOS

LSA

SOS
4,0E-03

44,292

4,2E-03

44,350

4,0E-01

42,432

1,6E-04

42,432

0,0E+00 6,7E-01

42,432

Exp

42,432

Exp

-

LSA

-

SOS

1,4E-09 1,0E+00 4,0E-02 1,0E+00 1,0E+00 1,0E+00

4,4E-10 1,0E+00 4,0E-02 1,0E+00 1,0E+00 1,0E+00

-

0,0E+00
5,7E-03

-

-

-

-

-

-

-

-

-

-

-

-

-

-

-

-

-

-

-

-

-

-

-

-

-

-

-

-

-

-

-

-

-

-

-

-

-

6,5E-02
7,0E-02
2,8E-02
5,7E-03
9,8E-01
9,3E-01
3,3E-02
1,0E-02
0,0E+00
0,0E+00
0,0E+00
0,0E+00
7,2E-01
7,1E-01
1,0E-99
1,2E-02

1,4E-03
0,0E+00

-

-

3,1E-03
9,8E-03

-

-

-

-

1,0E+00
1,0E+00
2,3E-01
1,9E-01
1,3E-04
1,0E-04
1,1E-06
1,8E-02
1,0E+00
1,0E+00
0,0E+00
1,3E-01
6,0E-03
7,1E-03
2,0E-02
1,3E-02

2,597
2,598
2,614
3,088
2,579
43,772
95,804
95,804
25,735
25,736
11,946
10,778
6,852
7,334
30,123
29,910
23,583
23,583
10,960
12,760
7,448
7,493
32,988
33,186
0,0E+00
7,0E-05
0,0E+00
8,7E-04
2,6E-01
2,4E-01
3,4E-01
3,7E-01
0,0E+00
3,4E-07
0,0E+00
3,6E-02
2,3E-01
2,3E-01
1,0E+00
1,0E+00

2,644
2,645
2,667
3,158
2,575
43,706
95,800
95,795
28,239
28,240
13,545
12,880
8,282
8,483
33,591
33,739
22,386
22,386
11,764
15,617
8,128
8,300
28,537
28,771
1,0E+00
1,0E+00
1,0E+00
1,0E+00
2,4E-04
2,2E-04
1,0E+00
1,0E+00
1,0E+00
1,0E+00
7,1E-01
7,9E-01
9,0E-04
1,1E-03
1,0E+00
1,0E+00

2,644
2,645
2,652
3,158
2,575
43,706
95,795
95,795
28,239
28,240
13,545
12,880
8,282
8,483
33,591
33,739
22,386
22,386
11,644
14,363
8,128
8,300
28,537
28,771

1,0E+00 1,0E+00 1,2E-02

4,9E-01
5,0E-01
6,8E-02
9,1E-02
5,0E-03
5,0E-03
1,0E+00
1,0E+00
0,0E+00
1,2E-09
0,0E+00
7,8E-02
1,8E-03
2,1E-03
1,0E-99
5,2E-06
0,0E+00
1,4E-09
0,0E+00
1,1E-02
1,4E-03
1,4E-03
2,8E-01
2,8E-01

1,0E+00 1,0E+00 1,2E-02

4,1E-01
4,1E-01
1,0E+00
8,3E-01
0,0E+00
1,9E-10
1,0E+00
1,0E+00
3,2E-02
3,2E-02
6,7E-01
8,2E-01
3,2E-04
4,1E-04
1,0E+00
1,0E+00
4,3E-02
4,3E-02
6,7E-01
4,9E-01
9,0E-05
6,2E-04
1,0E+00
1,0E+00

Log

0,0E+00
2,6E-12
0,0E+00
3,6E-05
0,0E+00
6,4E-08
1,0E+00
1,0E+00
0,0E+00
4,7E-09
7,6E-03
1,9E-01
7,1E-02
3,8E-01
1,0E+00
1,0E+00
0,0E+00
2,7E-11
7,1E-02
1,4E-01
0,0E+00
4,7E-01
1,0E+00
1,0E+00

Log

0,0E+00
5,8E-11
0,0E+00
3,6E-06
1,0E+00
9,4E-01
1,0E+00
1,0E+00
1,0E+00
1,0E+00
2,7E-01
6,8E-01
4,2E-01
2,1E-01
1,0E+00
1,0E+00
1,0E+00
1,0E+00
7,7E-01
5,5E-01
1,0E+00
2,2E-01
1,0E+00
1,0E+00

LSA
Linear

Linear

0,0E+00
7,4E-09
3,3E-01
1,0E+00
1,0E+00
1,0E+00
1,0E+00
1,0E+00
1,3E-06
1,1E-05
1,2E-01
1,2E-02
9,8E-01
4,3E-01
1,0E+00
1,0E+00
0,0E+00
2,1E-05
1,2E-01
1,9E-01
1,0E+00
1,0E+00
1,0E+00
1,0E+00

SOS

LSA
Power

Power

SOS

LSA
Exp

Exp

SOS

LSA
Log

Log

SOS

LSA
Linear

Linear

SOS

LSA
Power

Power

SOS

LSA
Exp

Exp

SOS

LSA

Log

Log

SOS

LSA

Linear

Linear

SOS

LSA

Power

Power

SOS

LSA

Exp

Exp

SOS

LSA

Log

Log

SOS

LSA

SOS

Fig. 5 The MAPE exchange curve for cooling load in energy efficiency
dataset

Fig. 8 The estimated and real values for heating load in energy efficiency
problem

Fig. 6 The estimated and real values for concrete compressive strength
problem

Fig. 9 The estimated and real values for cooling load in energy efficiency
problem

IV. CONCLUSIONS
In this paper, we present a heuristic regression tool that is
an alternative to classical statistics and probability methods. It
has been shown that alternative methods for the types of
problems in which conventional methods are ineffective can
produce successful results. A simple way of finding the most
appropriate equation for the problem and the most suitable
coefficients for this equation is presented. It has been shown
that the regression tool developed with heuristic optimization
algorithms can create optimum equations has the local
solution traps. It is revealed that the developed heuristic
regression tool is an effective solution tool for
multidimensional and nonlinear problems.
Fig. 7 The estimated and real values for combined cycle power plant

When Figure 2-9 is examined, both the MAPE values for
the training process and the error values for the test process
show that an effective and powerful regression tool has been
developed.
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Abstract— With the concept of the industry 4.0, the concept of the
internet of objects has developed and the internet has started to be
used at every moment of our life and every field. The need and
usage of this concept is increasing day by day because the concept
of the internet contains many fields such as applications, news,
education, social media which facilitate human life in
departmenticular. Especially the developments in wireless access
technologies have made internet access easier and the use of
internet has been increasing day by day. In this study, a method
for WLAN (Wireless Local Area Network) technology, one of the
Wireless Access technologies, has been proposed. Analyzes were
made based on the number of users connected to the wireless
access points at certain intervals. As a result of the analysis, the
wireless access points are determined and classified. Support
vector machines are used for this classification.
Keywords— Local area networks, Wireless access points, Support
vector machine

I. INTRODUCTION
Today, wireless communication has entered into every
aspect of our lives. Wireless communication is a technology
that allows multiple users to use the same communication
environment. With this technology, information exchange can
be done in the air environment. In addition, wireless signals
allow users to roam and navigate within the coverage area due
to the need to stay connected. One of the most important
technologies that provide wireless communication is WLAN
technology which is IEEE 802.11 a / b / g / n / ac standard [12]. In the frequency spectrum, there are two Wi-Fi frequency
bands in the Microwave category, 2.4GHz and 5GHz, which
provide wireless communication [1-4].
With the increased use of Wi-Fi, the effective use of wireless
access points that distribute Wi-Fi signals has become
important. As a result, the coverage areas of wireless access
points are important for signal quality. There are many studies
in the literature about the positioning of wireless access devices.
Koo et al. [5] used the signal strength (RSS) value of the
wireless access device depending on the distance when no
information is given about the wireless transmitter model. In
order to reach their targets, the exponential relationship
between signal strength and distance was used and many
folding processes were applied. According to the simulation
results, an AP position can be estimated correctly when four or
more signal strength measurements are taken at different
positions [5]. C. In their study, Prommek et al. [6] developed a

new model named capacity based WLAN constraint
satisfaction problem (Cap-WLAN CSP) to meet the expected
user demand in the coverage area and to achieve the desired
data rate. With the Cap-WLAN CSP model, a network design
has been designed to increase data speed by using parameters
such as wireless access point locations, power levels, channel
conditions, etc. to meet user demands. Numerical results
obtained show that the capacity-based approach is more
suitable for designing WLAN systems than traditional
coverage-based designs [6].
Sevtuks et al. [7] collected and mapped the use of Wi-Fi on
the Massachusetts Institute of Technology campus to study the
daily working situations and lifestyles of the academic staff at
MIT with the iSPOTS project. Thus, the iSPOTS project maps
real-time Wi-Fi usage on the MIT campus [7]. The real-time
data transfer system proposed by the iSPOTS project is given
in Fig.1.

2. 802.11
Wireless device

1. User with
802.11 Wireless
device

6. İspots gis mapserver generates
maps from the most recent data
and puts them on-line

3. Access point records
the log files of the user
4. IS&T server collects
logs and transnits them
to the ispots database

5. İspots mysql database
receives and archives log
data at 15min intervals

Fig. 1 The proposed iSPOTS real-time data transfer system in the literature [7]

Shin et al.[8] have proposed an Android-based Wi-Fi
Positioning System (WPS). With this method, the WPS system
was used on the smartphone, and the locations of wireless
access points were found using intensive Wi-Fi access points
and RSS (Received Signal Strength) values [8].
In this study, a support vector machine based method is
proposed for the classification of wireless access points.
Multiple wireless access points in LAN (Local Area Network)
are managed by a controller. In this study, SSH connection is
made to the controller used for LAN and the number of users
for each wireless access point is taken. Accepted data are

recorded in the database. Wireless access points are classified
according to the number and time of users recorded in the
database. Thus, it is possible to predict when the wireless access
points will be intensive. Bandwidth can also be adjusted
according to classes of wireless access points.
II. PROPOSED APPROACH
In LAN, multiple wireless devices are managed by a
controller. In large networks, especially campus networks,
more than one indoor and outdoor wireless access devices are
available in each building. These access devices provide
wireless access to students, academic and administrative staff
and guests. Students usually use wireless access devices in
activity areas such as cafes and in departments. Personnel
usually use wireless access devices in departments and
administrative buildings. Common areas such as meeting and
conference rooms are available. There are also access points in
most lodging houses. The architecture of the system developed
in this study is given in Fig.2

Access
Point
Phone

a) Departments

Database

Switch

SSH Connection Software

Computer

System room
Access
Point
Controller

Access Point Controller

Switch
Access
Point

in the database. Thus, the number of users connected to the
access point is calculated 144 times in 1 day, 6 times in 1 hour
and recorded in the database. In this study, there are 5 types of
wireless access points in general as 'Departments', 'Activity
area', 'Lodging', 'Meeting room' and 'Administrative building'.
The graphs of the data taken for one week from the sample
access point of each species are given in Fig.4

Access Point
Monitoring and
Classification
Interface

b) Activity area

Fig. 2 Architecture of the developed system

In Fig. 2, the system architecture is developed to retrieve data
from the controller to which access points are connected. In this
software, the number of active users connected to the active
wireless access devices is taken in real time by SSH connection
to the controller. The flow diagram of the proposed method in
this study is given in Fig.3

c) Lodging

SSH access to the wireless access controller
Receiving real-time data via controller
Obtaining the number of users connected to each wireless access point
using the received data
Recording the obtained data in the database

d) Meeting room

Real-time monitoring of the data in the database and classification by SVM

Fig. 3 Flowchart of the proposed method

With the software developed in the proposed method, the
access point controller is connected to the SSH connection and
the number of instant users connected to the existing access
points is taken. The developed software runs every 10 minutes
and records the number of users connected to each access point

e) Administrative building
Fig. 4 Number of one-week instant users from sample access points

In Fig. 4, graphs of a weekly data taken from 5 different
types of access points are shown. In Weekend Fig. 4.a and Fig.
4.e, the number of users on weekdays increases while the
number of users is low. Fig. 4.c and Fig. 4.d generally have the
same number of users on weekdays and weekends. In Fig. 4.b,
the number of users over the whole week is considerably higher
than that of all other access point groups. In addition, in Fig.
4.c, the number of users differs between night and day, while
the number of users in day and night is more different in the
other groups. The number and types of wireless access points
used in this study are given in Table 1.

In this study, the classification process was performed by
selecting the linear activation function. Test results were
obtained by 5-fold crossover method.
III. APPLICATION RESULTS
The proposed method in this study was developed using 'C
#' programming language in 'Microsoft Visual Studio 2013'
environment. The obtained data is stored in the database in the
program 'Microsoft Sql Server 2017'. The interface developed
in this study is given in Fig.5

TABLE I
NUMBER AND TYPE OF WIRELESS ACCESS POINTS
Type
Departments
Activity area
Lodging
Meeting room
Administrative building
Total

Number of AP
148
8
33
4
10
203

In this study, a total of 203 wireless access points were taken
and the number of instant users was obtained. Four different
attributes were deduced from the number of instant users. These
attributes are 'average number of users at weekends', 'standard
deviation of number of users at weekends', 'average number of
users on weekdays', and 'number of users on weekdays'. These
obtained attributes are classified using support vector machines.
Algorithm statistics used in SVM (Support Vector Machine)
are used in classification and regression problems because they
allow analysis of data and pattern extraction on these data. The
algorithm used is basically the size of the data set and a higherdimensional space on the qualifications of forming a plane that
bisects the most appropriate way. Its use in classification
problems is caused by the transfer of new samples to the space
created by the algorithm and the attempt to classify them
according to the positions of the planes in this space [9-15].
Although SVM is used for solving two class problems, it is also
used for solving problems with two or more classes. The
general approach used to do this is to classify multiple classes
by trying to group them between binary classes. In this work,
the error correction approach of the output codes is used for the
parsing method. In this method, a classifying problem which is
multi-class is transformed into sets of binary classification
groups. This method, which consists of two main departments,
education and classification, is trained to be S discrimination in
the first stage of S binary classifier training data. If it is assumed
that the training set consists of N classes, the code matrix ( ∈
{−1, 0, 1} ) shows the class and the relation between the
separations. Here,
= 1(
= −1), is used as a positive
or negative example for the training of the class classifier
[90]. In the estimation phase of a new ⃗ , a vector ⃗
( ⃗) = ( ( ⃗), ( ⃗) … ( ⃗)) . The class closest to this vector is
considered to be the class of, entry:
(1)
( )⃗ =
, ⃗ ( ⃗))
∈ min (

Fig. 5 Interface developed in this study

With the interface of Fig. 5, instant user numbers connected
to wireless access devices are obtained and recorded in the
database. At the same time, the user graph and the total user
graph of the desired time interval of each device are monitored.
The number of users connected to each wireless access device
is taken from the database and transferred to 'Matlab'
environment. In the 'Matlab' environment, classification was
done using Linear SVM. In this study, 203 users received
instant user information for 1 week in 10 minutes intervals. In
total, 204624 pieces of data were extracted using the selfquality. The extracted qualities were classified using SVM. The
ROC curves obtained for each class are given in Fig.7
An example is given in this study and the classification result
obtained using SVM is given in Table 2.
TABLE II
CLASSIFICATION RESULT OBTAINED USING SVM
Type

Weekend

Weekday

Avg.

Std.

Avg.

Std.

4,194

7,785

7,206

10,043

Departments
Administrative
building
Activity area

0,031

0,174

6,877

8,725

15,139

19,738

17,32

21,632

Lodging

12,719

2,822

10,32

4,028

Meeting room

0,399

0,730

0,698

1,094

Classification
Success
% 99
%0
%0
% 85
%0

a) Departments

d) Meeting room

b) Activity area

e) Administrative building
Fig. 6 ROC curve

In this study, SVM training duration lasted 4.18 seconds.
Classification success is 86.2%. When ROC curves and Table
2 are examined, it is seen that successful results are obtained
for 'Department' and 'Lodging' classes. However, classification
for the other sections did not yield successful results. The most
important reason for this is the low number of wireless access
devices belonging to these classes. Success rate is good because
the number of access points for 'Department' and 'Lodging'
classes is high.

c) Lodging

IV. CONCLUSIONS
Internet is an indispensable department of our life, especially
in wireless internet. In recent years, with the rise of wireless
devices, wireless internet has become more common. More and
more efficient use of wireless communication is increasing by
developing wireless access devices every day. In this study, a

SVM based method is proposed for the monitoring and
effective use of wireless access points in large LAN such as
campus networks. In the proposed method, 203 wireless access
points are monitored. Active access wireless access points are
classified according to the types of wireless access points
considering the number of instant users. Successful results were
obtained for classes with more access points using SVM for
classification. In subsequent studies, the qualitative parameters
and classification methodology will be improved so that
successful results can be obtained for all classes. The lack of
similar work in the literature suggests an innovative direction
of the proposed method. The access point is classified and the
bandwidth of each access path is adjusted to increase the
efficiency of internet usage.
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Abstract— In this paper, a face recognition system that used as a
biometric identification based on Local Binary Pattern Method
(LBP) is presented. The system has been developed as a desktop
application and the best parameters of the method have been
investigated. During the testing phase, three different face
databases were used. These databases are Yale Face Database,
Georgia Tech Face Database and a new database, created by us
for measuring the reliability of this method, YV Face Database.
The system consists of capturing the photo, detection of the face
area in the whole picture, alignment of the face by analyzing the
pupil of the eyes, feature extraction of the face image,
identification of the person and authorization processes. The
recognition success rates evaluated in terms of True
Accept/Reject Rates. According to the test experiment, 83,33%
TAR and 92.00% TRR was achieved as a best result.
Keywords—Face Recognition, Local Binary Pattern (LBP)

I. INTRODUCTION
The use of facial imagination, which is a biometric feature
in accessing a system, is increasing day by day. Usually user
name and user password are required at user login. However,
security vulnerability occurs when password is played [3,4].
In order to determine if the person who wants to login to the
system is really the person; a biometric recognition module
has been added to the system, which has been frequently
worked on in recent years.
In this study, a LBP based face recognition system has been
developed and tested that allows users to access the secured
system with high security level using face image from
biometric features. The facial recognition system has been
developed and tested as a desktop application. For this
purpose, the Local Binary Pattern (LBP) method, which is
frequently preferred in face recognition studies, have been
applied on Yale Face and Georgia Tech Face databases from
the face databases which are frequently used in facial
recognition researches. In addition to these two databases, we
have also implemented a new face database (Yasin Vurgun
(YV) face database), which we have created to test the
reliability of the method and which contains 750 photographs
taken from 50 people.
The developed face recognition software consists of three
basic steps.These can be listed as;
(1) detection of the face area from the captured image,
(2) aligning eye points within the face region and
performing alignment,

(3) face recognition process to make the system allow /
deny access.
The Viola - Jones method [1] with the face detection
function was applied to the detection of the face area, which is
the first of these steps. In the second stage, eye points were
found using the eye-finding function of the Viola-Jones
method. Then, the face alignment was performed based on the
horizontal angle of the left and right eye points. At the last
stage, face recognition was performed using local binary
patterns [2,6] methods. At this stage, histogram equalization
and face cropping were applied to improve vision and the
results were evaluated by cross-testing approach. All of these
operations were run on the local computer as a desktop
application. After recognition, the user information (user
name and password) is matched with the contact information
of the face image detected from the captured image and the
result is returned to the user. According to the result of the
recognition process, the corresponding system access or
rejection is provided to the user.
II. MATERIAL AND METHOD

A. Face Databases
In this study, "The Yale Face" [5], "Georgia Tech Face" [7]
and "YV Face" face databases were used to compare the
success of the three methods applied for face recognition.
The "Yale Face" database consists of 165 "gif" format
gray-level photos. There are 11 photographs taken from 15
different people (165 photographs in total) in the database. In
this database, photographs were taken by Belhumeur et al. [5]
under certain lighting conditions (side lighting, backlit). In
these photographs, there are different exposures (happy,
sleepy, confused ...) that will cover certain facial expressions
and depending on the accessory use (glasses, without glasses).
In the Georgia Tech Face database, there are 750
photographs in color "jpeg" format for 50 people. Each person
has 15 pictures taken at different times. Without a specific
lighting technique, complex background shots were made.
Shootings were not done in one shot, but were completed
piece by piece for as long as 5 months [7].
There are 15 photographs (totally 750 photographs) taken
from 50 different people at different times and different
environments in the "Yasin Vurgun (YV) Face" database. The
camera used is Nikon D90, with an 18-105 mm lens. The
photos are in color and in "jpg" format. To speed up the image

processing software, the resolution of the photos was reduced
from 4288 x 2848 pixels to 800 x 531 pixels.
The sample images taken from all face databases were
given in Fig. 1.

features used by V&J consist of a double rectangle (A and B),
a triple rectangle (C) and a quadrangle (D), as seen in Fig. 2.

Fig. 2 The rectangular features used in V&J method [1]

Lienhart and Maydt [10] have done a study by expanding
the haar-like attributes of V & J. These extended haar-like
features are shown in Fig. 3.

Fig. 1 A sample images taken from (a) Yale, (b) Georgia Tech, (c) YV face
databases

B. Methods
The work steps of web based facial recognition system
developed in this study are as follows:
• The user starts the camera.
• The user enters the user name and password and then
clicks the "Login" button.
• The acquisition unit takes the user's picture via the
webcam and then the captured image is reduced to a
resolution of 320 x 240 pixels.
• Face recognition application detects face region in
incoming image.
• Face alignment is performed by finding eye points in the
detected face region.
• Face recognition is done.
• The result of facial recognition is displayed to the user
then system access is confirmed/denied.
1) Finding face: Surveying the existence, place and size of
the face from within the image is called finding face [8]. Face
detection is the first phase of face recognition [9]. Face
recognition must be done correctly in order to make a reliable
face recognition.
In this study, Viola and Jones (V&J) method [1], which has
proven to be successful in the literature, has been used in the
face finding process. This method works in the sense of
identifying possible face regions by sweeping haar-like
attributes into the image, rather than taking care of the entire
image. This method works much faster than other face
detection methods (15 times) and has a high detection rate of
94%. V&J makes a face finding by tracing rectangular shapes
known as haar-like attributes in the image. These rectangular

Fig. 3 A haar features presented by Leinhart and Maydt [10]

Instead of doing a pixel-based computation on the image, V
& J computes the area on which these rectangles are hovered.
From these rectangles, if the value obtained by subtracting the
sum of the values of the pixels remaining under the dark color
portions from the sum of the values of the pixels remaining on
the image under the light color portions is over the
predetermined threshold value, it can be said that “that region
is favorable to be the face region”. An integral image is used
in the calculation of these rectangular attributes quickly. The
integral image is formed by summing the values of the pixels
on the left and top of each pixel value in the image. The value
of the integral image at the point of view (x, y): ig (x, y) is the
sum of all pixels left and above the point (x, y). After the
integral image is created, any rectangular region can be
calculated with four subimages (Fig. 4).

Fig. 4 Calculation of sub-rectangle with integral image [11]

The sum of the pixel values in rectangle A is the value of
the integral view at point 1. The value of the integral view at
point 2 is A+B, A+C at point 3, and the integral image at point
4: A+B+C+D. The sum of the values of the pixels in the D
region is calculated as 4+1-(2+3). This calculation is
expressed as follows [1]:

( , )

( , )=

(1) +

(4) −

(3) −

(2)

In every sub-window in the image, it can take a lot of time
to explore each rectangle attribute. The Adaboost algorithm
can be used to overcome this problem [12]. Adaboost is an
acceleration algorithm that creates a powerful classifier using
the weights of weak classifiers. V&J used the Adaboost
algorithm in the selection of rectangular attributes and in the
setting of threshold values for rectangular attributes. Fig. 5
shows the first two attributes selected by the Adaboost
algorithm. In the first feature, eyes are used as a feature that is
darker than the cheeks, while in the second feature, eyes are
darker than the eyes.

3) Local Binary Pattern (LBP): The local binary pattern
(LBP) method is a high-performance tissue identifier and was
first described by Ojala et al. [14]. The success of this method
in classification is often a preferred method for face
identification, as it is easy to calculate and robust against
changes in enlightenment [15-19]. In addition, real-time face
recognition is possible because the computability of this
method is simple.
In the LBP method, the central pixel threshold value is
assumed and the neighboring pixels are subtracted from this
threshold value, respectively. If the result is positive and zero,
1 is written. If negative, 0 is written. These binary numbers
are combined side by side to form a local binary pattern (Fig.
6).

Fig. 6 Obtaining binary patterns [20]

The processing of the LBP operator to obtain the local
binary image can be expressed as:
( , )(

)

( )=

Fig. 5 The first two attributes selected by the Adaboost algorithm [12]

2) Face Alignment: For face recognition to be successful,
the faces must be aligned. To align the faces; it is necessary to
determine how much angular skewness the oblique head has
in which direction. For this purpose, the eyes that lie on the
same horizontal line on the face of a flat gaze are used as
references. The positions of the eyes are important in the
determination of the right and left eye points. G1 (x1, y1)
gives the position of one of the eyes, and G2 (x2, y2) gives the
position of the other eye. The angle of inclination of these two
points with the horizontal plane is found by the following
equation.
(y − y )
tan(α) =
(x − x )
After the inclination angle is found, the alignment is
completed by rotating the image in this angle value according
to whether it is negative or positive.

1
0

(

−

≥0
≤0

)2

Here, XC represents the central pixel from which the binary
pattern is generated, XP represents the neighbor of the central
pixel, and P the neighbor number processed. The LBP is
calculated for each pixel in the image, but not used for each
LBP texture definition [13]. In the processing sequence, the
number of changes from 1 to 0 and 0 to 1 in the bit level is
checked. The number of changes at the bit level that is two or
less is called the smooth pattern.

C. Implementation
Unlike other software, the application interface has separate
control selections for each step of the face recognition process.
The aim is to measure the success at each stage of the methods
used and, if necessary, intervene in the relevant parts of the
algorithm.
In the first phase of facial recognition, machine learning is
performed from the facial data in the database. 10 face images
of each person are captured during training (Fig. 7). First, the
face region is detected through the input image, and then face
alignment and cropping are performed.

The results of the phase of determination of the face region
are given in Table I.
TABLE I
RESULTS OF FACE FINDING

Fig. 7 Face image capture window

There are two possible situations when attempting to login
to the system by pressing the "Login" button after starting the
image capture from the camera. In the first case, the face
image captured is recognized by the system and system
accepts the attempt. In the second case, the system rejects the
attempt.

Number of
Faces
Include Face
Non-Face
Success Rate
(%)

Yale
Faces

Georgia Tech
Faces

Yasin Vurgun
(YV) Faces

165

750

750

165
0

744
6

745
5

100

99,20

99,33

Sample images are shown in Fig. 9 where the face detection
algorithm is applied and the face is not found automatically.
When we look at the pictures given as examples, there are
cases where the face finding process is adversely affected by
closure of the forehead and conjoining with eyebrows,
formation of a shadow due to wearing a hat, reflection of light
through the glasses.

D. Experimental Results
In the developed face recognition software, the data from
three different sources are subjected to the training process.
These are; capturing an image from a camera, loading a single
photo from a file, and loading a database from a directory.
Some choices have been made to increase the success of
the proposed face recognition system. These are histogram
equalization and face clipping. A total of 12 sub-databases
were created from the three databases we used in line with
these elections. Fig. 8 shows a schematic representation of
these 12 different application selection processes.

Fig. 9 A sample images of undetermined face region

Following the face detection process, face alignment was
performed to remove facial skew. The phase alignment steps
of the software are shown in Fig. 10.

Fig. 8 Sub-databases used for face recognition

EmguCv has an object discovery class that uses haar-like
features. The developed software finds faces in the image with
the Viola-Jones method based algorithm in EmguCv. This
algorithm can detect features such as face, nose, lip, eyes, left
eye, right eye etc. quickly and easily [21-23].

Fig. 20 Face alignment process

For this purpose, the right and left reference eye points
were determined and the face image was rotated according to
the horizontal angle.

To be able to align the faces, the left and right eye should
be located in the picture. The eye detection algorithm searches
for the eye in the scene identified as the face in the image.
Since the eyes are searched at the upper part of the face area
instead of the whole image, the eye finding time is getting
shorter.
The results of the phase of alignment of faces are given in
Table II.

Rate (TRR)". The TAR value is the percentage of a person
who has a facial image in the database to be correctly
accepted. The TRR value is the percentage of correctly
rejected persons who are not in the database.
TABLE III
RESULTS OF FACE RECOGNITION

TABLE II
RESULTS OF FACE ALIGNMENT

Number of Faces
Include Eyes
Non-Eyes
Success Rate (%)

Yale
Faces
165
159
6
96,00

Georgia Tech
Faces
750
728
16
97,85

Yasin Vurgun
(YV) Faces
750
731
14
98,12

Example images in which eye points can not be
automatically detected when the face alignment algorithm is
applied are given in Fig. 11. When examining the pictures
given as examples, the situations which affect the eye finding
process negatively can be listed as sunglasses, closed eyes,
and no gaze angle.

NC&NEH
C&NEH
NC&HE
C&HE

Overall
Average

LBP Recognition Success Rates (%)
Yale DB
GT DB
YV DB
TAR
TRR
TAR
TRR
TAR
TRR
80,00 92,66 82,55 84,00 67,78 70,00
70,00 86,66 80,53 82,00 71,81 72,00
83,33 92,00 83,33 82,66 66,00 64,66
70,00 82,00 78,66 78,00 72,00 76,66

82,08

81,46

Avr
79,49
77,16
78,66
76,22

70,11

*NC: Non-Clipped; NEH:Non-Equalized Histogram; C: Clipped; HE:
Histogram Equalized

According to Table III; it can be said that the non-clipping
and non-equalized histogram method is the most successful
method with the average of 79,49% in the face recognition
application. When the TAR and TRR values are examined
from the aspect of databases, it is seen that the Yale DB has
the highest classification success (82,08%) compared to the
others. It is because the images in the databases have only
faces and the background is not complicated.

III. CONCLUSIONS
In this work, a system has been developed to provide safe
access to web sites using face recognition from biometric
methods for user authorization. It is possible to use the
developed face recognition system, any kind of camera with
access to the internet and camera.
To measure the success of the face recognition system
developed in this study; Yale Face and Georgia Tech Face
Fig. 13 Unaligned sample images
facial database were used from international face databases
which are frequently used in face identification. However, in
In the previous steps, the face region was found and the order to test the reliability of the system, we have used our
face was aligned. This facial image aligned in the recognition own YV (Yasin Vurgun) face database in the tests.
phase is compared to the other registered faces in the database.
The first step of face recognition is to have a face area in
The comparison was performed using LBP FaceRecognizer.
the image from the camera. Situations such as the wearing of a
When matching the images of the registered user in the hat, the reflection of a user on a goggle glass, the absence of a
facial image database in the facial recognition system, the gap between eyebrows, the closure of an eyebrow and a part
name of the matching person is returned. If there is no of the eye, the inclination of the head, and the effect of light
matching face image registered in the database, the on a certain part of the face etc. affect the face finding
"unknown" result is returned.
performance in negative direction. Our face finding results in
Face recognition results were evaluated with 4 different the databases we use are as follows: Yale face 100%, GT-Db
approaches for 3 databases. These; (1) non-clipped face & 99.20% and 99.33% in YV face database. According to these
non-equalized histogram, (2) non-clipped face & histogram results, Yale was found to be correct in all of the images in the
equalized, (3) clipped face & non-equalized histogram, (1) database.
clipped face & histogram equalized.
In the second stage, the face alignment process, pupils were
In the comparison process, the vector distance between the found in the image. Our eye detection results in the face
face image in the database and the test image in the test phase regions within the image are as follows: 96% in Yale database,
is evaluated by the Euclidean method and the values above a 97.85% in Gt-DB and 98.12% in YV face database.
certain threshold value are labeled as "unknown face". When
In the final phase of face recognition process, prethe classification success rates are written, they are indicated processing has been applied to the images of the face regions
in the chart as "True Accept Rate (TAR)" and "True Reject separated from the image once in the decision making phase.

These pre-processes are histogram equalization and face
clipping. Histogram equalization was applied to the images
after the face finding process in order to measure the effect of
the contrast factor on recognition in the face recognition. It
was tried to reduce the effect of the ambient differences. In
addition, hair, neck, ear, background, etc., which are located
within the marked face region and are likely to adversely
affect the recognition, face clipping was applied in order to
remove the parts.
When the results of all the tests made are evaluated by
looking at the general averages; LBP method with non-clipped
and histogram equalized showed best result (83,33% TAR and
92.00% TRR) in Yale DB.
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Abstract— With the inundation of the Data records and the
replications in Big Data era, the distribution of information along
the Supply Chain (SC) systems has become extremely
interdependent, and any disruption either minor may cause
dramatic repercussions in unexpected business activities
functions. To make their energies the most useful, enterprises
should consider every potential state when analysing the possible
impacts of risks. In addition, mutating systems to Big Data is
giving more interdependent information than ever before.
Consequently, risk management topics are pushed at the front
position of concerns for both academics and industrials.
Actually, complex and global Supply Chain Networks confirm
today that any interference may impact all participants of the
businesses value-chain. The point to consider is that unconnected
events can seemingly impact flows of products, services, and
customers. Or, in other terms, the Supply Chains of today are
more disposed than ever to the butterfly effect. Like weather in
case of the Butterfly effect of Edward Norton Lorenz,
contemporary Supply Chains are nonlinear complex systems
where minor change can generate huge effects in terms of
compliance, management, and finances.
To deal with the aforementioned challenge, the purpose of this
paper is twofold: From academia, the objective is to offer a
review of risk management research maturity in Supply Chain
Management and then to show background and breaks of
current researches. For industrials, the paper offers a new
methodology to support fault tolerant management in SCM to
face the butterfly effect du to risk assessment.
The proposed methodology is based on risk assessment in case of
Butterfly effect by the technique of Fuzzy Cognitive Mapping
(FCM). The method tries to consider causality relationships
between disorder patterns among the Supply Chain Network.
Keywords— Fault-tolerant management, Risk management,
Supply Chain Network, Butterfly effect.

I. INTRODUCTION
Today, the way we do business activities is changing.
Indeed, progresses in Big Data and Cloudified environment
are affording more information than ever before (Hashem, et
al. 2015). In fact, business continuity and risk management
topics are propelled at the forefront of interest for both
scholars and practitioners (Papadopoulos, et al. 2017).
Companies and especially sensitive industries face
continually various disrupting events that could happen
separately or simultaneously (Sahebjamnia, Torabi and
Mansouri 2015).

Usually, two main plans are settled by organizations to
prevent and face calamities: the Business Continuity Plan
(BCP) (Montshiwa, Nagahira and shida 2016) and the
Disaster Recovery Plan (DRP) (Al Hamed and Alenezi 2016).
Actually, complex and large virtual networks of enterprises
confirm today that any disaster may impact all stakeholders of
the businesses chain (Noran 2014). For example, a German
computer manufacturer should integrate the disaster plan of
Japan zone since it subcontracts the manufacture of
microprocessors to a Polish constructor who supplies to
factories in the Japanese islands of Ryūkyū.
To make their energies the most useful, enterprises should
consider every potential state when analyzing the possible
risks (Kristo and Cingula n.d.). This means that enterprises
involved in networks, supply chains, and virtual markets
should consider all disaster sources of stakeholders in the
entire network (Takakuwa 2013). These risks should be taken
into account from somewhat routine vulnerabilities like power
failures to extremely dangerous events like acts of war or
terrorist attacks (Huatuco, Ullah and Burgess 2017).
However, the investigation of academic and industrial
publications and projects highlights a clear shortage in
collaboration practices, cross data management, and
governance issues on risks planning from a networked
enterprises perspective ( (Brindley 2017), (Sarmiento, et al.
2016), (Chatterjee, Ismail and Shaw 2016)).
Prior to detailing the solution, an extensive literature review
examines and classifies existing research streams focus to
different disruption risks and recovery in networked
organization context. By the way, we try to identify gaps in
current research and outline future research opportunities.
The proposed methodology is based on risk assessment by the
technique of Fuzzy Cognitive Mapping (FCM) (Papageorgiou
and Salmeron 2014) in order to predict causality relationships
between disruption patterns and phenomena among the
enterprises network.
The chapter is organized as follows: We begin by stating
the research concern and introducing sustainability,
downtimes challenge and characteristics of Disaster
management, with a brief reminder of cloud and Big Data
environments. We then advance the proposed methodology
that is based on risk assessment by Fuzzy Cognitive Mapping.
Finally, we conclude by highlighting the current trends of
cross risk management in the context of networked enterprises,
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The downtime term denotes the time that the IS
infrastructure provides unsuitable service (Franke, Holm and
König, The distribution of time to recovery of enterprise IT
services 2014). We talk about system fail when it is not
delivering the appropriate expected service. According to
literature, there are two aspects for downtime measurement:
availability and reliability (Närman, et al. 2014): (1)
Reliability in IS is a measure of the uninterrupted delivery of
suitable service (Daniel 2014). In cloud computing, demands
on large scale tend to be fast and responsive, especially in the
field of business. In such system, reliability affects directly the
usability of the application service and becomes the key
measurement of enterprises sustainability (DiStefano and
Hawkins 2016). (2) Availability is an IS measurement of the
delivery of the suitable service with considering the
alternation with the unsuitable service (Lyu, et al. 2016). This
can be performed by stochastic methods for probabilities
measurement.

A. Downtimes causes and effects
Information Systems (IS) interruptions can be triggered by
many causes. Through an extensive review of literature, we
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Fig. 1 Sample of automated procedure when downtime event occurs
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TABLE I
LITERATURE REVIEW OF THE MOST COMMON IS DOWNTIME CAUSES

Cause

II. BACKGROUND AND RESEARCH GAPS
The consequence of natural or man-made disasters to
enterprises can cause huge financial damages, as well as all
business collapses (Brindley 2017). The outcomes produced
cause a loss of function and operational business services
(Chang, et al. 2016). Thus, plans and actions regarding
downtimes not only affect economic resources, but also all
enterprises assets. This legitimizes the need for non-tolerant
management and high ability to restoration (Lockamy III
2014). Figure 1 shows a sample of automated decision tree
when a downtime occurs.

synthetize the most common of them with impacts analysis on
organizations components: facilities (building, electricity
power, water, janitorial services, real estate, etc.), equipment
(machines, printers, PC, Monitors, tablets, laptops, projectors,
peripherals, etc.), and manpower (administrative, technical
and management human resources) (Table 1).

Category

the untaken research gaps, and the expected open views in the
near future.

(Brazelton et Lyons
2016)
(Levy, Yu and Prizzia
  
2016)

(Q. Li 2016)
 


 

(Mohan and Bakshi
2017)
(Tammepuu, Kaart
and Sepp 2016)

   (Yeboah, et al. 2014)



(Bohtan, Vrat and Vij
2016)
(Gupta, Kapur and &
Kumar 2016)
(Becker, et al. 2015)



(Javadi, et al. 2013)

  


  

(Miller and Engemann
2015)

   (Sullivan 2017)
   (Chang, et al. 2016)
   (Li, et al. 2016)
  

(Hiller, Bone and
Timmins 2015)

Research works of academics and industrials linked to
disaster costs and downtime negative effects are amply.
Agostinho et al. in (Agostinho, et al. n.d.) supposed that the
downtime affects the complete productivity and it is complex
to model it at long-time period. Similarly, authors in (Saltoglu,
Humaira and Inalhan 2016) reported that downtime costs
shouldn’t be neglected and have to integrated part in
maintenance management. The main costs due to IS
breakdowns can be categorized into the following table
(Figure 2).

İ

their values for products, facilities, vehicles and routes will
have a significant impact.

Fig. 4 Butterfly effect in Supply Chain activities
Fig. 2 Relationship between effects and costs of downtime

B. Butterfly effect in risk management
Edward Norton Lorenz noticed in the chaos theory:
A minor effect in one state of a system can cause wide
impacts in a later state in deterministic nonlinear systems.
Supply Chains are nonlinear complex systems where minor
change can generate huge effects in terms of compliance,
management, and finances.

C. Disaster Recovery Planning
According to (Levy, Yu and Prizzia 2016), a disaster
recovery plan outlines with documentation support the set of
procedures for preventing, stating, replying to, and recovering
from a disaster event. The plan identifies and defines the
responsibility and scope of each team in each division in
situation of a disaster. It also enables control of
communications among managers, employees, and external
units, law institutions, emergency units, and media (Wang, et
al. 2015).
A disaster is defined as a disordering event associated to a
social alteration (Montshiwa, Nagahira and shida 2016) that
needs communication among stakeholders to manage a set of
raised interdisciplinary challenges (Bohtan, Vrat and Vij 2016)
(Li, et al. 2016).
The primary vital role of Disaster Recovery Planning is the
sustenance and partaking in upper-level management of
business units (Al Hamed and Alenezi 2016). Authors in
(Brazelton et Lyons 2016) stated that Disaster Recovery
Planning can be divided into six key processes. Each process
comprises a set of sub-processes, is turn, where each one
figures upon the others (Figure 3). These processes are as
following:

Fig. 3 The butterfly effect as described by Edward Norton Lorenz

1) Process 1: consolidating the team,

In SC terms, the butterfly effect is described by the fact all
operations are related and impacted each other, even by minor
events. Despite the indirect relationship between activities, the
initial conditions may strongly impact all the chain. A disaster
may generate a combination of values for products, facilities,
vehicles and routes that optimizes total SC performance in
that particular situation. Once different stakeholders get close
enough to a sensitive activity, small changes or differences in

2) Process 2: evaluating risks in the organization,
3) Process 3 : instituting roles in divisions,
4) Process 4 : developing rules and strategies to perform,
5) Process 5: documenting rescue procedures,
6) Process 6: formulating the way to handle disasters.

Fig. 5 Main processes of a Disaster Recovery Plan
The literature review offers two ways to face this problem:
the first way is by standardizing the communication channels
in situations of crisis. Unfortunately, efforts to standardize
warning protocols are stagnant and very restricted (Klafft and
Ziegler 2014, Rieser, et al. 2015). The second approach is the
cross-management of disaster plans by converge procedures
upstream at the early step of design. It seems to be the best
way for enterprises to contribute and master the risk
management overall the business line (Lam 2014). However,
it is necessary to point out that the collaboration know-how is
somehow daring (Wang, et al. 2015) because of the following
hurdles: (1) Fluctuation is closed to the life-cycle phase proper
to each enterprise. For instance, the collaborative potential
may decline during the reengineering step, which may

comprise simultaneous operation, investigation and design
phases (Noran 2014), (2) Due to the situation of urgency,
enterprises may be tempted to supersede, eliminate or
substitute dedicated teams, assuming a central control
approach instead of cooperative plan (Nagurney, Masoumi
and Yu 2015), (3) Interdisciplinary of disaster crisis
management depends on on a widespread range of
communities from healthcare, economic, public institutions,
social, and political assets (Ojha, Salimath and D’Souza 2014).
To diagnose the growth of research works dealt with
sustainability of networked enterprises, we reviewed
extensively the literature of industrials and academics. The
synthesis is illustrated in figure 10.

Fig. 6 Relevant Literature review by Disaster stages (with network c and publication type)

D. Big Data and Supply Chain risk management
In contemporary epoch, mainly due to the expansions in
the use of large-scaled technologies of Cloud Computing
and Big Data, large volumes of data, have been

accumulated and processed (Hashem, et al. 2015). These
technologies have the potential to transform business
processes as it does not only concern economics or
industry, but extents all aspects of enterprises in their
internal organization and in their entire chains and business

networks (Daniel 2014). Within operations of networked
enterprises, cloudified environments and Big Data systems
have the potential to bring upgraded productivity, as well
as to contribute in risk reduction (Chang, et al. 2016).
In refining sustainable development based on resilient
disaster infrastructure, Big Data environment can help in
policy making, and risk strategies development by
internalizing currently externalized environmental and
societal circumstances (Kshetri, Fredriksson and Torres
2017). Big data can therefore help data scientists and risk
strategy makers in: (1) developing and executing guidelines
that manage man-made and natural threats (Papadopoulos,
et al. 2017); (2) avoiding excess in resources and
deprivation of capabilities that can offer sufficient services
in situation of crisis (Kshetri, Fredriksson and Torres 2017),
(3) watching into disaster analyzing how people and
companies respond to downtimes in order to take the right
policy that will allow recovery and reestablishing back to
regularity (Hashem, et al. 2015), (4) Big Data can be a
good support of valuable information needed to improve
prediction and then help in acting proactively to face
disasters (Papadopoulos, et al. 2017).
However, academic works has been limited in giving
future profits of the role of Big Data in sustainability and
more prominently (Hashem, et al. 2015). Although there
are works regarding Big Data and disaster management,
there have been no publications that use Big Data valueadded to elucidate disaster recovery and preparation in
enterprises networks (Papadopoulos, et al. 2017). Our work
in the present chapter aims to clarify some aspects related
to Big Data that could facilitate deployment of our solution,
but the approach is not directly based on unstructured data
features. More clarifications regarding the proposed
approach will be provided in section 3.
Today, Cloud Computing can be perceived as one of the
modern dynamic services in the IT for business activities,
because of its flexibility (Chang, et al. 2016). However, the
problem of disaster planning is more critical in cloud
computing, since Cloud Service Providers (CSPs) have to
deliver the contracted services to customers even if the
system is down (Hashem, et al. 2015).
In the past years, academic works have focused on
disaster recovery in cloudified environment, and a
substantial amount of literature has been issued; such as
(Chang, et al. 2016, Daniel 2014, Hashem, et al. 2015,
Kshetri, Fredriksson and Torres 2017). However, these
publications reveal a lack in a consensus and detailed
analysis of cloud-based disaster recovery plan. To fill this
gap, this chapter provides an approach of disaster recovery
concepts in the cloudified environments of businesses. We
present step-by-step the approach of cross-management of
disaster recovery for networked enterprises, in the next
section.
III. RESEARCH METHODOLOGY

E. Fuzzy Cognitive Maps

With the advent of Big Data Analytics (BDA), application
of Fuzzy Cognitive Mapping (FCM) is increasing and
comes to be useful in the search for the causality between
patterns and phenomena (Feyzioglu, Buyukozkan and
Ersoy 2017). In modelling, FCM is graph representation of
likelihood relationships between concepts (Papageorgiou
and Salmeron 2014).
FCM provides an understanding of complex
relationships between concepts (also called nodes or events)
and represent the components behaviors in the model.
Connections weighted by likelihood coefficients on
directed arrows represent causal relations between concepts
(nodes). The weight value reflects the degree to which the
concept is the strength of impact in the system at a specific
lap of time. This value is a function of the sum of all
upcoming weights multiplied and the value of the original
concept at the directly previous state. A threshold function
is also introduced to regulate the weighted sums. Weights
have values in the interval [-1, 1] and increasing values
describe the strong likelihood of another concept (strength
of causality) where decreasing values indicate weak
causality relationship. Figure 11 illustrates an example of
some concepts with weighted relationships.

Fig. 7 Example of FCM

Applying FCM to face the issue of risk management is
not new. Many other research works attempted to introduce
the approach to understand and model disaster management,
such as: (Singh and Chudasama 2017), and (Szwed,
Skrzynski and Chmiel 2016). However, as far as we know,
no one tried to generalize the concept of FCM to the
context of cross-management and collaboration aspect in
networks of enterprises. As these research studies, we
propose a method of generalization (aggregation) of the
FCM to be applied on entire network of enterprises. Thus,
a cross-management of the Disaster planning is insured.

F. Formulation
Based on FCM formulation previously detailed, we
propose the following steps, also clarified in figure 13:

Step 1: Extraction of individual FCMs
Once the stakeholders of the business line in the
network are identified, the individual FCM of
processes and sub-processes are extracted from each
Disaster Plan.
 Step 2: Augmenting what-if matrixes
The individual maps extracted in step 1 are gathered,
combined and augmented by addition in superposed
manner producing a single matrix.
 Step 3: Normalization of values
Weights of the single matrix obtained in step 2 have
to be normalized according to the number of

stakeholders who supported it (suppose k
stakeholders), then normalized weights (Suppose
) is computed in the formula:





= ∑

.

/

,∑

=1

Step 4: Aggregation into one what-if matrix
The normalized values constitute a single
normalized matrix (suppose A) which has to be
published to all stakeholders and updated regularly.

Figure 13. Steps of FCM aggregation in the proposed approach

IV. CONCLUSIONS
The IT downtimes do not only affect employees’
idleness, but also the business activities are impacted on it.
In this chapter, effects of downtimes in networks
businesses are depicted. Based on these effects and the
related costs, a relationship is built in generic model.
In large-scaled environments of Big Data and Cloud
Computing, recovering Information Technology (IT)
infrastructure after an outage becomes complex due to the
large demand of information and the high scalability, in
addition to the complexity of relationships between
enterprises themselves. This also challenges enterprises the
ability to manage disasters. Therefore, this chapter
proposed an interdependency risk assessment method that
is based on a semi-quantitative approach; the Fuzzy
Cognitive Map (FCM). The FCM is an adequate method
that can be used to provide promises for what-if
investigation scenarios of risks analysis. In addition to be a
conventional predictive method, it can help in
understanding the vulnerability in each part, and each
division of enterprises in the network.

The key finding of this chapter is a cross-management
model able to predict causality relationships between
disruption patterns and risk phenomena among the
enterprises network. On the other hand, outcome of this
study may help in preventing enterprises that are involved
in business linkages, from massive financial damages.
In the continuation of this work, the proposed approach
can be applied on a real-world industrial case, although the
collection of data seems to be a tedious and timeconsuming task. Thus, a confirmatory analysis may
reinforce the hypothesis of our approach.
In the future open studies, the researchers can explore in
the way that enterprises do to keep the system safe from
downtimes. Further, to make the assessment model more
accurate, researchers can apply the approach in a network
of enterprises, gathering more details of downtime
outcomes and the cost issues. An industrial case-study
would be suitable in this situation. Additional research
perspective can be to what scope does the organization
profits from the disaster management program. Despite
preventing for the potential downtimes can considerably

reduce or avoid the harms, the investments in the planning
programs can be colossal.
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Abstract— With the widespread use of the Internet, there are also
a growing number of attacks on the Internet. The categorization
of the attack and the precautions taken so that these attacks can
be eliminated is crucial for security. In this study, KDDCUP99
data set which is frequently used in intrusion detection studies is
classified by deep learning approach. Tensorflow was used as a
deep learning library for classification. Deep Neural Network
(DNN) Classifier is used as classifier. In order to compare the
work, machine learning approaches were also classified by
support vector machine (SVM). Both linear and quadratic kernel
functions are used for the SVM classifier. The average accuracy
of the SVM Classifier was 99.8% and 99.9%, respectively. The
DNN Classifier used in the Tensorflow library was found to have
an average accuracy of 99.3%. The greatest advantage of practice
with deep learning is seen at the classifier's run time. In SVM, the
runtime times were measured as 14191 and 40492 seconds,
respectively. DNN is measured in 680 seconds. Despite the fact that
the average accuracy values of the classifiers are close to each
other in the SVM and DNN studies, deep learning as a working
time has been very successful.

antivirus. But these tools alone are insufficient to prevent
attacks on networks. For this purpose, intrusion detection
systems (IDS) are used to manage vulnerabilities that cannot be
blocked by tools such as firewall and antivirus. Machine
learning algorithms are widely used in IDS systems. The
scheme for the location of a general intrusion detection system
in the network is given in Fig 1 [11].
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I. INTRODUCTION
Attack or infiltration can be described as entering without
permission, accessing information, changing information, or
making the system unusable or unreliable [1-9]. Attack
detection means that this unauthorized entry can be identified
during or after the event. In corporate networks, intrusion
detection and prevention systems are located between the
firewall and the router or switch device entering the line coming
from the Internet service provider (ISP) to be detected before
entering the local network. The detection of unauthorized
access in corporate networks, the observation of abnormal
conditions in the network, and the analysis and interpretation of
data traffic are possible [1].
Data security is the process of protecting the export from all
sorts of external threats. Within the scope of the ISO / IEC
27001: 2005 "Information security management system"
standard, which is the international standard, information
security is collected under three headings as confidentiality,
integrity and accessibility in order to ensure the security of
corporate information assets at the desired level [10].
Nowadays, network and system administrators are trying to
prevent attacks from internet by using tools such as firewall,

Fig. 1 IDS place in network[11]

The first attack detection systems that are created are thought
on simple computer systems, but the next generation intrusion
detection systems used today are using audit trail and database
logic. Later on, the data were tried to be obtained with readymade tools and a step towards security was tried to be advanced.
Attack database is utilized for the testing of intrusion
detection and prevention system. The most important of these
is the DARPA attack assessment database, which was created
in 1998. The data in this database were pre-processed and the
dataset named KDD'99 was created [2], [3]. This data set was
also used for this study.
In his Ph.D. study, Seray [12] developed an intrusion
detection system by combining sampling, decomposition,
feature selection and classification methods. The developed
method is given in Fig 2 [12].
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Attack detection systems are used to detect attacks made on
computer systems during or after the realization, and to inform
this detection with an alarm system. The attempt to stop this
attack at the time of attack is the work of the intrusion
prevention system. Systems used in corporate networks can
both detect and block, as well as perform detection. Attack
detection systems can be examined by separating them into
various classes. These classes can be classified as network
based or server based intrusion detection system according to
information source, signature based or incoherent intrusion
detection system according to analysis method, real or
unrealistic intrusion detection system according to control time,
central or distributed intrusion detection system according to
control method , real or periodic intrusion detection system
according to control time, intrusion detection system on target
or non-target according to architectural structures, active or
passive intrusion detection system according to response.
Fig 3 shows the classification of intrusion detection and
prevention systems. The exact classifications made are
indistinguishable from each other. An intrusion detection and
prevention system can be included in a dense classification. For
example, it could be an intrusion detection system that is both
signature-based, real-time, and actively responsive.
Server-based intrusion detection systems are the first area of
use for intrusion detection. It is aimed to determine the attack
by inquiring whether there is a security violation or an unusual
situation in the system by examining the log files kept for
system, event and security on computer systems used as main
hosts [4].

Fig. 2 Developed IDS model in literature [12].
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Fig. 3 Classification of Intrusion Detection Systems

Network based intrusion detection and prevention systems
are systems that try to understand the attacks by examining the
data traffic that occurs in the computer network. The data they
use for analysis are those transmitted during computer network
communication instead of daily log files. The greatest
advantage over server-based systems is the ability to secure
multiple computer systems with a single system [5], [6].
Anti-tamper and intrusion detection systems can be thought
of as learning systems because the data states can be updated

continuously. All situations occurring in the system are
monitored continuously and compared with the detected
normal conditions. Detecting an abnormal condition causes it
to be perceived as an attack. In the detection of anomalies, the
assumption is that all attack situations will occur out of the
ordinary. The difficulty of determining which states are normal
can be regarded as a disadvantage of these systems. Ordinary
situations can be mistakenly considered to be an attack because
of a false or insufficient model [7], [8].

In signature-based systems, which can also be expressed as
abuse, known attack patterns are defined and the results are
compared against the controlled links to try to achieve the result.
Signature-based intrusion detection and prevention systems
have a database that contains information such as antivirus
software that every attack can detect. In order to perceive an
activity as an infiltration in these systems, information about
that attack must be obtained beforehand. In signature-based
intrusion detection and prevention systems, it is checked
whether incoming packets overlap with known attacks on the
system, regardless of whether the traffic flowing on the
computer network is abnormal or not. Infiltration information
may be a unique image in a computer network package, or may
be a finite automaton or artificial neural network that describes
infiltration information [9].
For real-time systems, data are analyzed in real time for
intrusion detection purposes classified by time. If it is decided
whether or not there is an attack, a warning or blocking is given
immediately. It is almost imperative that the method to be used
in the construction is real-time, which is difficult to implement
in large networks where dense information flows and the
protection of the network is very important. Data traffic is not
constantly examined in periodically timed or non-real time
systems. At predetermined time intervals, the data collected in
the sensors are examined to determine whether an attack is
occurring.
All centralized intrusion detection and prevention systems
are controlled, reported, monitored and identified from a central
location. In systems developed in this way, verification records
are usually collected by individual systems and the central
office to which the system is administered is directed.
Distributed controlled intrusion detection and prevention
systems can also be partly distributed or centrally distributed,
where the collection of reporting and verification data is done
from a central location, organized in a hierarchical manner. The
fully distributed architecture is ideal for large-scale networks
such as corporate networks.
Targeted intrusion detection systems are systems installed on
a server computer where intrusion detection and prevention
systems usually attempt to protect intrusion detection systems
over the years when the first development began. Even if the
systems created in this way are successful in the first years, the
application area of these systems is very rare today.
Today, dozens of servers, such as a mail server, a DHCP
server, a DNS server, a user authentication server, and hundreds
of personal user computers can all be located in a network. For
this reason, intrusion detection systems are located somewhere
in the network outside of the destination, like other serving
servers, rather than directly on target computers. Such intrusion
detection systems are called intrusion detection systems that do
not work on the destination.
Active responding intrusion detection systems, Attack
detection systems at the time of detection of an attack can also
work to prevent this attack. It can modify the firewall or the
configuration files of the switching devices, or the file access
rights on the attacking system. Such systems are called both
intrusion detection and prevention systems. Passive responding

systems send alerts to the network administrator via e-mail, text
messages on the mobile phone, record on the system, etc.
instead of trying to prevent attacks during attack.
In the second part of this work, the experimental work is
given. In the last section, the results were examined and
evaluated.
II. EXPERIMENTAL STUDIES
The data set used for this study contains 494,022 records in
raw form. There are 41 classifiers and class outputs according
to 22 attack methods. In the data set, 3 attributes without
numerical values were excluded and 38 attributes were used.
The number of 22 classes has been reduced to 5 and the number
of classes has been reduced to 5. The classes used are given in
Table 1.
TABLE I
USED CLASSES IN THIS STUDY
Class No

Category Name

1

DOS

2

U2R

3

R2L

4

PROBE

5

NORMAL

394,000 of 494,022 of them were used for the test for the
rest of the training. Both machine learning and deep learning
approaches have been studied to classify the data.
Classification was done with support vector machine for
machine learning.
Both linear and second order kernel functions are used for the
support vector machine. In order to classify the data with deep
learning, the study was done with the tensorflow library. In the
deep learning study, a 3-layer deep neural network classifier
consisting of 10,20 and 10 layers respectively was used as
classifier.
The accuracy values obtained in the work done with SVM and
DNN and the time to reach these accuracy values are given in
Table 2.
TABLE III
CLASSIFIED ACCURACY VALUES AND WORKING TIME
Classifier

SVM - Linear
SVM – Quadratic kernel
DNN

Average Accuracy Value
%99.8
%99.9
%99.3

Time (Seconds)
14191
40492
680

III. DISCUSSION AND CONCLUSIONS
The Internet is one of today's indispensable pieces. The
widespread use of the Internet increases the amount of data that
flows on the internet every day. It is important for network
administrators especially in large corporations to understand
whether there is harmful data by analyzing the data flowing
over the Internet. In this study, KDDCUP99 data set which is
frequently used in intrusion detection studies is classified by

deep learning approach. Tensorflow was used as a deep
learning library for classification. Deep Neural Network (DNN)
Classifier is used as classifier. In order to compare the work,
machine learning approaches were also classified by support
vector machine (SVM). For the SVM classifier, both linear and
second order kernel functions are used. In the study conducted,
the average accuracy of the SVM Classifier was found to be
99.8% and 99.9%, respectively. The average accuracy was 99.3%
with the DNN Classifier used in the Tensorflow library. The
greatest advantage of practice with deep learning is related to
working time. In SVM operation, the durations were measured
as 14191 and 40492 seconds, respectively, whereas the DNN
was measured as 680 seconds. In the DNN study using SVM
and Tensorflow library, which is one of the classical machine
learning approaches, the average accuracy values of the
classifiers are close to each other, but deep learning has been
very successful in reaching these values. Making the
classification as soon as possible is crucial for eliminating
potential damage that may occur on the internet.
It is aimed to work with different deep learning librarians
and classifiers in order to be able to shorten this training further
in real time and to be done in real time.
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Abstract— Beacon devices based on Bluetooth Low Energy (BLE)
are used in many areas of our daily life such as, indoor navigation,
recommender systems, big data collection tools and system
monitoring. Thanks to low energy consumption and broadcasting
Bluetooth signals on coverage area, Beacons can be used on both
Android and iOS operating platforms. For this reason, it can be
used in different applications in our daily life. In this study, a lowcost application using Beacon device signals was developed to
measure the run time of the runners on running tracks. The lap
times were calculated by using the Received Signal Strength
Indication (RSSI) values of Beacon device signals to measure the
lap time of the runners, and it was compared with the actual lap
times and lap times obtained using the Global Positioning System
(GPS). As a result of the measurements, it was seen that the lap
times obtained with Beacon devices are close to the actual lap
times and GPS lap times.
Keywords— Bluetooth Low
Energy (BLE), wireless
communication, indoor location detection, wireless sensor
network, mobile location application

I. INTRODUCTION
Today, security, navigation, industrial sites, production
facilities, shopping centers, logistics centers, multi-storey
complex structures and high precision tracking and guidance
have gained importance in wide areas. The problem of rapid
access to the target point, which is caused by time constraints
in complex structures, brings out special field positioning
systems to the foreground. These systems can be used in many
areas such as guidance of blind people, security applications,
visitor tracking and information applications, marketing and
commercial applications.
In the past, people were using nature to find their way. The
sun and stars were the sources used for locating and orienting
people. Nowadays, it is possible to determine the position using
GPS with the developing technology. Different Wireless
Sensor Networks (WSN) technologies can be used in situations
where GPS usage is ineffective due to weak signal strength in
indoor areas [1].
Wireless communications and embedded microcontroller
technologies have been a major influence on the development
of the WSN. In a basic mean, WSN is a distributed wireless
network structure that is connected to each other by a
communication channel. In this structure, transmission of

collected data can be done in processes such as data analysis
and data processing [2]. Due to the distributed structure, data
can be collected and transported over wide areas in a wide
coverage area. There are methods to determine the position of
the moving knot with the help of collected signals from the
fixed sensor nodes located in the areas specified in the WSN.
With these methods, closed area location tracking systems can
be realized.
Although entering the market with the name "Beacon",
Apple's "iBeacon" devices make a big difference in energy
consumption, a major problem with wireless sensor networks.
Working with the BLE concept, these devices use very little
energy to communicate using Bluetooth signals. It offers up to
3 years battery life. Other advantages are data transfer and cost.
Since there is one-way communication (from Beacon to
sensor devices) there is no security threat. The range of the
signal varies between 25 and 100 meters according to the
quality of the device. Beacon technology has 4 different data
transmitted by Bluetooth signal. These are the Universal
Unique Identifier (UUID) (used to identify the 16-byte data
Beacon network), Major-Minor (2-byte data used to distinguish
each Beacon device), TxPower gives the estimated distance
according to the quality).
Developed in various countries and countries, BLE
technology can be used in everyday life such as stadium,
museum, airport, fairs, and houses. It can also be used in asset
tracking, employee tracking, keyless access, proximity
marketing.
The use of BLE technology is more visible in large enclosed
spaces. However, it is also suitable for outdoor use. Especially
where GPS accuracy is low, alternative or correctness can be
used as an increasing source.
People who run on running tracks do time and fitness followups sometimes on wrist watches, sometimes at track times. As
an example of the use of the BLE technology in open spaces,
the running track is located at both ends of the starting line.
With the Beacons mapped to the developed mobile application,
this tracking can now be done by the application. By analyzing
signals from Beacon devices, the athlete's lap time can be
tracked. The runner's recorded running statistics can be
analyzed by data mining.

II. RELATED WORKS
Wolf Posdorfer et al. In the work done by iBeacon serverclient application was done. It is aimed to determine the
location by sending the collected RSSI values from the Beacons
located in the closed area to the server. It has been suggested
that Beacons can be used in conjunction with more content to
facilitate the detection of contextual events [3].
In the work of SungHyun Kim and his team, it is mentioned
that large data sets can be created with data collected from
Beacon-based devices. The congress, fair and event areas will
be able to offer real-time data analysis and recommendations to
visitors [4]. Positive feedbacks and analyzes were obtained
from the structure, which collectively, record and operate with
the logic of work.
Signaling noises are a major problem as they are in other
wireless sensor network components on Beacon devices. As the
field of study expands, the accuracy of the collected signals
varies considerably. Therefore, the use of Wi-Fi signals has
been suggested for studies. However, Wi-Fi signals are also
adversely affected by environmental factors.
Huan Dai and his team have tried to find the location of the
target device by normalizing the noises in Wi-Fi signals in
closed area positioning applications [2]. The reference labels
used in the operation record the RSSI value from the source
(each target tag broadcasts its own ID). Then the reference tag
broadcasts. The broadcast includes information about how
much signal the tag received from the tag collected by the
reference tag. The Reader uses the TCP / IP protocol for
communication in which the target label information is
received from the reference labels. The reader also
communicates the collected information to the computer via the
Ethernet port. It is aimed that the camera turns toward the target
according to what is processed on the computer.
In another study with Beacons, distance measurement was
performed using BLE interfaces [5]. Beacon devices indicate
that measurements are recorded with a 10% error margin up to
1.5 meters.
In another study conducted in our country, the student
attendance system was carried out using mobile and server
based Beacons [6]. Successful results have been obtained with
auto guided vehicle routing and Beacon-based algorithms for
rotation problems [7]. Indoors in-store positioning can also
benefit from sensors on smartphones [8]. The technology,
which has many examples of applications in closed areas in the
literature, is also suitable for use in open areas. Areas that
cannot be fully analyzed by map providers can be locationtracked using BLE technology. In the study performed, the
Beacon devices placed at the determined points on the running
track and the run times were calculated by the movements of
the runners relative to the points. Calculated values are
compared with round trip times calculated by GPS service.
III. APPLICATION OF POSITIONING WITH BEACONS
The features of iBeacon devices that we used in our BLEbased application for use with beacons are given in Table 1.

TABLE I
BASIC CHARACTERISTICS OF IBEACON DEVICES USED IN THE APPLICATION

Properties
Dimensions
Power
Frequency
Operating System
Requirements
Chip
Running Range
Battery

Values
40*40*14.5mm
2.0 – 3.6 V
+/-2.4 Ghz
iOS 7.0, Android 4.3 and above
NRF51822 Ibeacon
50m-100m
1 year

178/5000 nRF51822 2.4Ghz ultra low power wireless
applications using BLE technology. The 32 bit ARM Cortex
M0 CPU has 128 kb flash and 16 kb RAM.

Fig. 1 Main page of the application

There are 4 basic pages in the application. One of these
screens that are accessed by the "Scan" button. In this page, was
started the scheduling process and scan the beacon to measure
the lap time in accordance with the parameters specified (Fig.
1).
"Map" is a page designed to measure tours by GPS service.
Page performs a tour control by updating the GPS location
information according to the scan parameters specified with
using the Google Maps plug-in.
On the screen reached by "Saved Beacons" button, beacon
devices recorded for identification are listed.

A. Method
The basic approach we use to measure the lap time from the
RSSI values of Beacon devices is as follows (Fig. 2):

Algorithm 1 : Add Rssi Value in Queue
Input: qe //Queue variable; queueSize // Maximum queue length
determined by user; device //beacon gadget;
1 if queueSize> qe.size()
2

qe. add(device.getRssi())

3 else

Fig. 2 Beacon positioning point and signal level expectation graph on
running track

In the above manner, the beacon device is positioned in the
middle of any of the long runways. The exponentially
increasing RSSI graph, which is expected to be obtained when
approaching the beacon point in measurements made according
to distance, is as in Fig. 3.

4

qe.poll() //Remove last data

5

qe. add(device.getRssi())

The optimum results were obtained when the stack length
was 3 and the scan time was 2 seconds according to the
obtained data.
In the GPS tracking method, Google Maps Service calculates
location information at specified time intervals. The built-in
tour control algorithm takes the initial position information by
opening the relevant screen (accessed by Map button) and
starts the timer. The received location information is added to
the record list with the scan time interval, respectively. After
the list length is greater than 5 (default length), the distance
between each last position information received and the other
position information in the list is calculated. If the last position
on the list is within 3 meters of any point in the position list, it
is determined that the lap has been completed.

B. Experimental Results
The images of the Ankara Anıttepe Sports Complex Running
Area in Google Maps and Yandex Map are shown in Fig. 4;

Fig. 3 The expected exponential increase in RSSI values in lap time
determination

As in the continuous incremental chart, it was originally
intended to ascertain the increase in RSSI level 3, and to control
the lap by looking at the increments at point 2 and 1 as an
alternate.
To implement this operation, the Queue method which uses
the first in first out (FIFO) logic is used. Attempts have been
made to determine the lap time by detecting successive
increases in signal level relative to various scan times and stack
lengths.
As a result of the preliminary studies made, the optimum
value ranges for beacon signal scans were set to 2 and 3 seconds, Fig. 4 Anittepe Sports Complex Running Area image on Google Maps and
Yandex Map
and the stack lengths were set to 3 and 4, respectively. These
values are set from the selected menus on the "Scanning
Settings" screen.
As shown in the map examples, the accuracy of positioning
When the number of RSSI values added to the stack reaches is also considerably smaller because the running area is not
the stack length as in Algorithm 1 at the beginning of the cycle, processed in detail.
the new record is saved by subtracting it from the first recorded
The results obtained in the step of determining lap time with
data stack (1).
beacon in Anittepe Sports Complex Running Area are given in
Table II.

TABLE II
CALCULATED TOUR TIMES WITH APPLICATION AND REAL TOUR TIMES BY
QUEUE LENGTH AND SCAN TIME
Queue
Length
3
3
3
3
3
3
4
4
4
4
4
4

Scanning Time
Range (s)
2
2
2
3
3
3
2
2
2
3
3
3

Calculated Tour Times
with Application (s)
144
102
97
78
124
122
180
140
210
179
192
250

Real Tour
Times (s)
159
108
100
111
137
132
172
153
179
195
220
180

In the position based measurements, the optimum
parameters obtained in previous tests were used (Queue Length
= 3, Scanning Time = 2). The results of the GPS-based tour
tests are shown in Table III.
TABLE III
GPS BASED RESULTS AND REAL TIME RESULTS
Queue
Length

Scanning Time
Range (s)

Calculated Tour Times
with Application (s)

Real Tour
Times (s)

3
3
3
3

2
2
2
2

152
131
157
192

148
126
150
185

IV. CONCLUSION
Beacon devices used in wireless sensor networks can be used
to detect wireless target device movements. A planned running
time calculation program for daily use of the relevant
technology has been realized. The practice shows that the sports
settlement is not shown on Google Map and the location
information is not clear, so it can be implemented as an
alternative solution.
The developed system, GPS and real lap time comparison in
everyday life, showed that the beacon signal level based
scanning application gave approximate results with GPS
service. Both methods result in 10% error in real time.
Progressive work is likely to yield more accurate results with
the use of more powerful signal-conditioning devices. The
results support the idea that the use of BLE technology will
increase in new areas and in used devices.
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Abstract— Asthma is one of the most common chronic
complaints estimated to affect about 300 million people
worldwide. The auscultation sounds including lung sounds and
pathological breathing sounds are significant diagnostic tools for
chronic respiratory diseases. 10s of lung sounds, recorded from
12-channels with right and left focal points of posterior and
anterior sides from 5 of asthmatic patients, and 10 healthy
subjects are utilized from the RespiratoryDatabase@TR. The
lung sounds are analysed using Hilbert-Huang transform. Since
the number of the Intrinsic Mode Functions (IMF) extracted
from auscultation sounds can vary according to the frequency
range and state of the signal. The statistical features, power,
energy and higher order statistical features are calculated from
each extracted subbands as the feature set. The extracted
features are fed into the Deep Belief Networks (DBN) classifier
which is one of the most popular classification approaches in last
decade. The DBN consists of both unsupervised and supervised
learning stages. The proposed diagnostic model is separated the
lung sounds from asthmatic patients and healthy subjects with
classification performance rates of 91.35%, 89.54%, and 83.94%
for overall accuracy, sensitivity, and specificity, sequentially. The
results show that Deep learning and Hilbert-Huang transform
integration has ability to diagnose asthma and prevent the
prevalence of the asthma by early diagnosis models. This study
was supported under the TUBITAK project (Project No:
116E190).
Keywords—
Deep
Learning,
DBN,
RespiratoryDatabase@TR, Hilbert-Huang Transform

Asthma,

I. INTRODUCTION
Asthma is chronic pulmonary disease which is caused by
the obstruction in the airways. It affects millions of people
with discomfort life drawbacks. Therefore the prevalence of
asthma, which is difficult to breathe with airway constriction
and continues to be life-long with attacks, has significantly
increased in the second half of the last hundred years, and put
an important burden on society and health systems. It is
predicted that prevalence of the asthma will increase by 35%
in 2025 [1]. It becomes hypersensitive to environmental
factors of airways. The asthma causes inflammation in the
airways and swelling of the membrane which is so-called
mucosa. Bronchial airway narrowing results in a decrease in
lung capacity. The swelling of mucosa sometimes causes
airflow obstruction and breathing distresses [2], [3].
It is indisputable that chronic illnesses such as asthma
affect social life negatively. It increases the burden on the

states, both directly and indirectly, by the expenditure of
health funds. The economic burden of severe and
mismanagement asthma is high cost [4]. The combined
movement of asthma, which affects in 7 out of every 100
adults, 15 out of every 100 children in our country, demands
on genetic and environmental triggers. If the trigger factors
are avoided and the medications are used properly, asthmatic
complaints can be kept under control and attacks can be
prevented [5]. Thus, the process leading to respiratory failure
is also prevented.
Risk factors for asthma are personal factors, which are
susceptible to asthma, and environmental factors that cause
genetic susceptibility to asthma. The environmental factors
can be elaborated as allergens, infections, occupational
sensitizers, smoking and air pollution [6]. The contribution of
the asthma genetics has substantial amounts. It is assumed that
genetic factors sensitize environmental factors to different
levels [5]. Since different impact schemes may be encountered
in different asthmatic populations, no decisive risk factor can
be defined for all patients. In this case, the different
geographies and cultures in each state, even in each country,
have to define their own risk factors in order to keep asthma
disease under control [7].
Deep Learning is a becoming popular machine learning
algorithm which has accelerated its frequency with deep
analysis necessity, feature learning, high computing capability
hardware, idea on integration of unsupervised learning with
supervised algorithms and developments of graphical
processing unit (GPU) architecture. Deep Learning consists of
many learning approaches with various mathematical
algorithms. The Convolutional Neural Networks, Deep Belief
Networks (DBN), Recurrent Neural Networks, and Deep
Extreme Learning Machines are among the most frequently
used Deep Learning models. In this study the features are fed
into the DBN classifier. Altan et al. studied on an arrhythmia
classification model using ECG morphologic features and
second order difference plot quantization metrics as the
feature set. The 5 types of arrhythmia are classified with high
classification performance rates of 96.10%, 95.33%, and
95.68% for accuracy, sensitivity, and selectivity using multistage DBN classifier [8]. Altan et al. performed an EEG
assessment for the slow cortical potential in stroke patients for
detecting the negativity and positivity trials. The proposed
machine learning model tested on time-frequency-power using
Hilbert-Huang Transform. The higher order statistical features

are calculated from extracted Intrinsic Mode Function (IMF)
subbands and the dataset is created. The statistical features
were utilized as the input of the proposed DBN classifier. The
significant classification performance rates of 90.30%,
96.58%, and 91.15% are reached for sensitivity, selectivity,
and accuracy, sequentially [9]. Kutlu et al. proposed a fish
recognition model for three of triglidae family. The
morphological features are measured from the fish images
manually. The 13 landmarks were pointed on the fish images
and the distances between the landmarks are measured to each
other. The morphological features were utilized as the input
set of the two hidden layer structured DBN classifier. The
three types of triglidae fish families were recognized with the
classification performance rates of 97.61%, 99.55% and 99.12%
for accuracy, specificity and sensitivity respectively [10].
Abdel-Zaher and Eldeib proposed a breast cancer diagnosis
model using clinical features and supposed the DBN classifier
as higher breast cancer classification model against classical
neural network model on the same structure of varieties [11].
In this study, the efficiency and advantages of the DBN are
adapted for the asthma diagnosis model on HHT based
statistical features.
The paper is organized into detailed information about the
RespiratoryDatabase@TR, lung sounds scenarios assisted by
CORSA standards, HHT feature extraction method, and
classification process on the statistical features calculated
from the IMF subbands using the DBN mathematical model.
The proposed DBN classifier structure is expatiated. The
experimental results of the DBN model are presented and are
discussed.
II. MATERIAL AND METHODS
The recent Deep Learning developments are adaptable and
realizable in real-time systems. The computer-assisted
diagnostic systems are significantly durable for medicine. In
this
section,
detailed
information
about
RespiratoryDatabase@TR, the lung sounds waveforms and
DBN classification models are acquainted.

A. RespiratoryDatabase@TR
The RespiratoryDatabase@TR is a unique database which
is based on the chronic respiratory diseases including Chronic
Obstructive Pulmonary Disease and Asthma [12]. It consists
of 12-channel lung sounds from different auscultation areas
focusing anterior and posterior sides of the subjects, 4-channel
heart sounds from aortic regurgitation, mitral stenosis,
tricuspid stenosis, pulmonary stenosis. It is also comprised of
St. George Respiratory Questionnaire answers; chest X-rays
for medical image processing, pulmonary function test metrics
which are used to stabilize the diagnosis of the chronic
respiratory diseases. The RespiratoryDatabase@TR enables
digital signal processing on lung and heart sounds, chest Xrays for medical image processing approaches, the St. George
Respiratory Questionnaire answers for statistical analysis and
the pulmonary function tests metrics as additional features
including FEV1, FVC for machine learning algorithms.

In this study, the 12-channel lung sounds are analysed for
the diagnosis of the asthma. The lung sound foci points are
indicated in Fig 1. The 10s of lung sounds from 5 patients
with asthma and 10 healthy subjects in the
RespiratoryDatabase@TR are utilized.

Fig. 1 The anterior and posterior sides of lung auscultation areas on the body

The auscultation sounds were recorded from right (R) and
left (L) focus points using two digital stethoscopes by a
pulmonologist specialist, synchronously. The recorded
auscultation
sounds
are
synchronized
using
the
RespiratoryDatabase@TR computer medical interface. The
utilized digital stethoscopes have ambient filtering and sound
amplifying specifications. The Bell filter of the stethoscopes is
analysed for the discrimination of the asthmatic lung sounds
and healthy lung sounds.

B. Hilbert-Huang Transform
The HHT is an adaptable and efficient signal processing
algorithm to analyse the non-linearity and non-linearity signal
problems. The HHT is a popular method in the feature
extraction in energy-time-frequency distributions, filtering in
pre-processing stage of the signal, adapting the novel
approaches [13]. The HHT consists of two-step analysis:
Empirical Mode Decomposition (EMD) for analysing time
domain, and the Hilbert Transform (HT) for analysing the
appropriate signal in frequency domain. The EMD is overhead
operation for the original signal to assay the time-domain
features by sifting IMFs and residual signal [14].
1) Empirical Mode Decomposition: The EMD process
starts with distinguishing all minimum extreme and maximum
extreme and plotting spline of the envelopes with an
interpolation function. The local mean curve is estimated
averaging of the variable on the plot of minimum envelope
and the maximum envelope at any t time. The mean envelope
is sifted from the original signal and the residual signal is
controlled if it is monotonic or not. If the residual signal is not
monotonic the sifting process continues, else the obtained
signal is defined as the IMF [13], [15]. represents for the
last residual signal, ( ) is the original signal, and is the
number of extracted the IMFs.
( )=

( )+

( )

(1)

2) Hilbert Spectral Analysis: These frequency modulations
have the instantaneous frequency description in a single
period. The HT is a decomposition technique that concludes
the amplitude-frequency-time description of the given signal
[16]. represents for the instantaneous frequency function.
The analytic function of the HHT can be formed as
( )−

( )=ℜ

( )

∫

(2)

( )

C. Deep Belief Networks
The DBN is a Deep Learning approach that consists of
both unsupervised training and supervised training stages.
The idea on pre-training of the input data by unsupervised
algorithms for the classification parameters such as the input
weights, output weights, biases of neurons are most featured
positive aspects of the DBN [17]. The Restricted Boltzmann
Machines (RBM) is stacked between two adjacent visiblehidden layers or adjacent hidden-hidden layers. Each couple
adjacent layers are defined as an RBM [18]. The RBMs are
trained at the final stage by unfolding the pre-trained
parameters into the neural network models within
backpropagation [19].

III. EXPERIMENTAL RESULTS
After analysing the actual label vector which is obtained by
detecting if asthmatic patients or healthy subjects and the
predicted label vector which are diagnosed or non-diagnosed
assessments with crossing tabulation. The calculated
classification performances and the frequency-time
decomposition methods are evaluated.
Lung sounds from RespiratoryDatabase@TR of which 5
asthmatic patients and 10 healthy subjects who never used any
tobacco products and diagnosed with no chronic lung disease
were evaluated in the analysis. A total of 180 lung
auscultation sounds including 12-channels from each subject
were used for asthmatic diagnosis. The EMD was applied to
the lung sounds and IMFs were extracted with different
characteristics of the signals. Since the number of the IMFs
extracted from auscultation sounds can vary according to the
frequency range and state of the signal, the number of IMFs
varied between 5 and 7. The HHT analysis has been finalized
by applying the Hilbert transformation to each IMF signal
forms.
The dataset is comprised of 12 statistical features including
mean, median, standard deviation, maximum, minimum,
variance, mode, correlation coefficient, kurtosis, moment,
cumulant, and energy of the signal from all extracted IMFs
except the residual signal were calculated.
TABLE I
CONFUSION MATRIX OF DBN MODEL ON DIAGNOSIS OF THE ASTHMA

Actual

Predicted

Fig. 2 The train of the DBN with 3 RBM structure

Each RBM is trained within the group and the obtained
weights are transferred into the next RBM as the input. After
calculating all weights and biases for the structure, the
unsupervised training is halted. The obtained parameters are
connected to the neural networks structure for optimization of
the parameters [17], [20]. The training of the DBN is
illustrated in the Fig 2. ( , ℎ)represents the energy function,
( , ℎ) is the probability of energy function, stands for
visible layer, ℎ stands for hidden layer, and are biases. The
training is formulated as follows:
( , ℎ) = −
( , ℎ) =

∑

,
,

ℎ
( , )

( , )

−

−

ℎ

(3)

(4)

Asthmatic

Healthy

Asthmatic

509

60

Healthy

84

283

The proposed DBN model consists of two hidden layers.
The numbers of neurons used in hidden layers were
experimentally selected between 60 and 500 neurons, and the
highest classification performances with cross-validation are
shared in the analysis process. The proposed DBN model
consisted of 130 neurons in the first hidden layer and 190
neurons in the second hidden layer. The 4-fold crossvalidation is performed and contingency table is utilized to
determine the classification performances including sensitivity,
specificity, and overall accuracy [21]. The contingency table
is presented in Table I.
The lung auscultation sounds recorded from asthmatic
patients and healthy subjects can be classified with high
performance rates of 84.61%, 85.83%, and 77.11% for overall
accuracy, sensitivity, and specificity, respectively when the
confusion matrix of DBN model on diagnosis of the asthma is
appraised within all the features from all IMFs. Since the
numbers of IMFs decomposed from lung sounds are different,
it is necessary to create subthreshold to realize IMF-based

feature selection. When the each IMF features are evaluated as
a group, the three highest responsible IMFs are IMF2, IMF4,

and IMF3, respectively. The lowest responsible feature is
IMF1 for the proposed DBN classifier, respectively.

TABLE II
THE CLASSIFICATION PERFORMANCES OF RELATED WORKS AND THE APPLIED SIGNAL ANALYSIS ON DIAGNOSIS OF ASTHMA

Related works

Methods

Guntupalli et al. [22]

Vibration Response
Imaging

Waitmann et al. [23]

Classifier

Sensitivity

Specificity

Accuracy

Manual

91%

82%

85%

Average Power Spectrum

ANN

62%

85%

73%

Bahoura [24]

Mel Frequency Filters +
Wavelet Transform

Gaussian
Mixture
Model

68.8%
94.6%

80.3%
91.9%

76.27%
92.2%

This study

HHT + Statistical Features

DBN

89.54%

83.94%

91.35%

The related studies on analysis of lung sounds from
asthmatic patients in the literature with high classification
performances are presented in Table II. Guntupalli et al.
detected the wheeze areas on the lungs using vibration
response imaging system [22]. Waitman et al. performed
diagnosis of asthma using mean power spectrum features
which are calculated from lung sounds [23]. Bahoura and
Pelletier have applied the Gaussian mixture model, the
Mel-frequency filters and wavelet transforms to the lung
sounds to differentiate the lung sounds from the asthmatic
patients and the healthy subjects [24].
The sequential forward feature selection algorithm with
the DBN has achieved the highest classification
performances for three IMFs. The features of IMF1 are
assessed a noise for the proposed DBN-based asthma
diagnosis model, in consequence of decreasing the
classification performance. The hybrid feature set with the
DBN model including IMF2, IMF4, and IMF3 with the
SFFS is achieved high classification performance rates of
91.35%, 89.54%, and 83.94% for overall accuracy,
sensitivity, and specificity, correspondingly.
IV. CONCLUSIONS
The lung sounds are the most important diagnostic tools
for respiratory diseases. The extraction of the significant
characteristics of the lung sounds is a big necessity for
separation of the healthy auscultation sounds from the
pathological auscultation sounds. Even though there is not
a complete standardization of the auscultation, the
RespiratoryDatabase@TR is based on the CORSA
standards which are defined by the European Respiratory
Society for hearing a clear and noiseless auscultation sound.
The HHT is an accurate transformation technique with
enhancing both the frequency and time analysis. The
integration of the HHT-based statistical features, the Deep
Learning and the well-acquired database has reached high
classification performances for the diagnosis of the asthma.
The wheezing part on the lung sounds has provided
frequency discrimination and the statistical characteristics
of the subbands has performed accomplished classification

model for separation of the asthmatic lung sounds and
health lung sounds.
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Abstract— Chronic Obstructive Pulmonary Disease (COPD) is a
completely untreatable disease that results in exposure of lungs
to harmful dusts, gases or micro-particles. The Lower-Upper
decomposition based ELM Autoencoder kernel is adapted to the
Deep ELM model and is tested on lung sounds. 10s of lung
sounds, recorded from 12-channels with right and left focal
points of posterior and anterior sides from 15 of patients with
Chronic Obstructive Pulmonary Disease (COPD) and 15 healthy
subjects, are utilized from the RespiratoryDatabase@TR. The
Discrete Wavelet Transform at 5th level is applied to lung sounds
with Haar, Daubechies, and Symlets wavelets. The statistical
features are extracted and are fed into the Deep ELM model with
LU-based Autoencoder kernel. The proposed Deep ELM model
with LU-based Autoencoder kernel has separated COPD and
healthy subjects with high and remarkable classification
performance rates of 95.00%, 93.33% and 93.54% for accuracy,
sensitivity and specificity. This study was supported under the
TUBITAK project (Project No: 116E190).
Keywords— Extreme Learning Machines, COPD, LU-ELM,
Deep ELM, RespiratoryDatabase@TR

I. INTRODUCTION
Auscultation is the cheapest diagnostic tool for respiratory
and heart diseases. It enables listening inner body sounds
including heart, lung, blood vessel, and gastrointestinal sounds
by stethoscope. The auscultation areas are not clearly stated
for the disorders. Especially the lungs have important parts for
assessing the airway obstructions and the state of the alveolus.
The developments on the stethoscopes directed for hearing a
clear and adventitious sounds for the deterministic
pathological parts in the auscultation sounds. The advanced
technology digital stethoscopes provide increasing more
accurate and subjective treatment by amplifying the
adventitious auscultated body sounds in more detail forms [1].
The auscultation of lungs is still the most effective way
detecting respiratory diseases. Pathological variations on
auscultation sounds have essential audio-visual forms about
the pulmonary diseases.

Lung sounds are utilized to assess airways and the
obstructions in the bronchus. The air circulation in the lungs
on exhalation and results the vibrations on the lung walls
demanding on the thickness of the lung cell. Whereas the
human deeply breathes, the upper, middle and lower lung
fields are auscultated from back, sides and chest. Hereby the
aforementioned specification, the COPD is not a curable
disease. The treatment may be in the form of preventing the
progressively worse stages by early diagnosis of the disease
and stopping its spread. Exacerbation symptoms of COPD are
increased respiratory distress, sensation of tightness in the
chest, cough and sputum, increased sputum volume, purulent
character [2].
Chronic Obstructive Pulmonary Disease (COPD) causes
much of the discomfort that appears in smokers which they
cause airflow in the lungs and cause systemic harm. Problems
with air intake and evacuation during respiration are usually
progressive [3].
Wisniewski et al. focused on the chronic lung diseases such
as asthma, COPD analysed 246 lung sounds using Tager
energy operator, short-time Fourier transform, and wavelet
transform. They performed wavelet decomposition with
Daubechies 6th level and calculated the entropy features and
kurtosis metrics from the extracted subbands [4]. The chronic
lung diseases results wheeze sounds. Kandaswamy et al.
classified six types of lung sounds including normal, wheeze,
crackle, squawk, stridor, and rhonchus using Neural Network
model. They utilized discrete wavelet transform for denoising
the signals and performed decomposition using wavelet
transform with 7th level. The statistical features and power of
the subbands for Coif4, sym10, db12, and db8 wavelets were
calculated [5]. Mastorocostas performed wavelet transform for
filtering the lung sounds. He proposed a rule-based fuzzy
classification model for classifying three types of lung sounds
[6]. Morillo et al. studied on the separation of the subjects
with COPD and pneumonia. The power, entropy, higher order
statistics and frequency based features were extracted from the
lung sounds. They discussed on the efficiency of diagnosing

close diseases in modest ways with non-linear determination
boundaries [7]. Amaral et al. proposed a diagnosis model
using the clinical parameters and the pulmonary function test
metrics for diagnosis of COPD. They fed the clinical features
into neural network model and analysed clinical parameters
using Mann-Whitney U statistical test [8]. Ying et al. utilized
self-administered questionnaire answers, physical examination
metrics, pulmonary function test metrics and genetic
epidemiology for classification of the COPD severities. The
features were fed into the Deep Belief Networks (DBN)
model. They suggested an integration model of the Deep
Learning and Fisher score feature selection algorithm in the
consequence of high separation capability [9].
Deep Learning is a popular algorithm for classifying the
more detailed and elaborated analysis. The Deep models are
the new form of the neural network models with many hidden
layers, feature learning in each latent layers, and pre-training
(unsupervised learning) integration of the supervised learning.
The Deep Learning models are frequently used in the
diagnosis systems on various biomedical signal types. Altan
et al. proposed multi-stage DBN arrhythmia classification
model on short-term ECG waveform and second order
difference plot quantization as the input of the model [10].
Altan et al. analysed EEG for the slow cortical potential in
stroke. They performed HHT and calculated the statistical
features from the HHT-based subbands [11]. Altan et al.
acquainted an ECG-based coronary artery disease diagnostic
model using the HHT and the statistical features from the
subbands [12].
In addition to high classification capability of the Deep
Learning, the biggest deficiencies of the model are long
training time and the requirement on high-capacity transaction
performance for solving complex solutions. To overcome the
deficiencies of the Deep Learning models, new unsupervised
approaches integrated to the Deep models. Especially, the fast
learning algorithms such as the Extreme Learning Machines
(ELM) adapted as the unsupervised approaches and named as
the Deep ELM. The ELM autoencoder approach is the
unsupervised model for accelerating the Deep models. In this
study, a new ELM autoencoder kernel is proposed with the
integration of matrix inversing idea. It is a fast, effective and
well-adapted decomposition technique for the ELM
autoencoder.
The paper is organized into detailed information about the
RespiratoryDatabase@TR, Discrete Wavelet Transform, Deep
ELM model, and the proposed ELM autoencoder kernel. The
experimental results of the Deep ELM model with proposed
kernel on diagnosis of the COPD are presented in following
sections.
II. MATERIAL AND METHODS
The recent unsupervised learning models are adaptable for
the learning approaches. The computer-assisted methods are
applicable for signal analysis methods. The unsupervised
learning models are easy to implement for pre-training of the
deep models. In this section, detailed information about

RespiratoryDatabase@TR, the ELM autoencoder and Deep
ELM classification and the proposed kernel are informed.

A. RespiratoryDatabase@TR
The RespiratoryDatabase@TR is a multimedia database
that is focused on the respiratory diseases principally Chronic
Obstructive Pulmonary Disease [13]. It is comprised of 12channel lung auscultation from back and chest areas of the
patients, 4-channel heart auscultation sounds from basic heart
regurgitation and stenosis areas. It also involves St. George
Respiratory Questionnaire for COPD (SGRQ-C) answers for
statistical assessments; chest X-rays for image processing
approaches, and clinical functionality test such as spirometry
that are simple but deterministic metrics for diagnosis of
pulmonary
state
of
the
patients.
The
RespiratoryDatabase@TR
provides
enhancing
and
developments on digital signal processing on lung and heart
sounds, on image processing on chest X-rays, on the statistical
analysis on SGRQ-C, on additional features as spirometry
metrics (FEV, FVC, and more), and on pre-processing of the
records using RespiratoryDatabase@TR computer-assisted
medical interface for pattern recognition models.
In this study, the 12-channel lung sounds are analysed for
the diagnosis of the COPD. The auscultation areas of lung
sounds on the back and chest are depicted in Fig 1. The 10s of
lung sounds of 15 patients with COPD and 15 healthy subjects
from the RespiratoryDatabase@TR are selected.

Fig. 1 The lung auscultation areas on chest and back

The auscultation sounds were recorded from right (R) and
left (L) auscultation areas synchronously using two Littman
3200 digital stethoscopes by a pulmonologist specialist. The
pre-processing including segmentation and synchronization of
the records is performed using the RespiratoryDatabase@TR
computer medical interface. The Littman 3200 has ability to
filter ambient sounds that cause the noise during the
auscultation and to amplify the adventitious auscultation
sounds that is hard to hear with classical stethoscopes. The
lung sounds from Bell filter of the digital stethoscopes are
processed for the diagnosis of COPD among the lung sounds
from healthy subjects and COPD patient.

B. Discrete Wavelet Transform
The Discrete Wavelet Transform (DWT) is presented as an
alternative method to the Short Time Fourier Transform in
terms of frequency and time resolution characteristics. More

specifically, The DWT provides high time resolution, high
frequency resolution for both high frequencies and low
frequencies ranges, and low frequency resolution for low time
resolution for all frequency ranges, unlike Short Time Fourier
Transform. The DWT is a special solution of Wavelet
Transform that can be efficiently computed with a compact
representation of a time and frequency signal [14]. The DWT
is defined by the following equation.
( , )=

( )2

2

(1)

Ψ is a time function with the finite energy, and reveals the
main ripple distortion, x represents the signal. The DWT
analysis can be performed using a fast, pyramidal algorithm
for multi-input filtering bands [15], [16]. In the mathematical
background of the DWT, the coefficients are extracted from
the Approximation and Detail subbands using wavelets at
each level. The Approximation subband is subsampled. Low
and High pass filters are applied for obtaining new
Approximation and Detail subbands for next level.

C. Deep Extreme Learning Machines
The ELM is figured as some fundamental biological
learning structure. The machine learning capacity of the ELM
was certified by Huang et al. [17]. The ELM models are
intended to perform classification and regression by the
integration of the kernels. The ELM has an explanatory
learning model for the generalized single hidden layer
feedforward neural networks. It is a high speed and powerful
algorithm with randomly defined hidden node parameters and
simply calculated output weights by basic mathematical
solutions [18]. The structure of the ELM is same as the neural
network structure with one hidden layer. The man difference
of the ELM from the neural network is classification stage
with simple mathematical solution instead of using
optimization. The ELM model is depicted in Fig. 2.

Fig. 2 The structure of the ELM

Despite the fast training and generalization capability, it is
not possible to examine the input parameters in many hidden
layers with deep analysis. To overcome this deficiency, Deep
ELM model is suggested by Kasun et. al [19]. The Deep ELM
consists of both unsupervised learning and supervised learning
stages. The ELM autoencoder kernel is the unsupervised
procedure for the Deep ELM. After the ELM autoencoder
calculated output weights( ), the last ELM autoencoder layer

is connected to the supervised ELM training procedure. The
Deep ELM provides the deep analysis with many hidden layer
by composing different representations of the input data. The
last layer performs as the ELM training models.
1) The proposed Lower Upper Triangularization based
ELM Autoencoder Kernel: The traditional ELM autoencoder
model is based on Moore-Penrose matrix inversing
circumstances. The output weights vector is , H vector is the
hidden layer outputs, C is a positive value for handling ridge
regression theory, and X is the output and input data of the
ELM autoencoder.
=

(2)

+

Lower Upper triangularization (LU) is also use to
decompose the inverse of given matrix. The LU is a proper
method which is moderately easy to implement and has ability
to solve a set of simultaneous linear equations. LU
decomposition was uttered by Alan Turing in 1948 [20]. L is
the lower triangular matrix; U is the upper triangular matrix.
=

(3)
=(

=

)

= (

)=

(4)
(5)

We can resolve all the elements of W and d matrix. We first
calculate Ld=b for matrix d, then we substitute into UW=d to
calculate matrix W. The calculated W matrix is utilized as the
output weights( )for the Deep ELM model.
The circumstances for applying LU based ELM
autoencoder: The matrix H must be square matrix, the matrix
H must be non-singular (invertible) matrix to avoid producing
singular L and U [20], [21].
III. EXPERIMENTAL RESULTS
After analysing the actual label vector which is obtained by
detecting if the lung sounds are from the patients with COPD
or non-COPD. The calculated classification performances and
the frequency-time decomposition methods are evaluated.
The diagnosis of the COPD has a significant importance,
because of aforementioned characteristics of the COPD. The
wheeze analysis in literature was based on frequency analysis
mostly. The proposed COPD diagnosis model is focused on
DWT processing algorithm. The COPD diagnosis model is
comprised of segmentation 10s lung sounds from
RespiratoryDatabase@TR, applying DWT to lung sounds
with various wavelets, statistical feature extraction and
evaluating the features with Deep ELM with LU based ELM
autoencoder kernel.
The dataset is comprised of 12 statistical features including
mean, median, standard deviation, maximum, minimum,
variance, mode, correlation coefficient, kurtosis, moment,
cumulant, and energy of the signal from 5th level DWT

the feature dimensionality [23]. When the each feature from
the DWT is evaluated, the highest responsible wavelet is db12.
The five high responsible features are db12, sym10, sym4,
db8, and Haar, respectively for the Deep ELM model with the
proposed LU-based ELM autoencoder kernel.
TABLE I
CONFUSION MATRIX OF DEEP ELM MODEL WITH LU-BASED ELM
AUTOENCODER ON DIAGNOSIS OF THE COPD

Predicted

Actual

decomposition with the Haar, Daubechies (db4-db12),
Symlets (sym4-sym12) wavelets were calculated.
The proposed Deep ELM model consists of three hidden
layers. The numbers of neurons used in hidden layers were
experimentally selected between 100 and 300 neurons, and the
highest classification performances with cross-validation are
shared in the analysis process. The proposed DBN model is
constructed with 140 neurons in the first hidden layer, 230
neurons in the second hidden layer and 170 neurons in the
third hidden layer. The 4-fold cross-validation is performed
and contingency table is utilized to determine the
classification performances including sensitivity, specificity,
and overall accuracy [22]. The contingency table is presented
in Table I.
The lung auscultation sounds recorded from COPD patients
and healthy subjects can be classified with high performance
rates of 83.06%, 80.56%, and 85.56% for overall accuracy,
sensitivity, and specificity, respectively when the confusion
matrix of Deep ELM model with LU-based ELM autoencoder
kernel on diagnosis of the COPD is reached using all the
features from the DWT based subbands. The feature selection
is one of the most efficient approaches for setting the best
structure and best feature set for the machine learning
algorithms. The sequential forward feature selection (SFFS) is
one of the simplest algorithms in genetic algorithms to reduce

COPD

Non-COPD

COPD

145

26

Non-COPD

35

154

In literature, the studies focused on the wheeze sound
detection and discrimination of it from the healthy respiratory
sounds on behalf of diagnosis models.

TABLE II
THE CLASSIFICATION PERFORMANCES OF RELATED WORKS AND THE APPLIED SIGNAL ANALYSIS ON DIAGNOSIS OF ASTHMA

Related works

Methods

Classifier

Sensitivity

Amaral et al. [8]

Clinical parameters
Spirometry metrics

Morillo et al. [7]

Entropy features, Power,
Frequency Features,
Statistical Features

Principle Component Analysis,
Neural Networks

This study

DWT, Statistical Features

Deep ELM with LU ELM
Autoencoder kernel

Neural Networks,
Statistical Analysis

Considering the characteristics of the wheeze sounds,
detecting the wheeze sounds is not enough by itself to
diagnose the COPD. Hence, both the asthmatic and COPD
lung sounds consists of wheeze. There is not much research
on diagnosis of COPD, even though the importance of the
disease in population. The reached related studies on
analysis of lung sounds for COPD diagnose are presented
in Table II. Amaral et al. used the clinical parameters, FEV,
and FVC metrics. They analysed the parameters using
Neural Networks [8]. Morillo et al. performed frequency
analysis, and extracted power, mean frequency, median
frequency, spectral crest factor, Shannon entropy, Rényi
entropy, Tsallis entropy, second-order moment, skewness,
kurtosis, and relative power features from the lung sounds
[7].
The SFFS algorithm is applied to the whole dataset to
reduce the dimensionality and to determine the optimum
feature size for the diagnosis of the COPD. The pointless
wavelets for the proposed Deep ELM model were

Specificity

Accuracy

90.00%

90.00%

90.00%

72.00%

81.80%

77.60%

93.89%

88.89%

91.39%

eliminated from the feature set. The SFFS for the Deep
ELM model with LU ELM autoencoder kernel has
achieved high classification performance rates of 91.39%,
93.89%, and 88.89% for overall accuracy, sensitivity, and
specificity, respectively.
IV. CONCLUSIONS
The COPD is an important disease which effects whole
life quality. No curable and manageable symptoms of the
COPD make the early diagnosis and starting the treatment
stage to prevent the prevalence of the disease. The lung
sounds, spirometry metrics, and the clinical parameters are
deterministic tools for the COPD but it takes much time to
collect. The assessment of lung sounds from different
auscultation areas gives more detailed information about
the pathological changes. The frequency and time domain
analysis of the lung sounds extracts the deterministic
features for the diagnosis of respiratory diseases. The
improvements on machine learning algorithms with time-

frequency features are a necessity for classifying the
healthy lung sounds from the abnormal lung sounds. Even
though there is not a complete standardization of the
auscultation, the RespiratoryDatabase@TR is based on the
CORSA standards for a clear auscultation. The DWT is
an accurate signal decomposition technique with various
wavelets and frequency bands. The integration of the
DWT-based statistical features, the Deep ELM and the
well-acquired database has reached high classification
performances for separating the COPD and non-COPD
lung sounds. The Deep ELM model with the proposed LU
decomposition based ELM autoencoder has a high
generalization capability for statistical features from
frequency-time subbands with db12, and Haar wavelets.
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Abstract- This is a study, in which a trial was done to estimate the
energy band gap (Eg) of single-walled carbon nanotubes
(SWCNTs) by using a fuzzy logic algorithm that uses five inputs
(strain value, fermi energy level, average energy, repulsive
potential and electronic band structure energy).
Keywords- SWCNTs, fuzzy logic, strain value, energy band gap,
prediction

I. INTRODUCTION
Single-walled carbon nanotubes (SWCNTs) are a hollow
cylindrical structure of carbon atoms with a diameter that
ranges from 1 to 10 nm and have a length longer than this
diameter. Nanoparticles are used or evaluated for use in many
fields. It is one of nanomaterials which are used most. It is
used in a lot of fields like electronics, computer science,
medicine, aviation and environmental science [1].
For this reason, a lot of experiments are being done about
SWCNTs nowadays. Purpose of these experiments is to
produce the materials that can be used to provide these fields
that are mentioned before to develop. But an experiment on
nanomaterials can be very costly.
With this work, it was aimed to open a road for these high
costs to be decreased. To do this, fuzzy logic was used as a
prediction tool. A tool, which can predict the experiment
result with a high percent, means the result is obtained without
any experiment.
In this study, prediction of the energy band gap (Eg), that
is an electronic attribute of SWCNTs was done. So, this value
was used as an output. Five inputs were used to predict that.
These are fermi energy level, average energy, strain value,
repulsive potential and electronic band structure energy.
II.

REVIEW OF PREVIOUS WORKS

S. Ahadian and Y. Kawazoe worked on a topic about using
an adaptive-network-based fuzzy inference system (ANFIS)
for carbon nanotubes (CNTs) in 2009. With this algorithm
(ANFIS), they aimed to model and predict the water flow in
CNTs [2].
M. H. Esfe, S. Saedodin, N. Sina, M. Afrand and S.
Rostami, conducted a study that predicts thermal conductivity
and dynamic viscosity of ferromagnetic nanofluids in 2015. In
this study, they used an artificial neural network (ANN) [3].

C. S. Johanyak, in his work in 2013, served a lowcomplexity fuzzy model. This model identifies the
relationship between percentage amount of multi-walled
carbon
nanotube
(MWCNT),
polycarbonate
(PC),
acrylonitrile-butadiene-styrene (ABS) and melt volume-flow
rate(MVR) of the generated composite [4].
M. Shanbedi, S. Z. Heris, A. Amiri, S. Adyani, M.
Alizadeh and M. Baniadam, conducted a study in 2014. At
first, they synthesized pristine and functionalized multi-walled
carbon nanotubes with silver/water nanofluids. They used the
synthesis of human algorithm interaction (HAI), and fuzzy
logic rules to research thermal performance of two-phase
closed thermosiphon [5].
R. Leghrib and E. Llobet, in 2011, conducted a study to
detect traces of benzene by using a quantitative fuzzy adaptive
resonant theory network (ART) and an array of plasma-treated
metal-decorated carbon nanotubes [6].
S. Prabhu, M. Uma and B. K. Vinagayam, did an
experiment to predict the surface roughness, where the
mixture of CNT and nanofluids is dielectric by using Taguchi
technique, fuzzy logic and neural network algorithm in 2014
[7].
M. Shanbedi, A. Amiri, S. Rashidi, S. Z. Heris and M.
Baniadam used ANFIS and predicted thermal efficiency and
thermal resistance of a two-phase closed thermosyphon in
2015 [8].
M. Mehrabi, M. Sharifpur, and J. P. Meyer utilized a
model that consists of fuzzy C-means clustering (FCM) and
ANFIS to estimate the viscosity of nanofluids in 2013 [9].
S. Ata and K. Dinçer, calculated inferentially the
performance of polymer electrolyte membrane (PEM) fuel
cell whose anode side was covered with CNT by employing
fuzzy logic algorithm in 2015 [10].
In this paper, we designed a fuzzy expert system to detect
of the electronic attributes of the nanostructured materials.
III. METHOD AND M ATERIALS
There are a lot of factors to affect the energy band gap of
an SWCNT. Here are some factors below [1]:

(n, m) values (these values constitute the symmetry
axis and structure of CNT)

Fermi Energy Level (Ef (eV))

Diameter (dt)


Atom Number

Strain Value (%)

Average Energy (eV/atom)

Electronic Band Structure Energy (Ebs)

Repulsive Potential (Urep)

Temperature (K)
To make a healthy calculation, the factors, which aren't
dependent on each other with an equation, were chosen as
inputs. And it was considered that these factors are the ones
that affect the energy band gap directly. As a result, the
chosen inputs and output were given in Table 1 and Table 2.

Large. For strain value, membership graphics are given in
Figure 2.
For strain value, the formulas of the membership grades
were given by the numbers from 3.1 to 3.3.

TABLE 1
INPUTS AND THEIR RANGES
Inputs
Strain value(%)
Fermi
energy
level (eV)
Average energy
(eV/atom)

Urep (eV)
Ebs (eV)

Small
(Low)
[-6, -1]
[3.7,
3.71475]
[-8.29,
-8.27229]
[22,
24.023]
[-35,
33.828]

Average
(Average)
[-4, +3]
[3.71445,
3.71898]
[-8.28227, 8.23621]
[23.229,
25.866]
[-34.162, 31.938]

Large
(High)
[1, 6]
[3.71668,
3.73]
[-8.25744, 8.185]
[25.163,
26.495]
[-32,344, 30]

TABLE 2
OUTPUT AND ITS RANGES
Membership
Grades
Very Narrow
Narrow
Average
Wide
Very Wide

Output(s)
Energy Band Gap (eV)
[0, 0.05]
[0.03, 0.1]
[0.08, 0.2]
[0.16, 0.29]
[0.22, 0.5]

Besides, temperature value was chosen as 300 K and (n,
m) values were chosen as (18, 0) respectively. According to
inputs and output, the structure of the generated system is in
Figure 1.

Figure 2. Strain value membership graphics

µ
µ
µ

1,
( ) = (−1 − )/3,
0,

0,
⎧( + 4)/3,
⎪
( )=
1,
⎨(3 − )/2,
⎪
0,
⎩

0,
( ) = ( − 1)/2,
1,

< −4
− 4 ≤ ≤ −1
> −1

< −4
− 4 ≤ ≤ −1
−1< <1
1≤ ≤3
>3

<1
1≤ ≤3
>3

(3.1)

(3.2)

(3.3)

Their fuzzy set representation as follows:
µsmall={ 1/(-6) + 1/(-5.5) + 1/(-5) + 1/(-4.5) + 1/(-4) + 0.833/(3.5) + 0.666/(-3) + 0.5/(-2.5) + 0.333/(-2) + 0.166/(-1.5) + 0/(1) + 0/(-0.5) }
µaverage={ 0/(-4) + 0.166/(-3.5) + 0.333/(-3) + 0.5/(-2.5) +
0.666/(-2) + 0.833/(-1.5) + 1/(-1) + 1/(-0.5) + 1/0 + 1/0.5 + 1/1
+ 0.75/1.5 + 0.5/2 + 0.25/2.5 + 0/3 + 0/3.5 }
µlarge={ 0/1 + 0.25/1.5 + 0.5/2 + 0.75/2.5 + 1/3 + 1/3.5 + 1/4 +
1/4.5 + 1/5 + 1/5.5 + 1/6 }
In the fuzzy inference system, there is only one output and
it is energy band gap. There are three membership functions
for energy band gap: Very narrow, narrow, average, wide and
very wide. For energy band gap, membership graphics are
given in Figure 3.

Figure 1. Structure of the Fuzzy System Calculating the Energy Band Gap of
a SWCNT

In this work, one of the five inputs and one output were
used. The input which is used is strain value. There are three
membership functions for strain value: Small, Average and

Figure 3. Energy band gap membership graphics

For energy band gap, the formulas of the membership
grades were given by the numbers from 3.4 to 3.8.
µ

µ

µ

µ
µ

1,
( ) = (0.05 − )/0.02,
0,

0,
⎧( − 0.03)/0.02,
⎪
( )=
1,
⎨ (0.1 − )/0.02,
⎪
0,
⎩

0,
⎧( − 0.08)/0.02,
⎪
( )=
1,
⎨ (0.2 − )/0.04,
⎪
0,
⎩

0,
⎧( − 0.16)/0.04,
⎪
( )=
1,
⎨(0.29 − )/0.07,
⎪
0,
⎩

< 0.03
0.03 ≤ ≤ 0.05 (3.4)
> 0.05

< 0.03
0.03 ≤ ≤ 0.05
0.05 < < 0.08 (3.5)
0.08 ≤ ≤ 0.1
> 0.1
< 0.08
0.08 ≤ ≤ 0.1
0.1 < < 0.16 (3.6)
0.16 ≤ ≤ 0.2
> 0.2

< 0.16
0.16 ≤ ≤ 0.2
0.2 < < 0.22
0.22 ≤ ≤ 0.29
> 0.29

0,
< 0.22
( ) = ( − 0.22)/0.07, 0.22 ≤
1,
> 0.29

Their fuzzy set representation is as follows:

(3.7)

interface of the designed FIS which were prepared with the
program was given in Figure 4. There are some examples
here:
Example 1: Strain value: 1%, Fermi Energy Level:
3.71387 eV, Average Energy: -8.28227 eV/atom, Urep:
24.02347 eV, Ebs: -32.34451 eV
According to the data in this example, four rules are fired
from the fuzzy inference system. And the result is obtained as
0.0191 eV. The resulting image of the example was given in
Figure 5. In the examples of this work, Mamdani fuzzy model
was used as a fuzzification tool, and the centroid of area
method was used as a defuzzification tool.
Example 2: Strain value: -6%, Fermi Energy Level:
3.72119 eV, Average Energy: -8.20914 eV/atom, Urep: 26.494
eV, Ebs: -34.74192 eV
For the data in the example, one rule is fired from the
fuzzy inference system. And the result is obtained as 0.219
eV. The resulting image of the example was given in Figure 6.
IV. CONCLUSION

≤ 0.29(3.8)

µVery Narrow= {1/0 + 1/0.01 + 1/0.02 + 1/0.03 + 0.5/0.04 +
0/0.05 + 0/0.06}
µNarrow={ 0/0.03 + 0.5/0.04 + 1/0.05 + 1/0.06 + 1/0.07 + 1/0.08
+ 0.5/0.09 + 0/0.1 + 0/0.11 }
µAverage={ 0/0.08 + 0.5/0.09 + 1/0.1 + 1/0.11 + 1/0.12 + 1/0.13
+ 1/0.14 + 1/0.15 + 1/0.16 + 0.75/0.17 + 0.5/0.18 + 0.25/0.19
+ 0/0.2 + 0/0.21 }
µWide={ 0/0.16 + 0.25/0.17 + 0.5/0.18 + 0.75/0.19 + 1/0.2 +
1/0.21 + 1/0.22 + 0.857/0.23 + 0.714/0.24 + 0.571/0.25 +
0.428/0.26 + 0.285/0.27 + 0.142/0.28 + 0/0.29 + 0/0.3 }
µVery Wide={ 0/0.22 + 0.142/0.23 + 0.285/0.24 + 0.428/0.25 +
0.571/0.26 + 0.714/0.27 + 0.857/0.28 + 1/0.29 + 1/0.3 +
1/0.31 + 1/0.32 + 1/0.33 + 1/0.34 + 1/0.35 + 1/0.36 + 1/0.37 +
1/0.38 + 1/0.39 + 1/0.4 + 1/0.41 + 1/0.42 + 1/0.43 + 1/0.44 +
1/0.45 + 1/0.46 + 1/0.47 + 1/0.48 + 1/0.49 + 1/0.5 }

This article shows how to predict energy band gap of
SWCNTs. These terms are important to get efficient results:
1. There must be a direct relationship (like an equation)
between inputs and outputs.
2. There must not be a direct relationship between
inputs.
3. The right algorithm must be chosen for prediction.
Here, the fuzzy logic algorithm was chosen as an
artificial intelligence algorithm and Mamdani fuzzy
model was chosen as a fuzzy inference system.
Centroid of area method was chosen for
defuzzification.
4. The original data must be used for prediction.
According to these terms, five inputs and one output which
were mentioned before were chosen. To obtain a sharp result,
output membership grade number was specified as five. And
true results were gotten with minimum error and maximum
proximity.

The rule base of the fuzzy inference system was specified
by a nanotechnology expert. For each input, there are three
membership grades. So, there are 243(35) rules in the rule
base. Some examples of them were given in Table 3.
TABLE 3.
RULE BASE OF THE FUZZY STRUCTURE
#
1
40
67
159
243

Strain
Value
Small
Small
Small
Avg
Large

Fermi
En. Lvl
Low
Avg
High
High
High

Average
Energy
Low
Avg
Avg
High
High

Urep

Ebs

Egap

Small
Avg
Avg
Avg
Large

Small
Small
Small
Large
Large

VNrw
Nrw
Avg
Wide
VWd

As it was mentioned before, Fuzzy Logic Toolbox of
MATLAB R2015a was used to get the output results. The

Figure 4. The interface of the designed FIS for the prediction of energy band
gap

[7]

[8]

[9]
[10]

Figure 5. The resulting image of Example 1
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Figure 6. The resulting image of Example 1
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Abstract— Electricity load forecasting is the prediction
of electrical power required to meet the short-term, mediumterm or long-term electricity demand. It helps the utilities in
their operation and management of the supply to their customers
by increasing their revenues and the efficiency of their
operations. In addition, it helps them to plan on their operations
and capacity so that they can reliably supply all of their
consumers with the required energy. In this study, it is aimed to
emphasize the importance of the electricity load-forecasting plan
to determine the location and size of future generating plants.
The results of our performance evaluation carried out using
WEKA show that long-term electricity load forecasting can be
realized with high accuracy so this can enable to successful
determination of the areas with high or growing demand, where
the utilities need to build new generating plants.
Keywords— Location Determination, Long-Term Electricity
Load Forecasting, Linear Regression, Multilayer Perceptron,
Support Vector Machine, Artificial Neural Network.

I. INTRODUCTION
It is very important to plan the supply, demand,
transmission, distribution and pricing in order to ensure the
successful development of electricity energy sector and to
secure the functioning of the sector. One of the most
important problems of the planning works to be done is future
demand information. The inability to store electricity energy
in large quantities practically explains very well the
importance of the accuracy of the demand estimate. The fact
that the estimates are correct and close to real values is of
great importance for the planning processes of electrical grids.
An important step in planning an electrical grid is to estimate
load requirement in the next years. The load estimate is based
on estimating the future situation by looking at past and
present conditions and extracting the change patterns. For an
effective electrical grid system planning, estimation of the
peak load and total energy requirement should be performed.
Estimating the energy needed is a very important task for
planning the generation system. The changes to be made in
the power plants or the establishment of the new power plants
are determined to evaluate the peak power and to meet the
required energy demand. Capacity changes to be made to

transmission and distribution systems together with
production according to the results of load estimations and
investment costs for these changes are being prepared.
Electricity load forecasting plays a key role in meeting the
increasing energy demands of the future and can be realised
for short term (hourly, daily or weekly), medium term
(monthly, quarterly, six months), or long term (a year or
longer) [1]. It is an important tool in the management and
planning of electricity generation, transmission, and
distribution systems.
Electricity load forecasting enables the utilities to plan well,
utilize the generating plants efficiently, and minimize the risks
[2]. Because, it helps the utility company to plan and make
economically viable decisions in regard to future generation
and transmission investments. In addition, it aids in decision
and planning processes carried out for maintenance of the
power systems so that the processes have minimum impact on
the consumers. Moreover, it helps to determine the resources
required to operate the generating plants and other resources
needed to ensure uninterrupted and economical generation and
distribution of the power. On the other hand, what’s more
important than these is that particularly long-term forecasting
helps in planning the future in terms of the type, size, and
location of the future generating plants. By determining
regions or areas with growing or high demand, the utility
company can most likely generate the power near the load so
that the transmission and distribution infrastructures as well as
the associated losses can be minimized.
Forecasting methods are generally handled in two groups as
statistical and intelligent methods. Examples of statistical
methods include time series analysis, regression analysis, and
moving average analysis [1, 2]. On the other hand, examples
of intelligent methods include artificial neural networks, fuzzy
logic, and methods called expert systems that use both
methods [1, 2]. Depending on many factors, a method may
outperform the other. Therefore, it is important to know the
advantages and disadvantages of different methods in order to
choose the most appropriate method according to the
investigated system.

In this paper, we review existing approaches that can be
used for long-term electricity load forecasting, such as
artificial neural network models, regression trees and support
vector machines, and perform a set of simulation studies to
evaluate the performance of the investigated approaches for
long-term electricity load forecasting. Moreover, we compare
the performance of the reviewed approaches with the
approaches used in the literature. In contrast to the existing
studies that focus on the use of various methods and
algorithms for electricity load forecasting, this study mainly
focuses on the comparison of the existing approaches to
determine the most successful approach for long-term
electricity load forecasting. The rest of this paper is structured
follows. The details of our performance evaluation as well as
discussion on the performance of the approaches used in this
paper are given in Section II. Section III concludes this paper.

Fig. 2. Choosing the classification method

II. PERFORMANCE EVALUATION, RESULTS, AND DISCUSSION
In this study, a number of classification methods and
artificial neural networks are used for load forecasting. The
classification methods to be used in this study include Linear
Regression, Multilayer Perceptron and Support Vector
Machine. We implemented the investigated methods in
WEKA (Waikato Environment for Knowledge Analysis) [3].
Figs. 1-3 show the steps used to implement the investigated
methods in WEKA.
Fig. 3. Obtaining the result

Fig. 1. Loading the dataset using WEKA Explorer

To generate the load-forecasting plan of İstanbul, a major
city in Turkey, a dataset containing the electricity
consumption values for years between 2011 and 2013 was
obtained from Republic of TURKEY, Energy Market
Regulatory Authority (EMRA) and used. The dataset consist
of 12168 rows. Each row of the dataset consists of hour, day
of week, month, year, temperature of Istanbul, and electricity
load. The performance results of different methods used in the
study were evaluated separately and then the performance of
the methods was compared.

As given in the literature [4], the correlation coefficient is
the one of the most commonly used indicators of forecasting
accuracy and it was used to compare the performance of the
employed methods. Basically, it is a number between 0 and 1
and is a measure of how well trends in the predicted values
follow trends in actual values [4]. Therefore, it is a measure
of how well the predicted values from a forecast model fit
with the actual data. If there is no relationship between the
predicted values and the actual values, the correlation
coefficient is 0 or very low. On the other hand, if the strength
of the relationship between the predicted values and actual
values increases, the value of the correlation coefficient
increases toward 1 [4, 5]. A perfect fit gives a coefficient of 1.
The first method used in the performance evaluation study
was Linear Regression method [6]. The results of Linear
Regression method for long-term electricity load forecasting
are listed in Table I and Table II lists the forecasting errors of
Linear Regression method.
The second method used in the performance evaluation
study was Multilayer Perceptron, a class of feedforward
artificial neural network [7]. The parameters used by
Multilayer Perceptron method are listed in Table III. The
results of Multilayer Perceptron method for long-term
electricity load forecasting are listed in Table IV and Table V
lists the forecasting errors of Multilayer Perceptron method.

TABLE I
CLASSIFICATION RESULTS FOR İSTANBUL WHEN LINEAR REGRESSION
METHOD WAS PREFERRED

0.5861
2681.1643
3327.9099
% 77.0824
% 81.0213
12168

Correlation Coefficient
Average Absolute Error
Root Mean Square Error
Relative Absolute Error
Root Relative Squared Error
Total Number of Rows

TABLE II
ERROR VALUES FOR İSTANBUL WHEN LINEAR REGRESSION METHOD WAS
PREFERRED (ONLY THE FIRST 10 ROWS ARE GIVEN)

Row
1
2
3
4
5
6
7
8
9
10

Actual Value
(MW)
26400
24700
23800
23400
23300
23700
24300
25700
29300
31500

Estimated
Value (MW)
23371.622
23693.038
23996.57
24335.871
24621.517
24978.703
25407.429
25800.385
26193.341
26514.758

Inputs
Threshold
Attribute - Hour
Attribute - Day
Attribute - Month
Attribute - Year
Attribute - Istanbul
Inputs
Threshold
Attribute - Hour
Attribute - Day
Attribute - Month
Attribute - Year
Attribute - Istanbul
Inputs
Threshold
Attribute - Hour
Attribute - Day
Attribute - Month
Attribute - Year
Attribute - Istanbul

Linear Node 0

Correlation Coefficient
Average Absolute Error
Root Mean Square Error
Relative Absolute Error
Root Relative Squared Error
Total Number of Rows

Row

-3028.378
-1006.962
196.57
935.871
1321.517
1278.703
1107.429
100.385
-3106.659
-4985.242

1
2
3
4
5
6
7
8
9
10

Weights
-0.11719763268484804
0.5218582655316301
0.4497238237911326
0.6303676303446
Sigmoid Node 1
Weights
4.318353686135083
15.6255789015246
-0.6277570468665186
-0.03685624802739146
0.11799715358176008
-0.6855587250953972
Sigmoid Node 2
Weights
-0.11811877140722113
-1.4836918270289765
-0.5433539383624012
0.040137650195360225
0.07710140180788062
-2.4504819832308575
Sigmoid Node 3
Weights
-4.231309958211829
-0.7279367329529396
-0.20342781358229822
-0.3561962801279214
-2.866373632437017
7.613354801685313

0.828
1791.6443
2542.2393
% 51.5091
% 61.8934
12168

TABLE V
ERROR VALUES FOR İSTANBUL WHEN MULTILAYER PERCEPTRON METHOD
WAS PREFERRED (ONLY THE FIRST 10 ROWS ARE GIVEN)

Error

TABLE III
NEURAL NETWORK NODES FOR MULTILAYER PERCEPTRON MODEL FOR
İSTANBUL

Inputs
Threshold
Node 1
Node 2
Node 3

TABLE IV
CLASSIFICATION RESULTS FOR İSTANBUL WHEN MULTILAYER
PERCEPTRON METHOD WAS PREFERRED

Actual Value
(MW)
26400
24700
23800
23400
23300
23700
24300
25700
29300
31500

Estimated
Value (MW)
24833.223
24758.889
24704.679
24593.021
24591.517
24505.504
24411.143
25061.731
27081.312
30017.085

Error
-1566.777
58.889
904.679
1193.021
1291.517
805.504
111.143
-638.269
-2218.688
-1482.915

The last method used in the performance evaluation study
was Support Vector Machine [8]. The results of Support
Vector Machine method for long-term electricity load
forecasting are listed in Table VI and Table VII lists the
forecasting errors of Support Vector Machine method.
TABLE VI
CLASSIFICATION RESULTS FOR İSTANBUL WHEN SUPPORT VECTOR
MACHINE METHOD WAS PREFERRED

Correlation Coefficient
Average Absolute Error
Root Mean Square Error
Relative Absolute Error
Root Relative Squared Error
Total Number of Rows

0.5846
2670.9196
3340.6648
% 76.7879
% 81.3319
12168

TABLE VII
ERROR VALUES FOR İSTANBUL WHEN SUPPORT VECTOR MACHINE
METHOD WAS PREFERRED (ONLY THE FIRST 10 ROWS ARE GIVEN)

Row
1
2
3
4
5
6
7
8
9
10

Actual Value
(MW)
26400
24700
23800
23400
23300
23700
24300
25700
29300
31500

Estimated
Value (MW)
23086.189
23414.631
23720.66
24071.514
24355.132
24728.398
25191.313
25609.403
26027.494
26355.936

Error
-3313.811
-1285.369
-79.34
671.514
1055.132
1028.398
891.313
-90.597
-3272.506
-5144.064

As shown in the results in Table I, Table IV and Table VI,
when correlation coefficient is taken into consideration,
Multilayer Perceptron method achieved the highest
forecasting accuracy. Multilayer Perceptron method also
achieved the best performance in terms of Average Absolute
Error, Root Mean Square Error, Relative Absolute Error and
Root Relative Squared Error. Since it is important for the
utilities to forecast future energy demand and act based on the
results of forecasting, forecasting methods are valuable tools
for the planning processes of the utilities [9]. Therefore, as
proved in this paper, using long-term forecasting the utilities
can determine the best time, size and location to build new
generating plants.
III. CONCLUSIONS
The energy sector in Turkey is changing rapidly and the
prospect of demand forecast is increasing rapidly. In order for
electricity to be available in a quality, continuous and costeffective manner for the end users, future investments must be
made, maintained and renewed by forecasting future demands.
Long-term electricity load forecasting has both technical and
commercial implications and if it is not realized properly, it
may lead to inefficient operation and bad planning. The
accuracy of the long-term electricity load forecasting is
critical for both the utilities and the consumers. Therefore, the
forecasts should be based on accurate data and best
forecasting practices and kept on adjusting based on all the
factors that affect the way consumers use the power.

In this study, it was aimed to estimate long-term electricity
demand in Turkey. The results of our performance evaluation
showed that the methods proposed in this paper are practically
applicable for long-term electricity load forecasting and the
areas with high or growing demand, where the utilities need to
build new generating plants, can be successfully determined.
The aim of possible future work of this study will be to reduce
the errors in estimations.
REFERENCES
[1]

[2]
[3]
[4]
[5]
[6]
[7]
[8]
[9]

S. K. Panda, A. K. Jagadev, and S. N. Mohanty, “Forecasting Methods
in Electric Power Sector,” International Journal of Energy
Optimization and Engineering (IJEOE), vol. 7, no. 1, pp. 1-21, 2018.
doi:10.4018/IJEOE.2018010101
H. K. Alfares and M. Nazeeruddin, “Electric Load Forecasting
Literature Survey and Classification of Methods,” International
Journal of Systems Science, vol. 33, no. 1, pp. 23-34, 2002.
https://www.cs.waikato.ac.nz/ml/weka/
C. W. Chase, Demand-Driven Forecasting: A Structured Approach to
Forecasting, Second Edition. John Wiley & Sons, Inc., 2013.
J. B. Guerard and E. Schwartz, Regression Analysis and Forecasting
Models. In Quantitative Corporate Finance. Boston, MA: Springer,
2007.
X. Yan and X. G. Su, Linear Regression Analysis: Theory and
Computing. River Edge, NJ: World Scientific Publishing Co., Inc.,
2009.
M. –C. Popescu, V. E. Balas, L. Perescu-Popescu, and N. Mastorakis,
“Multilayer perceptron and neural networks,” WSEAS Trans. Cir. and
Sys., vol. 8, no. 7, pp. 579-588, 2009.
I. Steinwart and A. Christmann. Support Vector Machines (1st ed.).
Springer Publishing Company, Incorporated, 2008.
S. Sivanagaraju, Power System Operation and Control. India: Pearson
Education, 2009.

A New Framework for Online Recommendation
Systems Based on Open Approach Feedback
Mohammed Q. Shatnawi*,Qusai Abuein+, Omaimah Alzoubi*
#

Faculty of Computer and Information Technology Jordan
University of Science and Technology
mshatnawi@just.edu.jo , obalzoubi@cit.just.edu.jo
+
Computer Information Systems Department, Jordan University of Science and Technology Jordan
qabuein@just.edu.jo
Abstract— On the Internet, where the number of choices is
overwhelming, there is need to filter, prioritize and efficiently
deliver relevant information in order to alleviate the problem of
information overload. Recommender systems solve this problem
by searching through large volume of dynamically generated
information to provide users with personalized content and
services.
The purpose of this project is to design a new recommender
system. The proposed system has changed the way inanimate
websites communicate with their users rather than providing a
static experience in which users search for and potentially buy
products. Feedbacker increases the interaction to provide a
richer experience by making use of different sources of
information for providing users with predictions and
recommendations about items and services.
This research has achieved promising results comparing with
other applications in terms of its Impact on service quality and
its impact on customer behaviours. Based on the explicit user
input regarding their interests in the Feedbacker service and
based on the collected data in studying customers behaviours it is
found out that the system serves as a compass for researches and
practices in the field of recommendation systems. It has
approximately achieved 80% of the feedback process success and
approximately 60% of the CRM success.

Internet exhaustively and wasting your time and effort. The
proposed system provides an
efficient and accurate
recommendation techniques by trying to balance factors like
accuracy, novelty, disparity and stability in the
recommendations.

A. Closed loop feedback
Closed Loop is a popular term for customer feedback
programs. It is about implementing a formal process whereby
customer feedback is used to drive change in the company in
order to improve customer feedback and then repeat this
process in a form of a cycle. [4]
A Closed-loop Control System is a system that uses the
idea of an open loop system as its forward path but has one or
more feedback loops or paths between its output and its input.
In other words, a “closed-loop system” is a fully automatic
control system in which its control action being dependent on
the output somehow some way.

Keywords— recommender, Feedbacker, social, media, e-buisness

I. INTRODUCTION
The recent growth in the available amount of digital
information and the number of visitors to the Internet have
created a potential challenge of information overload which
obstructs the timely access to items of interest on the Internet.
Recommender systems are used to solve out these challenges.
It’s defined as a “decision making strategy for users under
complex information environment” [1]. Also, it is defined
from the perspective of E-commerce as “a tool that helps users
search through records of knowledge which is related to users’
interest and preference” [2].
The author of [3] said that “the accuracy of
recommendation depends on the quantity of ratings provided
by the user, The only shortcoming of this method is, it
requires effort from the users and also, users are not always
ready to supply enough information.”
The proposed system has a new advantage as a site where
you get a feedback that increases the level of trust in every
place and product you are looking for without searching the

Fig. 1 steps of closed loop feedback

The three steps of the closed-loop feedback are: Collect
customer
feedback data from relevant channels, make changes based
on the data, and follow-up on changes by communicating with
customers and employees where all are shown in figure 1.
The primary advantage of a closed-loop feedback control
system is its ability to reduce a system’s sensitivity to external
disturbances. on the other hand, in order to provide the
required amount of control, a closed-loop system must be
more complex by having one or more feedback paths.
Moreover, if the gain of the controller is too sensitive to
change in its input commands then it can become unstable.
The controller tries to over-correct itself, and eventually
something would break. Therefore, we need to “tell” the
system how we want it to behave within some pre-defined
limits.
The survey used in a closed-loop program focused only on
asking questions that can be acted on. A traditional
satisfaction survey will aim to gather measurements for things
the company cares about (e.g., staff friendliness, cleanliness,
or check-out speed), but open-loop customer feedback
program will lean toward more open-ended questions that
delve into things the customer cares about. [5]. this approach
makes sense in the market research thinking. It is statistically
accurate, high-level, and shows trending data – all things
market research likes. But in the age of the customer this
“close-loop” system isn’t working. Customers expect that if
they take the time to provide personal feedback then the
company should take the time to provide personal follow-up.
II. RELATED WORK AND DISCUSSION
Recommender systems is relatively a new area of research.
Researchers on this field have focused on two main research
areas, recommenders systems and
event-based social
networks.
Almost 80% of the recommendation systems on the web
specializes in making recommendations for movies and
music- related content. MovieLens is a website that helps
people in finding movies to watch, suggest tools for new
recommendation ideas depends on the opinions of the users
and their votes rate. MovieLens is similar to the feedbacker
with the idea of voting on the previous comment or
suggestions but might bother users throw moving in more than
100 [19].
Cyclopath is an editable map where anyone can share notes
about roads and trails, enter tags about special locations, and
fix map problems, making Cyclopath the most comprehensive
and up-to-date recommender information resource in the
world. It was a research platform at the University of
Minnesota but already have been shut down because it cannot
define the accurate information from users without verifying
their IDs which is common constraint of feedbacker. [5] [8].
Based on the current trend of business recommender
systems and according to a research carried out by Deloitte
and Touché customer-centric companies are 60% more
profitable than those don’t focus on the customer. There are

many online recommender systems direct their efforts to the
CRM and the common between them that they are using a
closed loop cycle approach.
INMoment, Clarabridge voice of the Customer tools a
cloud-based customer experience optimization platform,
offers multiple solutions including social reviews and
advocacy and employee engagement solutions as well as a
voice of the Customer (VoC) platform [5] [9].
Revoo offers assessments at a product level, instead of just
generic Web shop reviews. This software runs onsite on
product pages in order to show several reviews at product
level. Your visitors can choose to filter on the most relevant
reviews for a product. If they still have a question about a
review, they can ‘Ask an Owner. It’s the most common one
with feedbacker in its workflow process but it is a closely loop
and requires prolong steps to adopt [5][12].
Zarget Mouseflow Hotjar is a kind of customer feedback
systems that does a good job of measuring user interactions.
However, these insights are limited to the amount of users'
page views and they also often lack of the analysis and action
management area [13][14].
Feedbackify allows users themselves to create feedback
forms or they can use templates. Views all feedback received
in a dashboard in real-time as well as filter them by categories.
In addition, there is a need to copy the code they provide you
into your website’s and it requires Installation as well [5][10]
Kampyle's is another recommender application. One of
Kampyle's strongest points is its analytics tools. The
application integrates with Google analytics, Omniture, and
Nedstate, which offers better insight into how customers are
interacting with business owners' website. Kampyle also
integrates with Salesforce.com for the benefits of the CRM
functions [11][7].
After comparing the feedbacker with other existing
recommender system, the feedbacker outperforms other
systems by moving to a new open approach of the evaluation
and recommendation process.
With Feedbacker there is no need to downloading or
installation any device. It tries to balance factors like
accuracy, novelty, disparity and stability in the
recommendations. The Feedbacker also does not integrate
with any other websites and there are no steps you need to
take to adopt it. For example, just search for it using any
available web browser.
III. A NEW FRAMEWORK FOR OPEN APPROACH FEEDBACK
In this paper a new approach of feedback process is
proposed. a new widely recommender system that is primary
depends on open approach of all processes is built where
inanimate websites communicate with their users. The new
recommender system is built as a portal website where the
user can search, browse, receive or only get a feedback
without any process of buying, selling, and/or advertising.
The feedback is not the domain of managers and superiors,
nor it is limited to an annual ‘performance review’, which
inevitably turns the experience of receiving feedback into
something of a high-stakes. The Feedback can come from

anyone to anyone regardless of hierarchy or role as long as it
is relevant and constructive.
The main idea of the proposed system is to move to a
small-society that integrates the feedback process with a
method of users communication that we call it semi-social
communication. This process is done while maintaining
specific goals, limits, and restrictions through the method of
dealing with the system by making it only a system to develop
the feedback process.
Moreover, the proposed system relies on proving the
identity of the users then it segments them to predefined
segments. After that, each segment is classified further into
levels (e.g. level of education in an academic segment) for
which the evaluation scores will be based later. The user can
prove his identity by relying on their information that is stored
already in the database. The users' data is provided by the
adopter or by any party providing support for This kind of
data. Figure 2 clarifies the components of the Feedbacker.

the rate for each comment and automatically the system
Modify the reports to be prepared later .
This open approach includes three parties that actually
work together - the user, the adopter and the Feedbacker - all
converging into one area and interacting with each other
easily. The interrelation between them appears in figure 2
below.
As a user in the Feedbacker you can simply search for the
trend you are looking for and find a full page where you find
the score of the Feedbacker evaluation. Moreover, the
previous comments from other users are presented in a
filtering with the rating whether it is acceptable or not. The
identity of the user must be identified before providing a
feedback. The user also is classified to be add to the database
as an effective user and then can access the comment page
where he/she can add a comment or vote on the previous
comments without showing his identity to anyone.
The adopter/ sponsor of the Feedbacker can get many
useful features. For example, the logo may improve the
customer relationship management and increases the market
share. These positive effects will be gradually increased after
a short period of time of adopting the Feedbacker. To join and
become part of this system there should be a process of
several steps. The adopter will start to be evaluated by the
Feedbacker criteria and give a performance score. The adopter
will receive periodic reports from the Feedbacker which
includes a detailed report on the score and the percentage of
the comments and the rates. Moreover, the Feedbacker
detects the errors and guides the adopter towards corrective
actions.

B. Four characters are adopted in order to apply the open
approach successfully

Fig. 2 Feedbacker Context lock Diagram

A. Balanced Evaluation
The evaluation process focusses on the establishment of a
balanced evaluation not to evaluate the final service or
product. This means that the proposed system takes into
consideration the way in which the outcome of the final status
within predefined criteria. The evaluation process also
includes the process of dividing these criteria into different
segments according to the evaluation trend and the nature of
the entity to be evaluated for the establishment of the multi
criteria recommender system.
The comments in the Feedbacker are not presented, but
they are subject to filtering process based on the similarity and
content. This takes into account the nature of the content and
the voting rates for each comment. The voting process shows

1) global standards
Working on the web, which often entails working with high
levels of cultural diversity, business complexity, and within
virtual teams, means we are likely to get things wrong from
time to time. At the beginning we will assume things are
incorrect. The communication will be performed in a
confusing and possibly impolite ways. We will provide users
with a standard tool to use by everyone for the purpose of
being transparent in using the Web.
2) User-User recommendations
The proposed system provides a rating counter for each
filtering comment the user is voted to (e.g. accept, reject, …,
etc.).After that, the user can make his/her decision by
showing the number of accepted and rejected
recommendations, along with the total number of
recommendations. Users are ordered depending on the number
of accepted recommendations first, then depending on the
number of rejected recommendations, and finally depending
on the number of offers recommended.
3) Third party feedbacker

In perspective of the e-business, working as a third party
means improving the process of online buying and selling
product and/ or services.
To strengthen
consumers' confidence, we work as
"intermediate" between the online user and the service
provider. This is due to the benefits that the proposed system
can provide to the users to simplify the process of selecting
the product or the service. This process makes the selection
process more transparent in which the associated cost of the
selection process is decreased dramatically. Moreover, the
proposed system provide financial advices as well as other
product- or service- related advices.
feedbacker can have a major role in consumers’ searches,
choices and transactions and will lead to market expansion
and will strengthen competition between companies. Thus, the
system serves the customer to get more confident feedback
and supply the enterprises with periodic reports about the
ratings criteria that are reflected back for the benefits of the
enterprise.

Before finalizing the choice of criteria, the provisional set
needs to be assessed against a set of performance criteria, such
as: [14]
 Completeness
 Redundancy
 Operationality
 Mutual independence of preferences
 Impacts occurring over time
One of the most representative on multi criteria
Recommender Systems that of Roys [6] where the
methodology includes four steps when analyzing a decisionmaking problem as shown in figure 3:
1) Defining the object of decision.
2) Defining a consistent family of criteria
3) Developing a global preference model
4) Selection of the decision support process

4) Maintaining Users' Safety
Privacy of data is given a special insight because it is
every important issue when it comes to online transactions.
The privacy issues that are associated to gathering and
processing personal data are often underestimated or ignored
by different recommender systems.
The proposed system makes it very clear to the user about
how their data is collected, processed, and/ or transferred to
different parties. In addition, the proposed system get the user
consent when its data is going to be used for different purpose
other than the one that is collected for. The process of storing
the users' data is clarified to the users along with the lifetime
of such data.
IV. OBJECTIVES OF FEEDBACKER

Fig. 3 Roy’s methodology

A. Multi criteria recommender system
Personalization and customization are increasingly
considered important elements of the feedback process. To
achieve its goal must gain knowledge of the decision policy.
In recommender systems, the criteria may refer to multiple
features of an item or to multiple dimensions upon which the
item is being evaluated/rated.
criteria serve as performance measures for the recommend
process, they need to be operational. A measurement or a
judgement needs to specify how well each option meets the
objectives expressed by the criteria.
Furthermore, a question to be borne in mind in developing
the set of criteria is “Is it possible in practice to measure or
judge how well an option performs on these criteria?".
It can be helpful to group together criteria into series of sets
that are related to separate and distinguishable components of
the overall recommendation objective. This is particularly
helpful if the emerging decision structure contains a relatively
large number of criteria.

B. Balance evaluation process
Feedbacker allows the users
to provide valuable
contributions to be heard without the risk of a minority
dictating the future direction of the products or services to the
detriment of the silent majority, or the business objectives.
The proposed system creates a balance in the evaluation
process between the opinions of customers and the way in
which the work is performed. This section describes the
process that is carried out before a relationship is
recommended (or not) to a user.
To provide a recommendation, the system searches for
weak and evaluate them to give a sense score. This process of
evaluation mean that all actions and procedures that ultimately
result in the production of a good or service are written,
monitored and effectively applied. In addition, all resources
required to implement a comprehensive quality management
system to achieve quality objectives were utilized. In order to
create a balance evaluation process we start with initiate
evaluation plan that consists of several steps as follows:

1) A community assessment
A community assessment helps you determine the
information needs of the community, the community
resources that would support your recommend, and
information to guide you in your choice and design of
outreach strategies.
2) Make a Logic Model
A logic model is a planning tool to clarify and graphically
display how your activities are logically linked to the impact
you are willing to make with your recommendation .

that helps academicians in answering many academic-related
questions and use a number of queries that help in their
academic work performance.
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Abstract— Today, there are many psychological problems on
people. There are many different reasons underlying of these
problems. One of the encountered problems is the mental impact
of the weather on the persons. People are affected to negative
energy in closed and rainy weather while to positive energy in
open, clean and sunny weather. If the weather changes during the
day are determined, the person's psychological adverse impact
can be minimized. By using weather forecasting stations, it is
possible to inform the person about the submission of weather
information and psychological effects. Within the scope of the
study, an air station was realized to inform the users of the
weather forecast. At the station, the values from the temperature,
humidity, pressure and rain sensors were processed and
information, about the weather was given. Based on this
information, the outputs related to the effects of the air are given
to the user. Users are psychologically alerted according to weather
conditions.
Keywords— Raspberry Pi, Weather Forecast, Psychological
Effect, IoT, Sensor

I. INTRODUCTION
Global warming, which is one of the most important
problems of today, affects human life in many ways negatively.
Global warming brings with it many problems such as the
melting of glaciers, rising water levels in the sea, drought,
desertification, etc. The imbalance in the seasons is also one of
these problems. While weather conditions are changed within
the months at the previous years, today, it can change within
the hours. These changes also affect human life negatively [1].
Sudden changes in the weather can bring serious illness
problems for people. In order to combat such problems, it is
necessary to follow the weather on a daily basis.
It provides great convenience to users of mini air stations
developed to learn information about weather conditions such
as temperature, humidity, rain, pressure. Small weather stations
are used to obtain information related with weather condition
the help of their controller cards and various sensors. They can
also be called intelligent weather forecast stations [2].
The effects of weather on people can be very different.
Although the cause of this condition is not fully explained, the
effects of air on emotional states can be seen mainly as
physiological. For example, in extreme hot weather, body heat
is thought to cause discomfort by overloading the workload,
which causes intolerance and irritability. If can get information

about weather condition changes, this can help people to cope
with get rid of such adverse weather conditions [3]. This can be
with the help of small weather forecast station.
In this study, the data from the temperature, humidity,
pressure, rain sensors in the weather station are processed and
the information related with weather (sunny, rainy) is given to
the users. Thanks to this study, it is tried to reduce the effects
of weather on human psychology and to prevent the
psychological problems that may arise.
II. WEATHER FORECAST STATION
The weather forecast; is called pre-foreseeing work by using
subjective or objective methods based on observation and
analysis of meteorological events that can be seen in a time
zone in any country, region, city or center. Weather forecasting
operations consist of three parts; observation, analysis and
estimation [4].
In the observation, processes are carried out by means of
various methods and equipment for obtaining information, such
as temperature, pressure, humidity, cloudiness, evaporation, etc.
In the analysis processes, the ground level collected in the
observation process and observation data in the high
atmosphere are processed on the ground maps. In the estimation
processes, mathematical solutions are made to estimate the
future state of the air by means of equations expressing the
time-dependent and time-varying changes in meteorological
data such as pressure, temperature, wind direction and velocity,
rains, etc. [4].
Looking at the studies about the weather station, it seems that
there are studies in many different areas. Saini et al. [5] have
developed a weather station that allows weather data to be
monitored by transferring sensor data such as temperature,
humidity, pressure, wind speed and wind direction to the
computer-generated GUI via the zigBee wireless protocol. In
the event of a problem with the weather, warnings are given to
the user.
Sirohi et al. [6] make determinations about the weather
conditions of processing the values obtained from the
temperature, humidity and smoke sensors in each node in
systems where wireless sensor networks use. As a result, they
run automatic irrigation systems.
Jindarat et al. [7] have implemented a system that allows
control of the temperature of the cluster by considering the

humidity, temperature and weather conditions with the help of
a fan system placed in a chicken farm. The system is controlled
via smart phone.
III. PSYCHOLOGICAL EFFECTS OF WEATHER
Perhaps the lowest of the events affecting human psychology
can be seen as the weather condition, but according to the
statements made by the psychologist Ferahim Yeşilyurt, it
seems that this is not the case. Yeşilyurt has stated that people
are drawn to a reluctant, diminished energy, negative morale,
inward and pessimistic picture in closed, cloudy, rainy and
sweltering weather. He said, 'It is very important to pay
attention to the rhythm of life in order to reduce the adverse
effects of closed and rainy weathers on people'. It has been
stated that the psychological effect of such weather on humans
is manifested as low energy and low performance [8].
Yeşilyurt said about the effects of weather conditions on
people. "Open, clean and plenty of sunny weather affects
people positively and raises morale with energy increase.
Sunlight is important in stabilizing some chemical substances
on the human body. Especially in closed weather, there is a
change in the melatonin hormone balance. The hormone
melatonin, which starts to secrete in the evening, balances in
growth. When the air is closed, it becomes extremely tired and
drowsy" [8].
IV. MATERIAL AND METHODOLOGY
The working principle of the intelligent weather forecasting
station is shown in Figure 1. In the system, Raspberry Pi 3
controller card, DHT11 temperature and humidity sensor,
BMP180 pressure sensor and rain sensor are used. The data
from the sensors are transferred to users after being processed
in the Raspberry Pi 3 card.

showing in Figure 2. The card includes some hardware features
such as 1.2 GHz ARM based Cortex A-53 processor, 1 GB
DDR2 Ram, 4xUSB, 1xHDMI, 40xGPIO, DSI Display port
and CSI Camera Port [9].

Fig. 2 Raspberry Pi 3 Controller Board [9]

B. DHT11 Temperature and Humidity Sensor
DHT11 that the temperature and humidity sensor is an
advanced sensor unit that provides digital signal output. The
sensor, which is useful in terms of measurement quality, gives
balanced results when working for a long time. With a highperformance 8-bit microprocessor in it, the DHT11 sensor has
a resistive moisture measurement component and an ntc
temperature measurement unit. The single-cable serial interface
makes system integration quick and easy. There are four pins
on the sensor, which are "Power", "Ground", "NC (Not
Connected)" and "Signal Output". The DHT11 sensor can
measure temperature between 0°C and 50°C with a 2°C error
and humidity between 20 and 90% RH with a 5% RH. DHT11
sensor showing in Figure 3.a.

C. BMP180 Pressure Sensor

Fig. 1 Smart Weather Forecast Station Working Principle

A. Raspberry Pi 3
Raspberry Pi microcontroller cards were first introduced to
the market in 2009. In order to spread the use of internet and to
teach computer science in third world countries has been
developed by the Raspberry Pi foundation in United Kingdom.
Although Raspberry Pi microcontrollers are available in credit
card sizes, they can be used like a computer and allow many
hardware operations to be performed.
The Raspberry Pi 3 controller card, which is the third
generation of Raspberry Pi cards, is a controller card developed
for embedded system applications. According to previous
versions, it offers great advantages with the help of Wi-Fi and
Bluetooth, which are inside it. Raspberry pi 3 controller card is

The BMP180 is a very small sensor that is used to measure
pressure in many robots and electronic projects. By measuring
the air pressure, it gives a digital output value. This sensor can
measure pressure values between 300-1100 hPa. It also
provides information on altitudes between 500 and 9000 meters
[11]. Communication with RPi is via the serial communication
method I2C (Inter Integrated Circuit), which is a serial
communication unit. There are five pins on the sensor; "5V
Power", "Ground", "3.3V Power", "SCL (Serial Clock)" and
"SDA (Serial Data)". After the supply voltage and ground
connection has been made, communication can made via the
SCL and SDA pins. BMP180 sensor showing in Figure 3.b.

D. Rain Sensor
An analogue value can be read from the output of the sensor
according to the contact of the conductive lines drawn parallel
to each other with water. It can be used with many
microcontrollers, especially Arduino. There are three pins on
the sensor; "Power", "Ground" and "Analog Output" pins. After
the supply voltage and ground connection has been made,
reading from the sensor output can be done. Because of giving

both digital and analog outputs, it can be easily adapted to
different systems. Sensor sensitivity can be adjusted with the
help of potentiometer on the sensor [12]. Rain sensor showing
in Figure 3.c.

The block diagram of the air station system is given in Figure
4. Considering the working principle of the station, the analog
and digital data from the sensors in the system are processed
differently and the conclusions about the weather are made on
the results obtained. For example; If you want to write a rule
with values from DHT11 and BMP180 sensors, you can write
a rule such as "If the temperature is <20 oC, the humidity value
is 80% and the pressure value is <1013 hPa then it can rain".
These rules, which are determined according to the results of
continuous measurement, enable the users to be warned
according to the weather conditions. Smart weather forecast
station’s hardware structure is showing in figure 5.

Fig. 3 (a) DHT11 Sensor, (b) BMP180 Sensor (c) Rain Sensor

Fig. 4. Smart Weather Forecast Station Block Diagram

Fig. 5 Smart Weather Forecast Station Materials

V. TEST RESULTS
In order to check the accuracy of the values measured by the
station, the meteorological gauge weather values and the
measured values in the station were compared. As a result, it is
seen that the temperature and humidity values are close to each
other but a small difference occurs between pressure values.
The values measured in the air station are based on the
province of Bilecik and measurements were made on different
days. In Tables 1, 2, 3 and 4, the measurements made on
different days were compared with made by meteorology
measurements results.

TABLE 2. SENSOR MEASUREMENTS (02.01.2018)
Test Results
Meteorolgy
Weather Station

Temperature
7.7 OC
11 OC

Meteorolgy
Weather Station

Sensor Results
Temperature
Humidity
5 OC
% 57
2.5 OC
% 66

Test Results
Meteorolgy
Weather Station

Temperature
7.1 OC
10 OC

Sensor Results
Humidity
% 82
% 70

Pressure
1005 hPa
944 hPa

TABLE 4. SENSOR MEASUREMENTS (06.01.2018)
Test Results

Pressure
965 hPa
1028 hPa

Pressure
1010 hPa
949 hPa

TABLE 3. SENSOR MEASUREMENTS (04.01.2018)

TABLE 1. SENSOR MEASUREMENTS (25.12.2017)
Test Results

Sensor Results
Humidity
% 71
% 64

Meteorolgy
Weather Station

Temperature
5.3 OC
8 OC

Sensor Results
Humidity
% 99
% 83

Pressure
1015 hPa
956 hPa

Figures 6, 7, 8 and 9 show the output of the test procedures
performed at the weather station. During the tests, temperature,
humidity, pressure and rain values are processed and the
algorithm rules has written according to these values. The
psychological effect of the air according to the range of values
determined in the rules is showed to the user. For example; "If
Temperature: 25 oC, Humidity: 38 Rh, Pressure: 960.78 Pa
and No Rain then Weather Condition: Normal, Cheer up and
Motivating to Human Psychology".

country, meteorology also makes forecasts about weather
forecast in this way.
In this study, Raspberry Pi based mini weather forecasting
station was developed. The data obtained from the DHT11
temperature and humidity sensor, BMP180 pressure sensor and
rain sensors in the station are processed on the Raspberry pi 3
controller card and results are showed on the screen to users.
Data from sensors are used to make inferences about the
weather with the aid of rules established over specific value
ranges. The obtained results were compared with the daily
measurement results of meteorology based on the province of
Bilecik.
Some rules have been written to determine weather
conditions. These rules are based on the temperature, humidity
and pressure values used in predicting weather conditions. The
effects of weather on humans has determined as a result of the
researches carried out and the outputs added to weather
condition rules. As a result, it has been shown how users will
be affected by the weather forecast.

Fig. 6 Weather Condition and Psychologic Affect Output 1
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Abstract— The aim of this study is to implement mobile
application by using multiple image processing algorithms that
will help e-shopping platform users and fashion designers to view
cloth suggestions that are related to texture and color features.
This study mainly depends on the Hough Transform algorithm for
texture analysis and the Fuzzy Logic System for color analysis.
The developed mobile application system includes two modules
namely company and user module. The company module
performs color and pattern analysis of the uploaded actual cloth
images and saves the extracted properties into the database. The
user module allows users to draw sketches of the desired patterns
and color, and then the sketches are analyzed to get all desired
result from database. The database server responds to the user by
presenting search results containing the corresponding actual
cloth images. Drawing, analysis and submission of the actual
images are performed using the developed mobile application. The
application can perform texture analysis and detect several types
of patterns namely horizontal stripe, vertical stripe, plaid, pointed,
solid pattern (or pattern-less) and other patterns that are
classified as “Other Patterns”. In color classification process,
application can detect 30 different levels of 12 main colors.
Keywords— Mobile applications, Image Processing, Texture
Analysis, Color Classification, Fuzzy Logic

I. INTRODUCTION
In the recent years, the use of Artificial Intelligence
techniques in mobile applications has increased especially in
the field of image processing and computer vision. Image
processing algorithms in the e-shopping field through mobile
applications have found a wide range of usage such as matching
user’s requirements with clothes that are available on the
internet.
Several methods in image processing and computer vision
fields have been developed for cloth matching. However, most
of these applications built on the web, desktop and mobile do
not rely on images obtained from the user’s side.
Tian & Yuan (2010), proposed a method to help matching
colors and texture of clothes for the blind people. The matching
results were presented as audio outputs (sound or speech) to the
user as “color and texture matching”, “color matching”,
“texture not matching”, “texture matching and color not
matching” or “not matching of both color and texture”. The

color classification in this method was based on acquiring a
normalized color histogram obtained from each image of the
clothes in the bi-conic hue, saturation and luminance (HSI)
space. For texture classification, the authors utilized Radon
transform, wavelet features and co-occurrence matrix [1].
Anuradha & Ashwini (2016) proposed a system for cloth
pattern recognition for vision impaired people. This system was
integrated with a microphone to capture sound input, camera,
Bluetooth and an earpiece for the output signal. The system was
implemented using Hough line Transformation for the
detection of patterns and canny detection for the detection of
edges in the clothing pattern. The system was able to classify
patterns in the following main categories; plaid, striped,
pattern-less, horizontal-vertical and irregular patterns and
additionally identified 11 clothing colors [2].
Younes et al. (2005), proposed a HSV color model for color
classification based on the dominant colors being in the images.
Fuzzy logic was used to get the Hue (H), Saturation (S) and
Value (V) values from the images in the proposed model. In
this study, the main fuzzy set of colors was built corresponding
the seven colors of Newton and color pink and color cyan that
are included in the rainbow color set [3].
Cheng & Liu (2008) developed an application for web and
mobile platforms. This application was developed mainly for
working as a virtual fashion assistant that provides advice and
suggestions to the users on the usage of clothing. It also assisted
users to avoid buying clothes that were never worn. This
application was built by using digital image processing
techniques like edge detection and color histogram to obtain the
essential clothing data. The authors applied fuzzy theories for
fashion matching rules of clothing [4].
Azmi et al. (2010) proposed a study that was focused on
RGB color model. The RGB color of an object was classified
by using fuzzy logic according to data given by an analog
sensor. The RGB color model is an additive color model in
which red, green and blue light are added together in various
ways to reproduce a broad array of colors. They defined 15
rules for the classification of colors [5].
Modern mobile applications are currently able to provide
suggestions to users depending on what he/she has in his/her
wardrobe. In this case, the application tries to allow the user to
collect data for clothing by depending on patterns and colors

that the user thinks as appropriate regardless the shape of the
clothes.
In this study, a mobile application that works by allowing
users to draw a simple sketch through their mobile phones for
the desired pattern of cloths that would be included the search
result is proposed. The application analyzes the drawn pattern
depending on the texture and colors of his/her drawn sketch.
The developed mobile application is built to implement a fuzzy
logic system using the HSV color space for color classification
and Hough Transform Algorithm for texture classification and
runs on Android operating systems with two main modules.
The first module presents an interface to the user while the
second part presents the cloth company with an interface to
submit cloth images. The application works by analyzing
texture and color from an uploaded actual cloth image from the
company module and a drawn sketch image from the user
module.
The proposed system allows actual cloth images to be
uploaded and analyzed for obtaining texture and color
properties before submitting the extracted properties to the
database for storage. A user interacts by drawing a desired
pattern and color. The sketch is analyzed and the extracted
properties are used to query the database for appropriate
matching cloths. Currently, the system can automatically detect
about 5 patterns and 12 colors.

II. MATERIALS
The developed mobile application is tested using 285 images
for the company module and 64 drawn patterns for the user
module in this study. The cloth images are taken from a largescale fashion (Deep Fashion) dataset [6]. Coding is done using
Android Studio [7] since the program would be run on Android
platforms. OpenCV library [8] and JavaCV library [9] are used
for the implementation of the image processing algorithms. The
Palette library [10] and JFuzzyLogic library [11] are used to
develop a fuzzy logic system for color classification. Finally,
the Hough Transform Algorithm is used as main algorithm to
detect texture of images for texture analysis.
III. METHODOLOGY OF ANALYSIS AND MATCHING PROCESS
The developed application contains two modules. The first
module presents an interface for the users to draw sketches
while the second module is used by the company to upload
cloth images. Both modules depend on the results of the color
and texture analysis and matching process with the contents of
database on the server as shown in Fig. 1.

A. Analysis Process
Analysis of the application has been done for the user and
company modules. The user module analysis is performed after
the desired pattern image is drawn. Color and texture analysis
is performed to determine the main characteristics of the
clothes. The second analysis is performed for the company

module after choosing a cloth image from gallery of the mobile
application. The main characteristics of the images are then
stored in database for a matching process.
 Color Classification
The proposed color classifier is based on fuzzy logic for
HSV (Hue, Saturation and Value) color model. The
Fuzzy Logic System can be defined as a nonlinear
mapping of an input data set to a scalar output data. A
fuzzy logic system consists of four main parts namely
fuzzifier, rules, inference engine and defuzzifier.

Fig. 1 Main workflow of our mobile app

The application receives the submitted sketch image and
implements the fuzzy logic by using Palette library in
android. Palette is a helper class to extract prominent
colors (Vibrant, Vibrant Dark, Vibrant Light, Muted,
Muted Dark, and Muted Light) from an image [10].
After determining the previous colors (not all of them
but at least one of them), Palette gets the HSV code for
each one. These codes will be entered to the fuzzy logic
system to decide whether the codes are related to the 12
main colors with 30 different levels.
HSV color space depends mainly on Hue value to
determine the main color within 9 main colors; red,
orange, yellow, green, cyan, blue, purple, magenta and
pink. Saturation and Value values affect the degree of
how close this color to White, Black and Grey levels as
shown in Fig. 2. The proposed color classification is
similar to the HSV color model and fuzzy logic
proposed by [3]. The developed application uses this
model by taking the same H values (red, orange, yellow,
green, cyan, blue, purple, magenta and pink) in this
study.

The extracted H value obtained from the given code of
Palette is between 0 and 360 degree. This value is
normalized to a new value between 0 and 255, regarding
to the proposed fuzzy model in the previous study [3] in
which the same normalization is used for the H value.
Hence the S and V values are obtained in a small range
between 0 and 1, these values are converted to 100%
percentage scale to satisfy the proposed model. Finally,
the previous values of S and V are checked to decide if
the extracted code is close to black, grey, and white or
not. If yes, then the color will be black, white or grey. If
no, then the extracted code will enter to the fuzzy logic
system.

8.

If S > 10, then enter the fuzzy logic system to
find the color.

In this study, the fuzzy logic system is divided into 2
steps. The first step is done by evaluating S and V value
with reading inputs as Light, Medium and Dark for each
one depending on the rules summarized in Table I.
Table I . S and V Fuzzy Logic Rules

Rule
1
2
3
4
5
6
7
8
9

S
Light
Light
Light
Medium
Medium
Medium
Dark
Dark
Dark

V
Dark
Medium
Light
Dark
Medium
Light
Dark
Medium
Light

SV Output
Dark
Medium
Light
Medium
Medium
Medium
Dark
Medium
Light

In the second step, the output value obtained from the SV
model (Dark, Medium, and Light) is taken and supplied
as input to the second fuzzy model of H and SV value.
The 9 values for the H input (red, orange, yellow, green,
cyan, blue, purple, magenta and pink) and 3 values for
SV are made available. As a result, the fuzzy model has
27 color rules to classify each H to three classes (Dark,
Medium or Light) depending on the built rules.

Fig. 2 The HSV Color Space [12]

The supposed range in this study depends on the human
vision of colors to determine which color is closer to
black, white or the gray scale. The steps for performing
this check include the following:
1.

If V <= 15 then V = 0

2.

If V >= 85 then V = 100

3.

Otherwise, the V value will be the same as the
normalized value.

4.

If the new V = 0 then this color is Black.

5.

If the new V = 100 then this color is White.

6.

Otherwise, check S value to decide if it is still
in the grey level or it should enter to the fuzzy
logic system.

7.

If S <= 10 then:


If V = 0 then the color is Black



If V = 100 then the color is White



Otherwise, the color is Grey

Finally, the classification colors of image can be
classified into 30 colors depending on HSV code. To
build this model in java for Android, JFuzzyLogic
library is used.
 Texture Classification
The cloths are classified into stripped pattern, plaid
pattern, pointed pattern, solid pattern (pattern-less) and
other patterns as shown in Fig. 3.
a) Stripped Pattern(Horizontal/Vertical):

b) Plaid Pattern:

c)

Pointed Pattern:

d) Solid Pattern:

e)

application sends the results to the database server for
saving purposes through the company module. The user can
then create his/her drawn pattern and send it as a request to
server to find all matched results. The server compares the
drawn pattern with the saved image data and responds to the
user with all matched results that are displayed on mobile
application for user. Sample of screenshots which are taken
from application are shown in Fig 4. For example, if user
selects red and white as colors then drawn a plaid pattern,
application will send request with this data to server to get
all possible result for the selected colors (red and white) and
detected drawn plaid pattern. At the end, the user will get
the result on mobile screen as shown in Fig. 4.

Other Patterns:

Fig. 3 Types of Patterns: a) Stripped Patterns. b) Plaid Patterns. c) Pointed
Patterns. d) Solid Pattern. e) Other Patterns.

The texture classification process in the application is
applied using the drawn patterns given by the user and
the cropped image part from the chosen image in
company module.
Texture classification analysis process depends on
multiple algorithms so as to arrive to the desired
classification of patterns for the mobile application.
OpenCV library is mainly used to complete this task
correctly on the mobile platform [8]. The process starts
by detecting solid patterns. If the extracted color in the
color classification step is only one color then the system
directly assumes that the pattern is a solid one. Hence,
there is no need to make any further texture analysis.
Otherwise if it has more than one color then the image is
converted into gray scale mode. The Canny Edge
Detection algorithm is applied to detect edges in the
image [13]. The application depends on Hough
Transform algorithm to detect stripped patterns. Further
analysis on the result of the matrix of this algorithm helps
to decide whether the pattern is a horizontal or a vertical
strip. Hough Circles from Hough Transform algorithm
finds how many circles are in the image. To detect plaid
patterns, the application tries to find any intersection
between horizontal and vertical lines that make a square
or rectangle shapes so as to decide if this pattern is plaid
or not. Finally, the application can detect about 5 types
of patterns; horizontal stripped, vertical stripped, plaid,
pointed and pattern-less. All other patterns are classified
under the “Other patterns” category.

B. Matching Process
The color and texture analysis processes present an
extracted color and a pattern from the images. The

Fig. 4 A screenshot from the android application after a pattern is drawn to
get a search result

IV. EXPERIMENTAL RESULTS
The application utilizes images from the DeepFashion
dataset [6] to complete testing in company module. 285 images
of size 750 x 1101 pixels for men and women in different
categories having different patterns and colors are selected. The
user module is tested by using 64 drawn patterns on the mobile
application. The developed mobile application doesn’t care
about the category of cloth and focuses only on patterns and
colors of clothes for completing classification process.
A. Analysis Process Results
Color and pattern classification testing is done on 75 images
with stripped pattern (53 images lined horizontally, 22 images
lined vertically) with different colors, 40 images with pointed
pattern, 100 images with plaid pattern and 70 images with no
patterns. Accuracies of the pattern classification process
obtained from the company module of the application are
summarized in Table II.

Table II. Result of texture classification in company module

Type of
pattern

Total
Number

Success

Fail

Accuracy

Stripped
Horizontally

53

45

8

85.9%

Stripped
Vertically

22

19

3

86.4%

Plaid

100

93

7

93%

Pointed

40

34

6

85%

Solid

70

64

6

91.4%

In the user module, the testing is done on the 64 drawn
patterns (16 Horizontal Strip, 10 Vertical Strip, 16 plaids, 22
pointed). User module accuracies of the pattern classification
process are summarized in Table III.
Table III. Result of texture classification in user module

Type of
drawn
pattern

Total
Number

Success

Fail

Accuracy

Stripped
Horizontally

16

13

3

81.25%

Stripped
Vertically

10

8

2

80%

Plaid

16

15

1

93.75%

Pointed

22

20

2

90.91%

Fig. 5 Result of color and pattern analysis in company module of application

Sample results of testing color classification capability of the
system are shown in Fig. 5.

B. Matching Process Results
The matching process in the application is done after the user
submits the drawn pattern and features of the cloth desired.
Testing is done on 20 sample requests from the user module to
see the rate of matching between the desired pattern, colours
and the actual images in the database. Fig. 6 shows one sample
from the results of these requests when user draws a pointed
pattern and selects blue and white as colours.

Fig. 6 Result of color and pattern analysis in user side of application

V. CONCLUSION
This study is developed as an Android mobile application
having 2 main modules; user and company modules. The
company module performs color and pattern analysis of the
uploaded actual cloth images and saves the extracted properties
into the database. The user module allows users to draw
sketches of the desired patterns and color, and then the sketches
are analyzed to get all desired result from database. The
database server responds to the user by presenting search
results containing the corresponding actual cloth images.
Results show that this application can detect 5 types of patterns
and 30 levels of 12 main colors. After drawing the users desired
pattern, they can get all the matched image result on their
mobile phone. The results in this application have been
achieved for a mobile-based search engine of cloth images
based on drawn patterns.
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Abstract— Most organizations nowadays are primarily interested
in incorporating the social network sites (e.g. Facebook, Twitter,
Instagram, …, etc.) into their structure which turned the social
media users into customers. The social media has become
extremely rich in content, which become a target for further
analysis trying to find out not only its extrinsic content but also
its intrinsic content. Consequently, this leads to discover more
knowledge, effects and opportunities for the business and its
users.
This study aims to recognize the impact of using social networks
by the business and their effects on enhancing the marketing
benefits and the relation with customers' buying behaviours. The
case study is performed targeting the Facebook users in the
country of Jordan. Users might get influenced by each other are
might be effected by comments and posts. These relations and
many others will be addressed in this research. This study
focuses on finding famous sellers and buyers in Jordan market
and what factors contributed to their success of failure. The
factors that are related to the social media will be considered
only. Another important aspect that is considered in the analysis
of this study is to predict the future trend of companies as well as
customers.
The findings in this study indicate that user's interaction is
increasing with Facebook shop's pages and are also influenced by
others to ease their decisions to buy online through social media.
That gives an important indication for business to pay attention
to social media so as to be used in their business trying to find
opportunities.
Keywords— social networks, purchase behaviour, Facebook,
Twitter, posts and comments

I. INTRODUCTION
The availability of the Internet at any time has facilitated
using social media by the users. Despite the criticisms and
negatives that accompanied the emergence of social networks,
but the benefit and assistance achieved by its users proved its
importance and usefulness to all its users, individuals and
organizations.
Social media provide a virtual space for users to
communicate through the Internet, the internet enables
businesses to reach a worldwide customer population, so that
customers can survey, select, and purchase products and
services from businesses around the world.
"Consumers are influenced by psychosocial characteristics
like: income, purchase motivation, company presentation,
company or brand's presence on social networks, demographic

variable (age, sex, disposable income etc.), workplace method
of payment, type of stores (online or physical), etc." [1]. Also,
consumers have the power to impact other buyers through
reviews of products by using social media, since the most
fundamental characteristics of social media networks is
homophile; i.e. user tends to be similar to their connected
friends [13].
This paper provides a literature review about the impact of
social networks on the decision to purchase in the social
media users. The aim of this research is to investigate how the
people online purchasing in Jordan are influenced by using
Facebook and to predict the future trend of companies as well
as customers (users).
Facebook enables companies to use many services for
contacting and communicating with their customers [11].
Facebook has an interesting tool for companies which known
as customers Fan pages. The company can put all its
information, advertise for its products and encourage
customers for providing comments and feedbacks [k, L].
A vast amount of measurable useful data produced by the
social media to analysts and marketers; their goal is to monitor
and analyse behavioural targeting and marketing performance
indicators, rendering these data effective [16]. To do that, a
software called Facepager used to extract information from
Facebook and analysed to generate results.
This paper is organized as follows: section two is a
literature review for the previous studies which shows how
social networks influence user behaviour in online purchases.
Section three describes the method and the process of
collecting and analysing information. Section four describes
the results. Finally, section five contains the conclusion and
the future works.
II. LITERATURE REVIEW
Social networks are defined to be websites which link
millions of users from all over the world with same interests,
views and hobbies [1]. Users communicate and share ideas
about a given product, service, or brand and contact other
consumers. Increasingly, consumers are looking at websites,
as well as the habits and behaviors of peers before making a
decision on a purchase or in selecting a type of
entertainment[2].

The pre-purchase phase affects a lot of customer opinion,
especially through social networking sites. These sites provide
the customer with a reason why they need a product through
attractive advertisements, provide them with facilities to
obtain products in a short period of time and provide delivery
services. A study was conducted on a sample of residents of
Nairobi [9]. This study proved the impact of pre-purchase
phase on the customers buying process.
There are many factors influencing the customer's behavior
to buy through social networking sites such as Facebook,
Instagram, Twitter, etc. The research proposed in [3] found
that the marketers can encourage customers to share positive
experiences on social media and they can complain and make
concerns on official web pages of the company. The social
media users seem to trust reviews on social media and the
study found that the reviews from strangers and friends are
almost equally trusted.
Another factor that has an impact on customer's decision is
the purchasing process by the customer. The study in [4]
found that the various stages of the consumers’ purchasing
decision making process have a different influence by the
social media. "The influence was more on information post
purchase stage, followed by purchase decision stage". The
study also highlights implications for marketers that have the
opportunities to seize the power of influence of Social Media.
Due to the widespread of social networking sites,
organizations have taken advantage of these sites to market
their products and offer them to the consumers faster by
placing advertisements to attract the attention of customers.
The consumers view the online advertisements to keep
themselves aware of the new products/services; also they seek
opinions about products/services via social media. By
checking likes and dislikes consumers analyze the past
performance of product/services via social media [6]. Authors
in [15] argued that implementing fuzzy like on advertisements
will help the social network users to see the advertisements
that they like and not get bored with advertisements that are
not interested in.
The proposed method in [8] shows that trust in social media
significantly affects intention to buy. Consumers are more
likely to buy through social networking sites if they trust in
vendors by their friends, and also to trust in the social site
itself.
One of the most factors that influence the consumer buying
process is the post purchase actions like complains about the
products bought [7], the consumers complain in different
ways. They talk to their friends or complain directly to the
company; also they can comment on social media regarding
that product. Some of them just don’t buy the product
anymore instead of complaining. The authors concluded that
the social media do impact the consumer behavior, and that
this is also comes at the benefit of businesses through
communication channels to offer better products and services.
International companies such as Samsung, Dell, HP and
others are keen to maintain their position and importance to
customers, keep pace with the wide spread of the Internet,
exploit it and expand the reach of their products. A study was

conducted on a sample of people to study the impact of the
Social Media on their purchase of Samsung electronic
products[10]. The study showed that with the increasing
number of users of the various communication sites and for
long periods of time had an impact on the purchase of the
products of international company like Samsung.
A case study of understanding the use of Social Media on
consumers buying decisions in Oman studied in [5]. The result
of this study shows that the most suitable Social Media site for
Omani consumers to buy their preferred product (Fashion)
online is (Instagram).
The study in [2] used a quantitative research design to
discover how social networks influence the consumer
behavior. The authors in this paper put a set of hypotheses, the
research question being explored and presented is allowed to
the researcher, the data evaluated and analyzed with respect to
these hypotheses.
Most of the studies conducted report that the social media
influences purchase decision of the users; however, a case
study is performed in this paper on a sample of social media
users in Jordan to prove its impact on their online purchasing
for products.
III. PROPOSED METHOD
The use of social network in Jordan has increased in the last
few years [12]. Facebook is playing an important role in
enabling Jordanian customers to participate in the business
area and enhance online shopping[11].
The main objective of this study is to demonstrate the
extent to which the social network site (Facebook) has
influenced the Jordanian consumer's purchase of products. In
this study the data about sellers and buyers are collected
through Facebook, analyzed and studied so as to achieve the
goal of the study and to investigate the impact of social media
on changing the behavior of users who aim to purchase online.
For Capturing and processing social media data Facepager
was used for fetching data from Facebook. The data are stored
in a local SQLite database and may be exported to CSV or
JSON [14].
Commercial pages are spread across Facebook when users
click the 'Like' button of that page. The number of people who
like a page is a positive sign that the products offered are
appealing to customers. In this study the value
'Talking_about_count' measured rather than the number of
likes (fans) for the pages because it is the actual number of
people who are engaged and interacting with that Facebook
page.
Facebook Posts are the main method used by Facebook
users and page administrators to post information or get the
customers' attention to their products. The post can be a
description about a particular product, a special offer,
announcement or a photo of a new product. The information
about such Facebook posts was collected, such as the number
of comments and responses, and if there was a response to a
specific comment posted by someone.
IV. 4. RESULTS AND DISCUSSION

A selection of commercial pages on Facebook have been
identified for the most famous shops in Jordan, which varied
between commercial markets, hypermarkets, beauty products,
children's toys, home furniture and electronics.
Figure 1 shows the 'talking_about_count' value for the
studied pages for a specific period of time. As the figure
depicted, the interaction of users with the commercial shops
on social media is increasing giving indication of the social
media on customer behaviour positively for both parties'
buyer and seller.
It is worth to mention here that buyers are influenced by
each other when interacting and buying from shops through
social media. That was clear from the comments details and
tags for each other's.

More studies and analysis are to be considered in addition
to collecting information from users through questionnaires is
to be conducted to improve this study and analyzed to
discover more knowledge about business in Jordan.
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Abstract— Computer Aided Design (CAD) programs are
developing day by day and offer fast and economical solutions to
the probable problems in real life. Progress in CAD programs has
taken place in construction technology as well as in all sectors.
With CAD programs, many alternative projects can be produced,
and the most economic, aesthetic and safe choices can be
preferred. Final decisions are made by making cost analyses
during preferences. Building foundations are the first structural
elements that take their own weight and all the building loads over
and transfer it to the ground. Depending on the characteristics of
the ground, the foundation may exhibit different depths and even
different characteristics depending on the climate and season.
Therefore, it is forbidden to make the foundation design
calculations and to give the construction permit without
examining the soil safety tests in our current regulations. Because
the slightest error to be made in the foundation design calculations
will causes great dangers which would avoid with serious costs
during or after construction of the building. If the foundation
layer does not provide the required strength properties, it is
necessary to consolidate the foundation and to place the building
foundation on a solid ground and to make static calculations
accordingly.
In this study, ground survey studies were carried out for a
building to be constructed in the central Meram district of Konya.
The static project of reinforced concrete of the building has been
prepared by CAD programs using the data obtained from the
ground survey studies and due to the great advantages provided
by CAD programs, different basic alternatives have been
calculated for the most economical and safe foundation
construction. As CAD program instantly gives framework,
reinforcement and concrete bill of all building structural systems,
cost analysis is done based on daily official prices and the most
suitable foundation type has been decided. The great advantages
of Computer Aided Design programs are significant both in terms
of time, economy and safety. Since 97% of the territory of our
country is located in the earthquake zone and at the same time a
huge population density is living in these regions, it is necessary to
make calculations according to the earthquake resistant design
rules and regulations which are continuously up to date. The use
of CAD programs to fulfill these obligations can provide both
economy and safety.
Keywords—Computer Aided-Design, Cost analysis, foundation of
the building, quantities, soil survey

I. INTRODUCTION
The foundation is the first carrier building element of the
building, which by its own weight, takes all the loads on it and
transfers to the ground. In other words, it is the feet that transmit
the burden of the column and the reinforced concrete curtain on
the bottom floor of the building to the ground surface.
Basements are constructed with various materials such as stone,
concrete, wood, steel, taking into consideration the soil surveys,
building loads, the shape of the building, usage purpose and
proper construction rules.
In order foundation structure to be robust, the ground to be
settled must be well examined, and the carrying capacity
calculations must be done well. After the building is
constructed, a corrupted damage in basement reveals
irrevocable troubles. Basement construction is one of the
important issue that must be well-analyzed [1, 2]. The fact that
the construction of buildings is both robust and economical is
one of the issues raised by the producer companies. Because
basement is left under the ground and not a visual building
element and there is no aesthetic case.
Computer Aided Design Programs have become
indispensable in today's world. CAD programs are used
extensively in construction projects and offer the most
economical solutions [3]. The CAD programs provide serious
fast and alternative economies in studies with intense labor [4,
5, 6].
In this study, three foundation alternative projects of a
dwelling built in the Meram, Konya were prepared. For each
foundation, framework, steel and concrete items were
calculated and the foundation cost of each case was calculated
by multiplying the items with the basic unit prices. It has been
recommended to choose continuous foundation which is the
most economic foundation in the 3 foundation types prepared.

II. MATERIAL AND METHOD

Effective ground acceleration coefficient

Durability of the foundation is forefront due to its being the
first structural element carrying whole building load and
transferring it to the ground and bear the earthquake waves
coming from the earthquake in a possible earthquake. Although
the foundation type differs according to the purpose of
construction, its strength is indispensable. Because of the
foundation studies for the construction of a two-story
residential dwelling in the Meram district of Konya, single,
continuous and Raft foundation analysis were carried. The
basement floor plan of the building is given in Figure 1.

Soil Parameters

Soil Type
Spectrum Characteristic Periods
Allowable bearing value
Coefficient of soil reaction
Soil Group

Material Science

Column
Beam
Slab
Foundation

0.10
Z3
Ta:0.15, Tb:0,60
14.00 tf/m²
1700.00 tf/m²
A
C20 - S420
C20 - S420
C20 - S420
C20 - S420

Rules and Regulations
TS500 (February 2000)
DBYBHY (2007)

With computer aided design programs as the first foundation
type, strip foundation acceptance is made and building system
analyzes are conducted. After obtaining the results that will not
cause any problems in the building foundations and the
concrete static project, the necessary quantity values have been
calculated by means of the CAD program. Figure 2 shows the
basic building application plan and 3-D basic view, and Table
2 shows the metric values.

Fig. 1. Basement floor plan of the building

In this study IdeCAD Reinforced Concrete Ver. 8.62 CAD
software version is used. All the structural general information
of the calculations belonging to the foundation survey reports
prepared and residential project are given in Table 1.
TABLE I

Fig. 2. Strip foundation application plan and 3D foundation image

Building general information
TABLE III

Building Location Information
Building City
Building District

Konya
Meram

Building Geometry Information
Number of floors
Building Height
Max. Floor Height
Max. Beam Span

3
9.00 m
3.00m
5.75m

Earthquake Parameters
Building importance
coefficient/factor [I]
Load-bearing system behavioural
coefficient [ X/Y]
Eccentricity ratio
Earthquake Region

1.00
4.00
0.05
4

Quantity Values of Continuous Foundation

Material Type
Formwork
Concrete
Steel

Amount
74.026
34.026

Unit
m²
m³

3.205

Ton

By using the computer-aided design programs and
secondly acceptance of raft foundation types is made, and
analysis of the building system was carried out. After
obtaining the results that will not cause any problems in the
building foundations and the concrete static project, the
necessary quantity values have been calculated by means
of the CAD program. Figure 3 shows the foundation

building application plan and 3-D basic view, and Table 3
shows the metric values.

2.1. Calculations of cost of building foundations
Quantities belonging to three different foundations types are
calculated by considering the Construction and Installation
Unit Prices published annually by the Republic of Turkey
Ministry of Environment and Urban Development. Acceptance
Exposures, unit prices, quantity of materials and necessary
calculations are given in Table 5, the total values are given in
Table 6.
TABLE V
Materials Exposure, unit prices and total amount

Formwork
(Y.21.001/03)

Foundation Type

Unit Price
(TL)

TOTAL
(TL)

Fig. 3. Planned Raft foundation Application and 3D foundation image

Strip Foundation

74.00

48.5

3589.00

TABLE IIIII

Raft Foundation

15.42

48.5

747.87

151.00

48.5

7323.50

Spread Foundation

Quantity Values of Raft Foundation

Material Type
Formwork
Concrete

Amount

15.42
50.394
4.970

Steel

Unit
m²
m³
Ton

With the Computer Aided Design programs, thirdly, spread
foundation types were accepted, and analysis of building
systems was carried out. After obtaining the results that will not
cause any problems in the building foundations and the
concrete static project, the necessary quantity values have been
calculated by means of the CAD program. Figure 4 shows the
building application plan and 3-D foundation view, and Table
4 shows the metric values.

Concrete
(Y.16.050/14)

Foundation Type

Unit Price
(TL)

TOTAL
(TL)

Strip Foundation

34

179.65

6108.10

Raft Foundation

50

179.65

8982.50

Spread Foundation

58

179.65

10419.70

Steel
(Y.23.014)

Foundation Type

Unit Price
(TL)

TOTAL
(TL)

Strip Foundation

3.13

3548.84

11391.776

Raft Foundation

4.97

3548.84

17637.735

Spread Foundation

3.55

3548.84

12598.382

TABLE VI
Overall costs of foundation types

Foundation
type
Strip
Foundation
Raft
Foundation
Spread
Foundation

Formwork Concrete
(TL)
(TL)

Steel
(TL)

Total
(TL)

3589.00

6108.10

11391.776

21088.876

747.87

8982.50

17637.735

27368.105

7323.50 10419.70

12598.382

30341.582

Fig. 4. Spread foundation Application Plan and 3D foundation image
TABLE IV
Quantity Values of Spread Foundation

Material Type
Formwork
Concrete
Steel

Amount

151
57.503
3.130

Unit
m²
m³
Ton

III. CONCLUSIONS
Because of the CAD supported analyzes, it has been
determined that the most economical and suitable foundation
type is the continuous foundation based on prepared static
projects and cost analyzes based on these project specifications.
These results are found according to the 2-storey residential
building construction and the ground survey values and the
current regulations determined by the experimental studies. It

is known that there will be differences according to different
ground types in different earthquake areas and to the purpose
of the building.
In this study, it has also been observed that CAD programs
can be used with great ease and safely both in project
preparation and in quantitative calculations.

[4]

[5]

[6]
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Abstract—Massive amounts of data are generated by social
media users for each second, such as posts, tweets, images,
and videos. Getting valuable information from this big data
is an important, interesting, and challenging problem in the
text mining area. Twitter data are analyzed with text mining
techniques to discover society agenda, trends, user behaviors,
and feelings. We proposed a text analysis method to determine
sentiments from tweets. Apache Hive and Apache Flume are
used to gather data stream from Twitter and store. Natural
language processing techniques are carried out to put the data
into meaningful context. After that classification model is trained
with data mining methods on the processed data. It carries out the
classification label as peoples opinion, such as positive, negative,
and neutral sentiments, using Twitters streaming data. We select
10 different automobile brands and collect tweets with hashtags
about these brands by using Apache Flume. Collected data
is preprocessed using TF-IDF, Bi-gram, and SVD metrics and
classification tree model is generated. The results are compared.
The experimental results indicate that the classification tree based
on SVD has the best accuracy. According to the different brands
model based on bi-gram is the most stable and performs with
the best accuracy. The results from the experiments indicate that
the model that uses Bi-gram could be used to address data with
complex behavior in the sentiment detection.
Keywords— text mining; sentiment analysis; big data; tweets
analysis; apache flume; bi-gram

I. I NTRODUCTION
Internet and mobile applications give new ways to human
interaction. Amid the previous decade, there has been an
exponential increment in the utilization of web-based social
networking, especially Twitter, Facebook, Youtube. They deliver a lot of data on the web. Twitter is one of the most
popular microblogging portals on the web. In addition, Twitter
is a communication platform globally from all over the world.
Since launched in 2006, it has been growing exponentially
with more than 500 million tweets per day (September 2015).
Furthermore, in the Arab world Twitter has a very popular
microblogging presence, with around 17 million tweets per day
as of March 2014 (Dubai School of Government) [1]. Tweets
can explain and find out what business opportunities are
available and thus become an effective factor for companies
to develop their services [2]. Because of its flexibility and
rapid tracking, exchanging messages on Twitter has developed
into one of the most important methods of human interaction.
However, there is a maximum length of 140 characters per
tweet which makes it challenging to detect sentiment from

such short and informal comment [3]. Data is collected from
Twitter through an Application Programming Interface (API)
accessible to Twitter developers [4]. Analyzing the massive
amounts of Twitter data helps us to discover useful patterns
and insights. Since Twitter generates huge quantities of data
every day, sentiment analyses can help us in marketing field to
research people’s opinions about a new product, for example
(movie, football team and automobiles), Election results and
An important political event with analysis sentiment about
users contentment, whether they felt positive or negative
about the topic [5]. Sentiment analysis for social media can
analyze the emotions of people in many variant areas such as
commercial products, quality, warranty, or pricing policy. It
can be applied with databases, mathematics, statistical, data
mining and text analysis algorithms.
Big data is a large and complex dataset that cannot be easily
addressed using conventional databases or data processing
tools. Some of the challenges include limit, storage, capture,
involvement, research, relocation, analysis, and imagination.
The big data from social media needs quick and active processing. Big data that must overcome capacity, processing, and
performance requirements are broken down into five categories
[6]:
• Volume: dataset of behavior.
• Velocity: dataset gathered from daily interaction in a rapid
stream.
• Variety: Homogeneous dataset; a single resource.
• Veracity: Data relation before analysis.
• Value: Assessed through searching for structures with a
machine learning algorithm.
TABLE I
BIG DATA CHARACTERISTICS [6]

Volume
Velocity
Variety
Veracity
Value

Big Data
Terabytes, records, tables, files
Batch, Real/near-time, streams
Structured, unstructured
Authenticity, availability
Correlations, statistical

Apache Flume is one of the Apache Hadoop big data
analytic projects developed in Apache platform, and collects
data streams and flows from big data resources with precision

and high-speed efficiency. The analytics in Hadoop projects
depends on Hadoop Distributed File System (HDFS) and
MapReduce technique. HDFS can provide big data storage
service and MapReduce provides parallel processing and aggregations of data [7], [8]. The growing amounts of Twitter
data can be collected and analyzed by Apache Hadoop tools.
In this study, tweets about automobile brands and models
are analyzed according to the users’ opinions. Tweets about
automobile models give quick feedbacks for companies how to
prepare for the unexpected situations. Automobile companies
can start applying real-time marketing principles to their campaigns and everyday consumer behavior. So it has huge importance among the community of social media users. A large
number of users discuss about cars with their feelings. The
classification tools with natural language processing (NLP) can
be used to process Twitter content. Training data is needed
to be collected and preprocessed first, and the classification
model learning process is executed next. The training dataset
is collected from Twitter first by using Apache Flume. In the
preprocessing step tweets are labeled as positive, negative or
neutral according to the data experts opinion. Preprocessing
step also includes natural language processing methods such as
cleaning, tokenization, and stemming, etc. The training dataset
includes 200 tweets for 10 different automobile brands, 2000
tweets totally. C4.5 decision tree algorithm is applied with
different metrics such as TF-IDF, Bi-gram, and SVD.

immense described effect. The given tests in the article show
its practicality.
III. PROPOSED FRAMEWORK
The aim of this study is to apply a new hybrid approach
of previous techniques and intelligent computational tools with
the performance of traditional lexicon and other methods. Data
is obtained and processed in three levels: data collection, data
persistence, and data mining. After that analysis are done and
results are compared each other.
In this study, the steps are grouped into 3 categories: data
collection, data persistence, and data mining as shown in Fig.
1.

II. RELATED WORK
Different researches have been done in text mining area
to determine the sentiments in unstructured texts. Utilizing
grammatical part-of-speech form highlights may not be valuable for the sentiment analysis in the microblogging domain
[9]. According to [10] data mining on Twitter can establish
a wide understanding of user opinions on any given topic.
This is where sentiment analysis is important. In the first step
of the analysis, there are two types of preprocessing steps,
such as tokenization and normalization. These steps clean
unnecessary words and transform text into structural form for
classification process [11]. Using Twitter sentiment analysis,
tweets are classified into two tasks and this analysis is more
accurate through a combination of words and tags [12].
The authors [13] applied text techniques to inspect consumer attitudes toward global products, according to their
opinion, Twitter could be used as a reliable tool in analyzing
attitudes toward global brands.
In addition, semantic patterns are a group of words that
share equal feelings, Naive Bayes, Support Vector Machines
(SVM) are used for social media text mining. These tools are
applied in order to give the labeling for the raw dataset, then
the model is used to categorize unlabeled tweets [13], [14].
Moreover, [15] propose another method and the semantics
of individual words are not taken into consideration. From
recent research, in [16] the strategy based on TF-IDF is
improved and joined with content gathering strategy for clear
division vector to stand out from ordinary TF-IDF and got the

Fig. 1. The Implementation Steps.

A. Data collection
TABLE II
T WITTER DATASET ATTRIBUTES .
id
user/screen name
created at
retweet count
text
entities
retweeted
geo
is quote status
quote count
in reply to user id
favorite count
lang

Tweet attributes
Unique tweet ID, as identifier
The user’s name
Date when tweet was created
Retweets Number
the tweet
hashtags #, user mentions
represent if another user tweet it
Location info
True/False field
The number of quotes
gives info whom it replied
Total number of favorite tag.
The user language

Tweets are collected using Apache Flume through the Twitter application programming interface (API) [17]. Depending
on relevant data to automobile hashtags from Twitter, 2000
tweets are gathered totally. The dataset obtained from Twitter

has 1828 different fields. Every field explains different attributes of that tweet such as retweet status, reply to, language,
location, user details, hashtag details etc. Some of them are
explained in Table II. From these various attributes, the text
field is the most important for sentiment analysis and we select
the text field and erase other unnecessary fields in our dataset.
B. Data persistence
Hadoop projects are specialized to collect and analyze big
data. Apache Flume from Hadoop is used to collect the
streaming data from Twitter. This process is given in Fig. 2.
In the next part collected data is classified and stored into
blocks in JSON format on the HDFS [18]. HDFS distributes
the files on different clusters and works as a reliable storage
system for Hadoop processes. Apache Flume takes streams
from Twitter and converts them into batch files with Flume
Engine where the data is processed in clusters. The obtained
raw dataset is a set of JSON files with semi-structured data
which is associated with a metadata and includes different text
attributes heterogeneously associated with semantics.

TABLE III
S AMPLE TWEETS FROM OBTAINED DATASET.
#
1

Sentiment Class
positive

2

positive

3

positive

4

positive

5

positive

6

negative

7

negative

8

negative

9

negative

10

negative

11
12

neutral
neutral

13
14

neutral
neutral

15

neutral

Twitter Message
True power shines through from any perspective. The
#BMW Concept X 7i Performance.
12 Cool Things About the 2019 Chevrolet Silverado
— Automobile Magazine
Bring new life to your #GMTruck dash, all while
keeping the factory look. The new 9-inch i209-GM
Restyle System brings
The MotorWeek Drivers Choice Award for Best Performance Car is a double-win for @FiatChrysler NA,
with the @Jeep
Hyundai showcases worlds first self-driven fuel cell
electric vehicle.
no I’m proper upset about getting rid of my little Peggy
Peugeot what if I hate driving the new car? proper
dilemma.
Some things just look better dirty. #TRDpro #Tacoma
#4Runner #Tundra #TRD #CAS18CAS TRD Pro
Video
How Volkswagens Lost Purpose Cost Them $22 Billion
They sold me a demo car as new then the car blew up.
They did bubblegum chicken wire repairs on it then
Dear Nissan, Aerospace, Toyota, BMW, Land Rover:
if you are frustrated at UK govt for potentially carrying
out policies that
What is it th Volswagen?
Volkswagen Transporter VW T4 1991 project 1.9d Spring project for summer! - 0.01 (0 Bids) End Date:
Sunday Feb-1
Nissan reports nine-month results for fiscal year 2017
South Korea tops global innovation ranking again
while the U.S. falls
Mercedes-Benz unveils electric Sprinter van to come
to market next year

Fig. 2. Data Persistence Step Streaming Process of The Data Pipeline.

In data persistence step, the second level is the unified
storage layer. The dataset is stored in the oriented database
called Apache Hive. The storage layer is used as a data
warehouse to manage a large number of datasets that are
stored. The data is stored on HDFS after collecting with
Apache Hive.

•

•

C. Data mining
After data persistence step, the dataset is processed and
labeled manually as positive, negative and neutral feelings.
The dataset class distribution revealed is shown in Fig. 3. The
ratios are 39.5%, 11.9%, and 48.6% for positive, negative,
neutral feelings, respectively. The number of words used in
the text is given in Fig. 4. Some tweet examples from our
obtained dataset are given in Table III.
When text is preprocessed, it is converted into tokens
without a meaning. Preprocessing text methods are achieved
and the dataset is converted into matrix form before giving for
a data mining algorithm. In this preprocessing step, the steps
include:
• Removing numbers, symbols, and punctuation:
The numbers are supposed to be unnecessary in the
analysis step and removed from the text. Symbols and
punctuations are also removed. Punctuations and symbols
are noise in input.

•

•

Changing uppercase letters to lowercase: Words with
lower case or upper case are counted differently in a
case sensitive situation. Unfortunately they have the same
meaning in a sentence. Hence capital letters are converted
to their lower case.
Removing the stop-words: Stop words are useless words
such as auxiliary words, some conjunction words, adverbs
and pronouns. Stop words are common words that do not
carry any meanings. They should be also removed from
text in the preprocessing.
Stemming: This preprocess step operates on word roots.
If base form of words hase the same meaning, then they
can be analyzed as one term. Without stemming, they
can be assumed as different and unique words. Stemming
process is required to increase accuracy and reduce word
variants.
Tokenization: The tokenization step splits documents
into words with spaces. It aims to generate vectors for
documents that parsed into vector space.

Tokenized matrix is obtained after removing the unnecessary parts. We applied three methods and convert dataset
into 3 different forms, such as Term Frequency and Inverse
Document Frequency (TF-IDF), N-grams, and Singular Value
Decomposition (SVD).

•

Tri-gram: The size is 3 and triple words pairs are obtained
as subset from text.

P (w1 w2 ...wn ) = P (w1 )P (w2 |w1 )...P (wn |wn−2 wn−1 )
(4)
3) SVD: SVD is used in semantic analysis to reduce the
number of rows while preserving the similarity structure
among texts. It extracts the relations of the term matrix
between the texts.

SV D(X) = X = U ΣV T

In the expression, U part contains the eigenvectors of the
term correlations, XX T . V contains the eigenvectors of the
document correlations, X T X. Σ contains the singular values
of the factorization.
Latent semantic analysis (LSA) processes the dimensionality problem in the text analytics using a fraction of the
important singular values. It reduces dimensionality with a
great deal [21].
SVD is common in text analysis and represents data
in a high-dimensional format with diverging data in lowdimensional space. This method allows for the compressed
representation of long and reliable carriers. These are used
for data mining in the machine learning algorithms. There are
two types of SVDs full and reduced. We take the reduced type
[22].
The SVD projection for document d is:

Fig. 3. The Class Label Distribution in Our Dataset.

d = Σ−1 U T d
Fig. 4. Text Lengths Histogram.

1) TF-IDF: This metric measures the document’s terms
repetition based on words. The calculation is represented as
given in (1),
ωi (d) = q

T fi (d)log( nNi + 0.01)
Σ(T fi (d)2 ) × log 2 ( nNi + 0.01)

(1)

If a word has high frequency in the document, weight will
be also high in the text according to TF-IDF [19].
2) N-Gram: N-grams are a subset series of n sequential
items in a longer text sequence. Uni-gram, bi-gram and trigram are specialized names used in literature. N-gram allows
for an increase in the document-term frequency matrix based
on word order. It is used to increase text mining accuracy.
The next word’s probability is calculated with the previous k
words in n-gram [20].
• Uni-gram: The size is 1 and a single word is obtained as
subset from text.
P (w1 w2 ...wn ) = P (w1 )P (w2 )...P (wn )
•

(5)

(2)

Bi-gram: The size is 2 and double words pairs are
obtained as subset from text.
P (w1 w2 ...wn ) = P (w1 )P (w2 |w1 )...P (wn |wn−1 ) (3)

(6)

Decision tree (C4.5) classifier is applied to preprocessed
data and a decision tree model is obtained for the dataset. C4.5
is a powerful and popular tool for classification and prediction
in the literature [23].
Entropy is a measure of the homogeneity of a set of
examples. Depending on a set of positive, negative and
neutral examples of (the 3 class problem), the entropy of set
S relation to this binary classification is:
E(S)=
−P (P ) log 2P (P ) −P (N eg) log 2P (N eg) −P (N eu) log 2P (N eu)
(7)

In data mining step, users’ feelings in a specific tweet is
determined with classification tree. Sentiment analysis requires
two steps such as learning of a classification model and
testing of the classifier. In learning phase, the classification
model is trained according to an algorithm. In test phase,
unclassified tweets are classified and predicted classes are
compared with real ones. The tweets are evaluated and class
labels are assigned after the text is interpreted as being either
positive, negative or neutral.
Modeling and classification is applied on open source R data
analysis software. The program is used for text preprocessing,
data mining, and visualization steps. It contains libraries
that support data mining techniques and machine learning

methods, including data loading and visualization, such as
Classification and Regression Training (Caret), The quantitative analysis package of textual data (Quanteda), Simple
Network of Workstations (Snow), Parallel Adaptor for the
’snow’ Package (DoSNOW), Fast Truncated Singular Value
Decomposition and Principal Components Analysis for Large
Dense and Sparse Matrices (Irlba), Elegant Data Visualisations
Using the Grammar of Graphics (Ggplot2).
IV. EXPERIMENTAL RESULTS
The experimental results are obtained using 10 fold crossvalidation method. The code is configured to run on a server
using 3 logical core. 10-fold cross validation steps are repeated
three times, each metric is run 30 times totally. The decision
tree algorithm (C4.5) is used as classification model. The 30
results obtained from cross-validation methods were averaged
and given in for 3 different metrics.
TABLE IV
ACCURACY RESULTS FOR EXPERIMENTS.
No
1
2
3
4

Metric
DFM
TF-IDF
Bi-gram
SVD

Accuracy
54.9%
54.7%
54.7%
57.1%

Kappa
13.2%
12.9%
12.9%
22.1%

The results are given in Table IV. Comparison of the dataset
accuracy with different metrics, SVD is the best metric used
for a classification model.
The average accuracy results for each automobile brand in
our dataset are given in Table V and Fig. 5. As seen the
accuracies are between 45% and 73.6%. All of the metrics give
the best result for DODGE. The Data Frame Metric (DFM) has
71.2%, 48.6%, 56.2%, 66.9%, 50.1%, 64.8%, 63.1%, 55.9%,
47.6%, 45% for brands respectively, the best accuracy is 71.2%
for DODGE. The TF-IDF has 68.1%, 52.3%, 56.9%, 65.2%,
48.4%, 60.2%, 60.7%, 55.9%, 53.2%, 51.1% respectively.The
Bi-Gram has 73.6%, 52.3%, 56.9%, 65.2%, 48.4%, 60.2%,
60.7%, 55.9%, 53.2%, 51.1% test accuracies respectively and
the best one is for DODGE. The SVD metric has 68.4%,
48.2%, 57.7%, 66.5%, 53.6%, 61.7%, 53.4%, 48.5%, 51.6%,
47.8% respectively.
TABLE V
ACCURACY RESULTS FOR EACH AUTOMOBILE BRAND.
Car Model
Dodge
BMW
Jeep
Volkswagen
Toyota
Chevrolet
Mercedes-Benz
Nissan
Peugeot
Hyundai

DFM
71.2%
48.6%
56.2%
66.9%
50.1%
64.8%
63.1%
55.9%
47.6%
45.0%

TF-IDF
68.1%
52.3%
56.9 %
65.2 %
48.4 %
60.2 %
60.7 %
55.9 %
53.2 %
51.1 %

Bi-Gram
73.6%
52.3%
56.9 %
65.2 %
48.4 %
60.2 %
60.7 %
55.9 %
53.2 %
51.1 %

SVD
68.4%
48.2%
57.7%
66.5%
53.6%
61.7%
53.4%
48.5%
51.6%
47.8%

Fig. 5. Chart Line of High Accuracy in There Techniques.

V. C ONCLUSION
In this paper classification decision trees with 3 different
metrics are applied for modeling social media behavior on
Twitter. First obtained twitter messages are preprocessed and
converted with different metrics. Then, a classification algorithm is used to find classification model. This study compares
metric results on sentiment analysis techniques. This method
can help customers and industry experts to find useful insights
from social media content.
The proposed framework uses Apache Hadoop, Flume, and
Hive projects. Hadoop is used to store collected data. Flume
is used to obtain Twitter data stream, MapReduce is used to
organize the dataset.
According to accuracy results, Bi-gram gets the best results.
SVD reduces the complexity of dataset by obtaining the
decomposition matrices.
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Abstract— Service robots are systems that aim to think like people, interaction of the service robot with the people and the
have a learning-based system, interacts with people. Service contribution to human life is increasing day by day with
robots are expected to identify tasks, interact with the real world, developing technology [4-7]. There are many service robots
learn on their own, make inferences, and display appropriate developed in the field such as defence, cleaning, logistics,
behaviours as a result. Increased robot-human interaction has
medical, security, environment and so on. Service robots
brought about various problems besides convenience. For
example, a robot developed for the placement of products on the developed for the intended task are integrated with the
market shelves cannot understand some products adequately, so architectures, algorithms and capabilities and presented to the
may damage products and affect the seller in the negative application platform [8].
Service robots are intended to be used almost anywhere in
direction. Another example is that a service robot that carries out
the navigation process misdirects the user. As a result of incorrect the real world. As seen in Table I, these robots are divided into
routing, the user will not be able to reach the destination. A variety two parts of professional and personal robots in terms of the
of studies are made to find solutions to these problems and to usage areas [9].
develop service robots with better performance. In this study, it is
investigated what problems are encountered while service robots
are developed by searching the literature and what are the
algorithms presented as solutions to these problems. The
algorithms in the studies are compared and it is investigated which
of them gives better performance.

Keywords— Service robot, tracking, navigation, kalman filter,
detection, image processing, SLAM

I. INTRODUCTION
With the advancing technology, robots have had their own
decision making mechanism. Thanks to their increasing day-today autonomy, they have gained the ability to carry out tasks
given without human intervention [1, 2]. According to the
reports presented by the International Federation of Robotics
(IFR) in 2010, it is defined under two main headings as robots,
industrial and service robots. They are separated by differences
such as application areas, market data, and target users.
However, the most striking difference is that service robots are
autonomous, but industrial robots perform previously
scheduled tasks [3]. However, the most important difference of
service robots from industrial robots is that they have decisionmaking power without human intervention thanks to
autonomous structures.
Service robots are expected to identify tasks, interact with
the real world, learn on their own, make inferences, and display
appropriate behaviours as a result. Service robots are of great
benefit to human life an important place today which have with
their mechanical structures and advanced software. The rate of

TABLE I
CLASSIFICATION OF SERVICE ROBOTS

Personal Service Robots

Professional Service Robots

Entertainment robots
Toy/hobby robots
Multimedia
Education and research
others
Elderly
and
handicap
assistance
Robotized wheelchairs
Personal aids and assistive
device
others

Professional cleaning

Robot humanoids
Lawn-moving
Floor cleaning
Pool cleaning
others
Personal transportation
Home security

Other personal robots

Floor cleaning
Others cleaning tasks
Field robotics
Space robots
Mining robots
others
Inspection and maintenance
systems
Facilities, plants
others
Logistic systems
Cargo handling, outdoor
logistics
Others
Medical robotics
Defence applications
Underwater systems
Mobile platforms in general
use

II. CRITERIAS THAT AFFECT THE PERFORMANCE OF
SERVIS ROBOTS
In the scientific studies carried out and in the competitions,
various criteria which determine the performance of service
robots are emphasized. These criteria show that how well
robots adapt to real life. In addition, human-robot interaction is
considered as important criteria in measuring the development
of robots.
 Navigation is the ability to safely pass through obstacles
encountered while traveling from one location to another
to achieve the goal.
 Person tracking refers to the ability to track the position
of people in a certain area
 Mapping is to determine the boundaries of the
environment in which robots are located, thanks to
autonomous structures of robots.
 Object Manipulation is the ability to grip, move and
replace objects.
 Person recognition is determining and identification of
people in the environment.
 Object recognition is the perception and determine of
objects in the environment.
 Speech recognition is the ability to sense and interpret
commands given by people.
 Gesture Recognition is the ability to perceive and
interpret human movements.
 Cognition is the ability to dominate the environment,
perceive the location, and fulfil the user's wishes. In short,
it is a criterion for measuring the ability to adapt to the
real world [10].
Thanks to these features, they provide socialization by
adding humanistic behaviours to service robots. In addition to
the presence of service robots that carry all of these features,
there are service robots that carry a few of these features.
III. NAVIGATION AND TRACKING APPROACHES USED IN
SERVICE ROBOTS
The most important feature of humanoid robots is the ability
to make self-determination without the need for human
intervention robots can find solutions to obstacles in the real
world with these features. Thus, they can easily integrate into
human life [11, 12]. In this study, navigation and tracking
approaches are emphasized which are the criterions that enable
service robots to have humanoid thinking ability.

A. Navigation Approaches in Service Robots
Navigation is based on the data obtained through sensors and
on dynamically generated maps. People perform the navigation
process visually and intuitively. The producers thought it would
be useful to integrate this feature of the people into the robots
and they increased their work on it. In a study on this subject, a
grid-semantic mapping method is proposed for navigation of
service robot in a closed environment. The study consists of
four modules: an interactive module, a control module, a
navigation module and a mapping module. The Dijkstra

algorithm is used to calculate the road cost and reveal the road
plan. The particle swarm algorithm is used for real-time
localization of the robot [13]. Figure 1 shows the navigation
approach in their study.
Laser and
Odometry
Data

Grid Map

Coordinate

Grid Semantic Map

Particle
Swarm
Algoritm

Map

Localization
and Path
Planning

Dijktra
Algoritm

Fig. 1 Navigation approach in a literature study

Another study in the literature examined the long-term
evaluation of the robot called Sacarino. In study, the robot is
expected to develop its own abilities and interact with the
guests. A methodology based on continuous evaluation of a set
of measures for navigation and interaction with guests has been
used. Pathfinding application was performed using ultrasonic
sensors and a laser scanner. Algorithms have been produced for
trajectory planning, trajectory tracking, localization, safety and
special manoeuvres. There were also solutions to the problems
encountered in the real environment. For example, the laser
system for localization and the mapping system with odometry
data have been developed. However, it has been seen that this
is not enough for the changing environmental conditions and
the gyroscope sensor has been added to solve the problem [14].
In table 2, Sacorino and a robot which using a grid semantic
map are compared.
Robots were limited in their ability to move when they were
first produced. All obstacles in the area where the robot would
move were eliminated and smooth areas were provided. But in
the real world it is impossible to have such an area. Therefore,
"How to find solutions to obstacles?" studies are being
conducted to find answers. As is known, the operations on the
computer are performed according to the 0 and 1 logic. But with
the discovery of fuzzy logic, the revolution of computer science
has been realized. It is understood through the fuzzy logic that
computer science has not only two decision options. It has been
seen that the use of fuzzy logic in the robot world has widened
the range of decision making. For example, there is a study of
fuzzy logic used in the decision process of speech recognition
software developed for differentiating between voices [15].
In another study, robot is aimed to use fuzzy logic to take the
decision of obstacle-free road instead of the disabled road. Thus,
the decision making mechanism of the robot has been
developed [16]. In another study in the literature, a method has
been proposed that allows people with disabilities to navigate
without hitting anybody in the community. With this method,
communication is provided between the wristband that is
attached to the hand of the user and the service robot. A safe
zone is created for the user in the navigation process. When the
user goes outside this area, he gives a warning by vibration. In
the experiment performed in a closed environment,
environmental information was given to the service robot [17].

TABLE III

using the laser distance finder without performing the metric
localization process [21].

COMPARISON OF METHODS USED

Result
Obtained
Effective
recording
(application 1)
Successful rate
of localization
(application 1)

Approach

Algorithm

157/160
154/157

Successful rate
of localization
(application 1)

98.08%

Effective
recording
(application 2)

240/240

Successful rate
of localization
(application 2)

212/240

Successful rate
of localization
(application 2)

88.33%

A gridsemantic 
map for the
navigation 
of service
robots

Particle
Swarm
Dijkstra

Long-term
assessment
Metric
of a service Assessments
robot

Various methods are used for the mapping process required
in the navigation process. These are grid-based, feature-based
and topological-based mapping. Also, the navigation process
needs to be cleaned from the noisy environment to get better
results. Therefore, the Kalman filter is used in many of the
proposed methods. When the robot enters an area that the robot
does not know, it first determines the position and then
performs the mapping process. However, performing this
operation at different times poses a problem for a real-time
application. Simultaneous Localization and Mapping (SLAM)
algorithms are proposed to solve this problem. SLAM
algorithms provide simultaneous localization and mapping in
robots [18, 19]. Figure 2 shows the results of an application
using the SLAM algorithm.

B. Tracking Approaches in Service Robots
One of the fundamental issues for service robots is humanrobot interaction. In order to accomplish such a task and to
provide the desired service, robots need to perceive and follow
the people around them [22]. Another subject examined in this
study is the tracking process, which has an important place in
service robots. Tracking is the process by which a robot can
track a desired object or person. Many studies in the literature
have focused on how tracking can have a better performance.
Because of tracking is a real-time operation, fast calculation,
efficient memory usage and fast mapping are important criteria
[23]. It is expected that service robots with human
characteristics will perform the tracking process quickly and
efficiently.
When the studies in the literature were examined, it was tried
to increase the efficiency of the tracking process by changing
various parameters. There has been research on how to make
the tracking process much faster than how to do it. In a study,
for example, a two-dimensional camera was used in order to
enable the robot to perceive a human-like outlook. With this
camera, a design that can continuously monitor the moving
object and provide two-way motion has been realized. It is
intended to minimize the time spent due to camera unit
conversions and calibration. Image processing techniques and
motion control algorithm are provided to direct the camera to
the object. Tracking was performed by matching the camera
moving speed with the moving object speed. With the Tracking
module, the cameras that the robot has are intended to act like
a human eye [24].
Tracking features like navigation also allow robots to think
like humans. In a study carried out, with the tracking process
provided to learn a sense of sociability between people and a
robot. The goal is to teach when a robot should be socialized
and when it will involve communication between people. For
this, leg positions, torso tracking and face tracking procedures
are used to determine the positions of the people. In this study,
a hybrid model was proposed by using laser distance detection
and image detection system together. Robot-human and
human-human interaction have been determined by
determining their positions. Thus, it has been determined that
the people in the society are socialized with whom [25]. As can
be seen, there is a correlation between the face, shoulder and
leg angles of two people facing each other. People look at the
person they communicate with. As shown in Figure 3, generally,
people facing each other are in communication with each other.

Fig. 2 A path created using the SLAM algorithm. [20]

However, SLAM algorithms can take a lot of time,
especially in dynamic environments, through maps created by
sensors. In a study conducted, the vector field is calculated
Fig. 3 People in communication with each other

we can calculate the global coordinates of the human legs as
follows. The values [𝑥𝑖 , 𝑦𝑖 ] in the equation refer to the local
coordinates of the legs.

Robot
Y

X

X
L

L
Shoulder

[

X

torso

torso

Shoulder

Y

Y

R

R

Human B

Human A

Fig. 4 Determination of human and robot directions

As shown in Figure 3, we can obtain mathematical values
from people's positions. Considering the current position of the
robot,
[𝑥𝑟 , 𝑦𝑟 , 𝑄𝑟 ]

𝑖
𝑥𝑙𝑒𝑔

𝑖 ]
𝑦𝑙𝑒𝑔

=[

𝑐𝑜𝑠𝜃𝑟 −
𝑠𝑖𝑛𝜃𝑟

𝑥𝑟
𝑠𝑖𝑛𝜃𝑟 𝑥𝐿𝑖
] [ 𝑖 ] + [𝑦 ]
𝑐𝑜𝑠𝜃𝑟 𝑦𝐿
𝑟

Similarly, face and body coordinates are calculated. Thus,
the position of the person was determined and the social status
was determined [25].
The development of the PSO algorithm has resulted in a
solution to the local optimal problem of Darwian Particle
Swarm Optimization. This optimization has been used to solve
the problems of robots interacting with the real world. There
are various DPSO algorithms developed in the literature for
realizing the targets of the robots which are encountered with
various constraints in the real world [26,27].

TABLE IIIII
COMPARISON OF SOME TRACKING APPLICATIONS IN THE LITERATURE [22], [28-30]

Approach

Detection

Hybrid
approach to
human
tracking

 Leg
 face

laser

None

Moving
Object
Tracking

Trap-state

laser

fuzzy

human

 Vision
sense
 laser

VisionBased
Tracking
Algorithm

Real-time
object
tracking
system and
convolution
neural
network

 Corner edge
 Color detect

Sensor

 laser
 CMOS

Learning

None

Coordinate
Calculation
Data preprocessing
Detection of vertical
edges
Extraction of leg
patterns
Motion vector
calculation
Scaling and
Repositioning the
Tracking Window:
K-D tree

Calculate the vertical
and horizontal
Calculate the values of
using the multiplier
Convolution
units
Neural
Calculate the
Network(CNN)
determinant
Compare the corner

IV. CONCLUSIONS
In this study, the literature about service robots is
investigated and the approaches used are examined. In
addition, navigation and tracking have been examined which
are features that affect the performance of service robots.
The navigation application enables the robot to perform to

Filter

Suggested
Method

Kalman
Particle

Effective solution for
real-time applications
of interactive robots in
populated
environments.
Low computational
complexity and the
ability to handle
obstacles

Kalman

Kalman

None

Detect pose change due
to out-of-plane
rotations

A real-time object
tracking system based
on field programmable
gate array, convolution
neural network, and
visual servo
technology.

find path and achieve the target which is developed for the
integration of humanoid features into the robots. Many
studies in the literature use data from laser and odometry
devices for direction finding. The mapping process is
performed with this data. After the obtained mapping
process, various algorithms are applied to reach the target of
the robot in the shortest and most convenient way. Dijkstra,

A*, Prims and similar algorithms are applied to generate
shortest path information. In addition, SLAM algorithms
provide localization and mapping operations in a
synchronous manner.
With the Tracking feature, a robotic is given the ability to
follow a moving person or object. The position of the person
is determined by detecting positions such as leg, trunk and
face for human motion tracking. Thus, learning what the
robot's human movements mean and socializing accordingly.
Image processing techniques are used in all tracking
processes in the literature. In addition, many studies use the
Kalman filter to remove noise from the system.
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Abstract— Today, various communication protocols such as USB,
Ethernet, Wi-Fi are used for communication between two systems.
At the beginning of these protocols are usually communication
systems via Ethernet. Network-based Ethernet communication
system is realized according to layers in OSI model. A data packet
is obtained on the basis of the succession of each layer and two
systems can communicate with each other. In this paper, FPGA
based UDP communication protocol is developed. In this
completely original system, the data packets sent by the FPGA are
taken and analysed by the host without interruption. The Ethernet
header, the IP header and the UDP header that make up the
content of a UDP packet are created step-by-step and transmitted
obtained pixel data from industrial camera. Experimental studies
were carried out on the Altera DE2-115 development board. 980
mbps speed is achieved in the experimental works performed.
Data packets in UDP format can be transmitted to a remote
location in a lossless way with this method which is proposed in
the study.
Keywords— Industrial camera, Ethernet, UDP protocol, FPGA

I. INTRODUCTION
Nowadays, data transfer protocols have a very important
place. These systems are used for a variety of purposes,
especially for communication, data transfer and sharing,
allowing easy communication between two remote locations
[1]. Ethernet based communication systems are actively used in
a wide variety of fields, such as production systems, local
communication and industrial systems, unlike Internet-focused
applications. Thanks to these systems used in many fields of
daily life, processes such as telecommunication, banking, data
transfer and sharing are realized very quickly [2, 3].
Ethernet based communication systems generally use two
different protocols. These are the TCP/IP and UDP protocols
respectively [4]. The security is priority in communication
systems with TCP/IP protocol and data is transmitted in a
controlled manner [5]. In UDP-based communication systems,
the transmission of data such as audio and video, which is often
the backbone of security, is provided [6-8].

One of the areas where these Ethernet-based communication
protocols are used extensively is the industrial systems [9, 10].
In these areas where machine vision based systems are used,
UDP based data transfer protocols are used intensively to
provide communication between the industrial digital camera
and the main processing unit. Digital cameras used in industrial
systems collect image data in large scale and transmit this data
to the main processing unit located at the remote point for
processing. For this purpose, these systems usually use Ethernet
based communication systems.
The UDP protocol, one of the protocols used in Ethernet
based communication systems, has been carried out in various
fields in the literature. In one of these studies, the UDP protocol
was applied to sensor networks in order to provide data transfer.
With the proposed approach in the study, various data are
loaded and read with a UDP data transfer module to a sensor
network measuring device. Experimental studies carried out on
this proposed approach have shown that the provided
communication are real-time, reliable and stable [11]. In
another study on the subject, a structure was established in
which protocols can be automatically selected. In this approach,
a file transfer method has been developed and this method
automatically selects the appropriate one for transmission from
TCP and UDP protocols [12]. In another paper on the subject,
a new UDP-based communication protocol for cluster systems
is proposed. This approach, which basically uses the UDP
protocol, presents an analytical model for estimating the
performance of the system. Experimental studies suggest that
this proposed approach guarantees network security and highspeed aggregate data transfer [13]. In another work on the
subject, an architecture has been developed for systems
providing voice over IP (VOIP). VOIP systems use the UDP
protocol for data transmission. As is known, the UDP protocol
does not guarantee the reliability of the data. For this purpose,
the architecture proposed in this study was tried to prevent
quality deterioration caused by packet loss and network errors.
The results from experimental studies have shown that

architectures and protocols can be brought together to achieve
better sound quality [14].
As mentioned at the beginning of the section, Ethernet based
communication systems are often preferred especially in digital
cameras used in industrial systems. Since these cameras
provide a very high amount of image data instantaneously in
the moment, they have to be captured and processed by the
main processing unit. It has been tried to detect the defects of
the film capacitors in a machine vision application performed
in this respect. In this approach, more than one camera
monitoring the capacitors on the conveyor band are connected
to the main machine via Ethernet and the images from the
cameras are processed. A block diagram summarizing this
proposed approach is as shown in Fig. 1 [15].

Ethernet

Slave
Camera 1

Slave
Camera 2

Slave
Camera 3

Host
System

Conveyor Belt

TABLE I
COMMUNICATION SYSTEMS FOR INDUSTRIAL CAMERAS

Fig. 1 An example study from literature [15]

In another work on machine vision, electromechanical parts
in a production line were controlled using industrial cameras.
For this purpose, Ethernet based two digital cameras are placed
on the side and top of the conveyor so that incoming images
can be instantly transferred and processed to the industrial
computer. A block diagram that summarizes this proposed
architecture for study is as presented in Fig. 2. [16].

Industrial
PC

Ethernet

DAQ

Ethernet

I/O

II. PROPOSED APPROACH
Digital cameras are the most basic equipment for quality
control systems used in industrial areas. Thanks to these digital
cameras, which have very different qualities and features,
images of the products passing through the conveyor are taken,
they are passed through certain processes through a quality
control algorithm and as a result of these all, non-errors or near
non-errors are delivered to the end users.
As a result of the researches carried out, it has been seen that
digital cameras used in industrial areas have various
communication systems. The speed values obtained in these
communication systems realized in industrial digital cameras
are as shown in Table 1.

USB

Drive motor and
Mechanical
Separation
System

transmitted to main machine via Ethernet. In the process of
creating data packets, OSI model layers are considered and all
layers in a UDP package are designed in order. In addition, a
UDP packet receiver has been developed for the host, and the
pixel data from the cameras can be read.
In this context, details of the application developed in the
second section of the study are presented. Performance results
of this application developed in the third section of the study
are shared. In the fourth and last section, the results and views
on future work were included.

Camera 1
Top View
Camera 2
Front View
Line Production
Control
PLC

Fig. 2 An example method from literature [16]

In this work, FPGA based UDP communication protocol is
developed for intelligent industrial digital cameras. In this
developed protocol, data packets containing pixel data from
digital cameras according to UDP format are created and

Max.
Mbps
Max.
Data
Max.
Cable
Length
Max.
Power
Delivery

Camera
Link

CoaX
Press

USB 3.0

GigE

2040

4080

4500

920

255 MB/s

600 MB/s

500 MB/s

115 MB/s

10 m

105 m

100 m

100 m

4W

13 W

4.5 W

25 W

As can be seen from Table 3, digital cameras have various
communication systems. The communication protocol called
GigE Vision from these systems is basically a UDP protocol
and only contains the GigE header in the package. As
mentioned in the beginning of this section, an Ethernet based
communication system was established for digital cameras. For
this purpose, the DE2-115 FPGA development board with
Altera Cyclone IV processor is used and the pixel data from the
camera module is embedded into a UDP packet and forwarded
to the remote main processing unit. When studies done in the
literature are examined, it has been observed that Ethernet
based communication systems are generally made using readymade libraries. In this study, a communication system using a
completely original UDP protocol was established. A block
diagram summarizing this system which transmits image
packets from a digital camera placed on a conveyor to the main
processing unit in UDP format is as shown in Fig. 3.

Ethernet

As can be seen from Fig. 5, a UDP packet includes an
Ethernet header, an IP header, and a UDP header, respectively.
The details of these headers in UDP package are as shown in
Fig. 6-(a), (b) and (c), respectively.
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Fig. 3 A block diagram of experimental setup
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As will be appreciated, the UDP protocol is a
communication protocol that is included in the transport layer
of the OSI reference model and is often used in the transmission
of data such as audio and video. The OSI reference model
layers in this frame and the systems defined in these layers are
as given in Fig. 4.
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The UDP protocol implemented on the FPGA development
board contains various data headers and pixel data. The details
of the information contained in a UDP package in this context
are as shown in Fig. 5.
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Fig. 4 OSI reference model layers
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Fig. 6 The content of headers for UDP packet
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Fig. 5 An example of UDP packet

In the study, the image data obtained from the camera
module is converted into a UDP data packet and transmitted to
the main processing unit over the network having 1G speed.
During the study, all operations were performed according to
the UDP protocol. In this context, the UDP packets from the
FPGA using the UDP protocol are received and processed by a
software application executed by the main processing unit. In
addition, the contents of these packages obtained in practice are
controlled by WireShark software and the suitability of package
contents is ensured. The detailed results obtained from this
software are given in the experimental results section of the
study.

III. EXPERIMENTAL RESULTS
Both hardware and software development processes have
been experienced in this study. In the hardware design process
of the system, a UDP protocol is designed for the FPGA and
the FPGA is programmed using the Verilog language. After the
UDP packets are properly acquired in the FPGA, a software
development process is performed in the system by the main
processing unit. In this way, the pixel data sent by the FPGA
can be taken properly in the main processing unit. The
characteristics of digital camera module and the main
processing unit used in experiments are as shown in Table 2.

1
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3
11

6

4

7

8

8
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TABLE II
SYSTEM FEATURES

Camera Module Features
Feature
Value
Active Pixels

2592H x 1944V

Frame Rate

Up to 100 fps
Global Reset
Release
CMOS

Shutter Type
Sensor Type
Pixel Bit
Depth
Mono/Color

Computer Feature
Feature
Value
Intel Core
CPU Type
i7
CPU Speed
2.4 GHz
RAM

16 GB

Ethernet

1000 Mbit
Windows
10

12 bit

OS

Color

Display
Card

4 GB

As can be seen from Table 2, the digital camera used in the
works has programmable properties. This also causes the sizes
of the data packets to vary. In this context, an image showing
the state of the network on the windows operating system as the
application is running is as presented in Fig. 7. The details of a
UDP packet arriving at the main processing unit are also shown
in Fig. 8.

Fig. 8 Details of incoming udp package

As can be seen from Fig. 8, each field is expressed in a
different color. The meaning of these areas is presented in detail
in Table 3.
TABLE III
CONTENT OF UDP PACKETS

No
1
2
3
4
5
6
7
8
9
10
11
12

Feature
Destination MAC Address
Source MAC Address
Type
Internet Protocol
Header Length
Total Length
Header Checksum
Source IP Address
Destination IP Address
Source Port Address
Destination Port Address
Length
Data

Value
08:62:66:0d:7e:06
00:1c:23:17:4a:cb
IPv4 (0x0800)
Version 4 (0x0100)
20 Byte (5) (0x0101)
3236 (0x0ca4)
0xbbdc
10.10.10.13 (0a 0a 0a 0d)
10.10.10.14 (0a 0a 0a 0e)
12345 (0x3039)
51234 (0xc822)
3216 (0x0c90)
---

As mentioned in the beginning of the section, the digital
camera used in the developed application has programmable
feature. Depending on this situation, the resolution of the digital
camera and the number of frames of the snapshot vary. The
performance results obtained in this application developed in
this context are as presented in Table 4.
TABLE IV
PERFORMANCE RESULTS OF SYSTEM

Fig. 7 Network status from experimental study

Image
Resolution
640x480
800x600
1280x720
1600x1200
2592x1944

Total
Pixel
307200
480000
921600
1920000
5038848

Size
(Byte)
1228800
1920000
3686400
7680000
20155392

Ethernet
Speed (mbps)
993
976
996
995
998

FPS
101.7
65.1
33.9
16.2
6.2

IV. CONCLUSIONS
Today, machine vision applications are systems that are
frequently used in industrial areas and aim to deliver perfect
products to end users. These systems generally use UDP, which
is an Ethernet based communication protocol, for
communication. In this proposed system, a UDP protocol
implementation is also developed for industrial purpose digital
cameras.
In this paper, pixel data from digital cameras with varying
resolution and frame rate are converted into UDP packets and
transmitted to the main processing unit. Unlike the literature,
the UDP protocol was originally developed on FPGAs, with
approximately 125 MB of data transferred per second. In
addition, this package has been analyzed and made readable by
software prepared for the main processing unit. Experimental
studies in this work have shown that the proposed approach
works extremely well and transmits data packets in lossless.
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Abstract— In this work, we presented a Computer-Aided
Diagnosis (CAD) system for classifying lung nodules as either
benign or malignant by using Hadoop MapReduce with
MATLAB. The system retrieves images of similar nodules from a
big publicly available Computed Tomography (CT) images
dataset annotated by radiologists. They are stored in Hadoop
Distributed File System (HDFS) and accessed via the MATLAB
API. A content-based image retrieval (CBIR) approach was used
in order to extract multiple features parallely by using the
MapReduce. An optimal set of 36 features was defined, including
shape, texture, and Radiologist Quantified Image (RQI) features.
We used different SVM and KNN classifiers to evaluate these
features. Our experimental results show that the Local
MapReduce method is ~5 times faster than Hadoop cluster
MapReduce method in MATLAB. The classification accuracy
can reach 96.74% using the SVM classifier.

resonance imaging (MRI), etc.). Today these medical imaging
techniques are used for diagnosis, therapy assessment and
planning[7]. As a number of images and size tends to be
considerably (reaching up to a few gigabytes for only a CT
exam), we suggest applying concepts of Big Data to
implement medical image analytics to improve the
interpretability of depicted contents[2].

A. Hadoop MapReduce

Apache Hadoop is an open-source implementation of the
MapReduce framework developed by Google. Hadoop
provides several open source studies for reliable, scalable, and
distributed computing. One of the frameworks developed in
Hadoop for analyzing and transformation of very large
datasets is Hadoop that MapReduce [8]. The MapReduce
employs to allow high-performance parallel processing of
Keywords— Medical Image, Feature Extraction, CBIR, Hadoop,
huge amounts of data at the same time using commodity
HDFS, MapReduce, MATLAB
hardware [9]. This kind of approach at the time of the prediagnostic can speed up the work of specialists, thus reducing
I. INTRODUCTION
In the recent years, medical images are played an important the lapse of time between the testing and disease detection
role in disease diagnosis, medical research, and education. [10]. Basically, MapReduce program runs in two main phases;
Today with the advances in technology in medical image Map phase and Reduce phase. Map function, the data is split
capture devices, the amount of medical images generated and into blocks and create (key, value) pairs then is sent to the
stored in the world has increased exponentially [1]. Although Reduce function. Reduce function should iterate through the
this vast amount of images can be really useful, it can be list and perform some operation on the data before outputting
difficult to store and retrieve relevant images to the user query. the final result. The framework then generates (key, value)
Furthermore, it is impossible to maintain and handle with this pair lists as the number of keys output from Map function.
image using the conventional method. So, we move towards Hadoop handles the data aggregation, sorting, and message
the new technology called Big Data[2]. Medical images data passing between nodes [11]. Hadoop Distributed File System
can range anywhere from a few megabytes to hundreds of (HDFS) is the backbone of the Hadoop system which stores
megabytes per study[3]. As an interesting example of the the data by replication and makes different copies of data on
volume and velocity of medical images that are being to the different rack for the purpose of fault tolerance. It is a
generated in ImageCLEF contained around 66,000 images scalable distributed file system that provides high-throughput
between 2005 and 2007 while just in the year of 2013 around access to application data[12].
300,000 images were stored every day[4]. These images
B. Content-Based Image Retrieval (CBIR)
require large storage capacity for storage and analysis, add to
CBIR in the field of medical images has been one of the
that they require fast and accurate algorithms. In addition to
most
exciting and fastest growing research areas over the last
the increasing volume of images, they differ in dimension,
years[13].
The term image retrieval means finding similar
quality, etc., which introduce new challenges such as data
images
from
a large dataset archive By extracting some key
integration and mining especially[5]. Here we focused on
huge volumes of medical images datasets[6]. In modern features associated with the images. In the medical field, the
medicine, medical imaging has undergone major ultimate goal of image retrieval is to provide diagnostic
advancements, where different types of medical imaging support to physicians or radiologists by presenting relevant
developed (such as computed tomography (CT), magnetic previous cases[14]. In addition, the medical image retrieval

can also be useful as a training tool for medical students to
detect the growth of tumors and for research purposes.
However, CBIR is more challenging in the medical field due
to the complex nature of images[15]. Choice of right features,
similarity measurement criteria, an indexing mechanism, and
query formulation technique are main factors to consider
during the design of CBIR systems[16]. Moreover, since each
feature extracted from images just characterizes a certain
aspect of image content, multiple features are necessarily
employed to improve the retrieval performance. Meanwhile, a
special feature is not equally important for different image
queries since a special feature has different importance in
reflecting the content of different images[17].
In this paper, we propose the efficient and effective
approach for lung nodule classification of benign or malignant,
and retrieval similar nodules images from a huge volume
image dataset using the Hadoop MapReduce platform with
MATLAB[18]. Shape, Texture, and Radiologist Quantified
Image (RQI) features annotated by radiologists are calculated
on each lung nodule image patch. For each feature type, we
construct an ensemble classifier based on SVM and KNN. Our
proposed system can effectively separate malignant from
benign nodules when tested on the Lung Image Database
Consortium (LIDC) dataset, and gives the result in minimum
time.
The rest of the paper is organized as follows: Section 2
Describes the proposed methodology for classification and
retrieval medical Images from a huge dataset are stored in
HDFS. section 3. Presents the details of our experimental
approach and results. Followed by the conclusion in section 4.
II. METHODOLOGY

A. Lung CT Image Database
The image data used in our experiments were downloaded
from the online resource named the Lung Image Database
Consortium (LIDC) [19], which was initiated by the National
Cancer Institute (NCI), further advanced by the Foundation
for The National Institutes of Health (FNIH), and
accompanied by the Food and Drug Administration (FDA).
The LIDC dataset contains 1018 lung cancer screening
thoracic CT scans. Each of which includes a set of lung CT
images and an associated XML file. The XML file provides
nodules annotations and malignancy ratings, where a rating of
1 denotes low malignancy and a rating of 5 represents high
malignancy, given by up to four of the expert radiologists. An
example nodule from the dataset, along with the assigned
diagnostic feature values, is illustrated in Fig. 1.
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Fig. 1 Example nodule from the LIDC dataset with diagnostic feature values
from four radiologists

These annotations are included manually drawn contours of
locations of the pixels on the nodule boundaries in the CT
scan slices, and nine characteristics of the nodule [20]. Each
lung nodule was categorized as a lung nodule with largest
diameter ≥ 3mm and non-nodules a nodule with diameter
<3mm [21]. In this work, lung nodules that are of diameters
greater than or equal to 3mm are analyzed, and nodules with a
malignancy rating of 3 are excluded from the selection [22].
The final dataset used in this experiment consists of 4179 lung
nodules, 2555 are benign and 1624 are malignant[20]. The
detailed contents of lung dataset are shown in Table I.
TABLE I
DISTRIBUTION OF LIDC DATASET

Collection Statistics
Modalities
Number of Images
Format of the images
Number of CT scans
Images Size
Number of classes

Value
CT (computed tomography)
244,527
DICOM
1,018
124 GB
2 (’benign’ or ’ malignant’)

B. Proposed Model
The developed system provides the application interface for
users to help radiologist to identify and detect the nodules at
an early stage. The system incorporates two phases: Upload
the lung images to the HDFS, and retrieval the lung images
similar to a particular image from the HDFS, when a user
specialist wishes to classify a particular nodule to benign or
malignant. Through the system can detect and draw these
nodules depending on the annotations the radiologist in XML
files. Fig. 2 shows the architecture of that model system is
deployed on Hadoop cluster. Details of each of these stages
will be explained in the following subsections.

Fig. 2 Architecture of proposed model system

1) Upload Images Phase: The system allows the user to
upload one or more lung CT scan images on the dataset of
Hadoop, which is called HDFS by giving the images folder
path at a single point from the GUI. Each folder includes
DICOM images from a clinical thoracic CT scan and an
associated XML file. The uploaded images by the user may be
of a different number of images (slices) per scan depending on
the number of nodules described by experts radiologists in the
XML file. Each CT scan contains a large number of images
are not useful and may take more time for computation. To
deal with this scenario, the system is the process of reads and

converting the results of the specific annotations in the XML
files to the nodules and their types into binary images. After
the image converted, it is extracted RQI features to each
radiologist independently. Through binary images, shape and
texture features were extracted. The multiple features that
extracted are combined to form a feature vector. Fig. 3. shows
the uploading phase of the proposed model system. The
converted nodule binary images and features are then stored in
(.mat) file format and upload on the HDFS with selected
DICOM images.

Fig. 3 Uploading phase of proposed model system

2) Retrieved Images Phase: Like uploading phase, the system
provides a GUI for the user to search and retrieve the images
from the HDFS dataset by the query image. When a radiology
Specialist wishes to search particular images, he has to
provide the query CT scan images path and features described
for the nodules stored in his XML file. The processes included
in upload phase are same for the search process. The searched
binary nodule image features are matched with the values
stored in the dataset. Fig. 4 shows the retrieval and
classification phase of the proposed model system. The
algorithm of retrieval nodule images is outlined as follows:
 Extract the features of the query image.
 Extract the features of the images in the HDFS dataset.
 Calculate the similarity matrix of the query image and
the image present in the dataset and classification.
 Retrieve relevant images
 classify the particular lung nodule to benign or
malignant.

system. The first process, we extract the lung nodules on a
slice by slice basis converting the nodules boundary points in
the XML files to binary images [23]. For each nodule, the
markings for each radiologist were converted into 3D binary
images on which volume measurements could be made [24].
We treat each annotation as a unique sample for our dataset.
For example, a nodule that had been marked by just three of
the four radiologists would have three corresponding 3D
binary images, one for each radiologist [25]. The second
process, each nodule we extract the Radiologist Quantified
Image (RQI) features from XML files. These features are
consisting of nine quantified nodule features: Subtlety,
Internal structure, Calcification, Sphericity, Margin,
Lobulation, Speculation, Texture and Malignancy, and take
integer values from 1 to 5. According to the rules of
constructing the LIDC database, nodules are rated on a 5 point
scale from benign to malignant by one radiologist or multiple
radiologists as the composite malignancy rate [26]. Before the
models are able to classify the nodule candidates, they have to
be trained and the training requires a target output. Therefore,
we composite malignancy value 1 or 2 is regarded as benign, a
value 4 or 5 is regarded as malignant and a value of 3 has
uncertain malignancy [27]. We exclude nodules that are
labeled by a radiologist as having an uncertain malignancy.
Next, the target variable is created where nodule candidates
that are benign are assigned with value 1, and nodule
candidates that are malignant are assigned with value 2. Each
nodule consists of the 8 RQI features and the malignancy
category (which is the nodules corresponding target label).
Our dataset included 4,179 nodules, there are 2555 benign and
1624 malignant nodules, that remain to be classified [28]. The
detailed contents of this dataset are listed in Table II.
TABLE II
DISTRIBUTION OF CASES AND SLICES OVER THE LUNG NODULE TYPES
INVOLVED IN THE LIDC DATASET

Lung
nodule type
Benign
Malignant
Total

No. of
Cases
359
488
847

No. of
Slices
12593
14046
26639

No. of
nodules
2555
1624
4179

D. Feature Extraction

Fig. 4 Retrieval and Classification phase of proposed model system

C. Lung nodule Images Pre-processing
The image pre-processing has been performed to construct
appropriate images that are used for developing the CAD

Feature extraction is the process of transformation of the
input images into the set of features [17]. In this stage,
features for each connected component (nodule candidate) in
the segmented CT scan images are extracted. These features
give information about the nodule candidate and they are
divided into three categories: Quantified Diagnostic Image
(RQI) features, 3D-shape based features, and Texture-based
features (Gray-Level Co-occurrence Matrix (GLCM) and
Local Binary Pattern (LBP)). RQI features are extracted from
the manual annotations in the XML file. Texture features are
extracted from a single slice in a CT scan whereas 3D-shape
based features are extracted from multiple slices in a CT scan.

The lung images pre-processing and features extraction are
illustrated in Fig. 5.
1) 3D-shape based features extraction: The 3D images space
were used to compute the nodule volume on multiple slices
using MATLAB-based software developed in our work. We
calculated parameters: Lung Nodule Volume;
Nodule
Diameter; Perimeter and Surface Area; and Extent. The
nodule volumes were detected by counting the number of the
nodule pixels in each of the binary images and then estimation
was calculated by multiplying the number of voxels of each
nodule and the voxel size[29]. To calculate the diameter of a
sphere measurement of lung nodules, the regionprops3
function is can be made with the same volume nodules as the
region [30]. The same segmentation process was used as that
described in the nodule volume measurement to surface area
estimation. The surface area was generated for each of the
nodules from Crofton formula where he presents a method for
estimating the surface area of digitized binary images. It has
been computed as the ratio of the distance around the
boundary of the nodule region [31]. Extent was generated for
the ratio of voxels in the nodule region to voxels in the total
bounding box(smallest cuboid containing the nodule region,
returned as a widthX, widthY, and widthZ specify the width
of the cuboid along each dimension). Computed as the value
of volume nodule divided by the volume of the bounding box.
[Volume/(bounding box width * bounding box height *
bounding box depth)][32].




Calculate 14 features from each GLCM.
Store computed features in a vector.

3) Feature Extraction Based on LBP: The Local Binary
Patterns texture operator has been highly successfully used for
various computer vision applications, especially for face
recognition [34]. Many favorable patterns were proposed
based on different numbers of neighborhood pixels with
different radii around the central pixel. However, the basic
LBP operator introduced as a standard example and used
mostly in practices is based on the eight neighbor pixels [35].
The feature extraction algorithm is outlined as follows:
 Input image slices of the candidate nodule.
 Calculate ten patterns of each pixel in one nodule
except the boundary points.
 Calculate the statistical probabilities of each pattern in
the whole nodule.
 Summarize the statistical probabilities of each pattern
on all of the images containing the current nodule as
LBP feature candidates.
The distribution of features selected nodules are shown in
Table III.
TABLE III
DISTRIBUTION OF CASES AND SLICES OVER THE LUNG NODULE TYPES
INVOLVED IN THE LIDC DATASET

Features

RQI

3Dshape

Fig. 5 Diagram of lung nodule pre-processing and features extraction

2) GLCM-based texture feature extraction: The candidate
nodule is extracted as the maximum diameter among each
subset of the nodule (see Fig. 5) [33]. We described the Gray
Level Co-occurrence Matrix (GLCM) based texture to extract
the texture information of the lung nodules. From a function
graycoprops in MATLAB, we calculated parameters: Contrast,
Correlation, Dissimilarity, Energy, Entropy, Homogeneity,
etc., which have been proven to be irrelevant but effective for
image classification [34]. The algorithm of extracting the
texture features is outlined as follows:
 Quantize the gray value of each candidate nodule.
 Compute the pattern matrices at four different angles, 0°,
45°, 90°, and 135°.

GLCM
LBP

Description
Radiologist Quantified Image
features are extracted from XML
files. Consisting of 8 quantified
nodule features: Subtlety, Internal
structure, Calcification,
Sphericity, Margin, Lobulation,
Speculation, and Texture, and
take integer values 1-5.
3D-shape based features from
multiple slices are extracted. The
properties are calculated: Nodule
Volume, Nodule Diameter,
Surface Area and Extent.
Gray-Level Co-occurrence Matrix
Local Binary Pattern
Total

Dimensions

8

4
14
10
36

E. Classification
Image classification is one of the important steps in image
retrieval process because it provides more time while
searching the images from a huge dataset[35]. There are so
many classifying techniques have been used to classifying the
images such as neural networks, k-nearest neighbor classifier
(KNN), support vector machines (SVM), etc [36]. In this work,
we have used SVM and KNN for classifying the dataset
images in order to retrieval and classifying the lung nodules
images to benign or malignant in our dataset. The
classification was performed by randomly selected 70% of
them as training data and the remaining 30% as testing data

divided into 2 categories with 10 repetitions, using the AUC
as a measure, and the accuracy value was calculated.
III. EXPERIMENTAL RESULTS
In this work, the experimental our dataset included from
4,179 lung nodules that were annotated by at least one
radiologist. Further, Here, slices with unclear nodules in each
case were discarded, resulting in a total of 26,639 slices in our
dataset.

A. System Requirement Specifications
1) Hardware: The experiments have been carried out on three
nodes in a Hadoop cluster, the one master node, and two slave
nodes. The configuration of each node and the role it plays in
the cluster is shown in Table IV.
TABLE IV
CLUSTER CONFIGURATION

Slave1
Slave2

RAM

Core i7-3610QM
CPU@2.50GHZx8
Core i7-4200M
CPU@2.50GHZx4
Core i5-4200M
CPU@2.50GHZx4

HD

16GB

1TB

8GB

500GB

8GB

500GB

Network
Wifi/DSL
(16Mbps)
Wifi/DSL
(16Mbps)
Wifi/DSL
(16Mbps)

The master node works as the user interface and hosts both
Hadoop master processes: the NameNode and the JobTracker.
The NameNode handles the HDFS, coordinating the slave
machines by the means of their respective DataNode
processes, keeping track of the files and the replications of
each HDFS block. The JobTracker is the MapReduce
framework master process that manages the TaskTrackers of
each compute node. Its responsibilities are maintaining the
load-balance and the fault-tolerance in the system, ensuring
that all nodes get their part of the input data chunk and
reassigning the parts that could not be executed.
2) Software: In Table V, provides details of the software used
in our proposed system.

No. of
Nodules

Master

CPU

TABLE VI
RUNNING TIMES OF THE UPLOADING AND RETRIEVING EXPERIMENTS

No. of
CT

Host
Name

(.dcm) format and have the dimension of 512 by 512 pixels.
Experiments are carried out at extraction and create features,
upload, search and retrieval similar nodule stages with a
repository of images in HDFS. These images are stored as CT
scan that contains many slices. CT scan size are 1, 10, 20, 30,
50,100, 200, 500, 847. Experiments are carried out with Local
MapReduce and Hadoop cluster which has one master PC and
2 slave PCs with MATLAB. Each of the PC has a different
processor, RAM and disk storage. The data to be stored on the
HDFS are inputted with the help of GUI. We have tested
uploading time for images from one CT scan images to 847
CT scan images at one point and search a particular nodule on
dataset and classification that nodule to Benign and Malignant.
The results of the difference between Local MapReduce and
Hadoop cluster methods in upload and retrieval stages are
shown in Table VI.

1

4

Upload time (Secs)
Local
Hadoop
MR
cluster
12.11
59.02

Retrieval time(Secs)
Local
Hadoop
MR
cluster
1.16
1.06

10

42

29.65

190.55

3.52

4.21

20
30

119
162

70.02
71.33

318.46
419.68

7.99
10.83

10.11
15.47

50

305

113.52

545.95

17.77

21.92

100

554

221.45

1621.86

37.37

48.76

200

1129

430.61

2275.28

73.48

84.67

500

2496

967.82

5326.34

190.75

227.46

847

4273

1749.01

8981.14

227.46

830.23

The time taken for upload and search is measured in
seconds. For a better result of upload and search image on
HDFS datasets needs the good internet connection for
communication between master and all slave PCs. The results
can also shown in Fig. 6&7.

TABLE V
CLUSTER CONFIGURATION

Software Name
Operating System
Apache Hadoop
Java
MATLAB

Version
Ubuntu 14.06, 64-bit
2.8.1
Java (TM) SE Runtime Environment
(build 1.8.0_66- b17)
R2017b

B. Experiments and Result Analysis
Initially, the experiments are carried on the small set of
images for evaluation and testing. The code was run on this
set and all operations were performed on stored (.mat) format
files. This system allows CT scan images of a different
number of slices. The CT scan images, in the dataset, are in

Fig. 6 Graph of difference the uploading time between Local MapReduce and
Hadoop cluster method

complete this work. Special thanks to my Mom and Dad, the
most asset of my life; for all their support throughout my life
and especially to God, who made all things possible.
TABLE VII
RESULTS OF TESTING THE BEST POSSIBLE FEATURES FROM ALL FEATURES AND
COMPARING THE PERFORMANCE OF LUNG NODULE CLASSIFICATION BETWEEN
SVM AND KNN

Features

Fig. 7 Graph of difference the retrieving time between Local MapReduce and
Hadoop cluster method

Then, the performance of KNN was investigated with SVM.
The average performance measures of 10 times and the result
are shown in Table VII.
IV. CONCLUSION
Our system has been proposed for the classification and
diagnosis of lung nodules in large CT images dataset
annotated by radiologists. For this, the use of these image
processing was proposed parallelly by the Hadoop
MapReduce framework and the store these in the HDFS.
Besides, an SVM and KNN classifiers have been used to
evaluate the features extracted. We experimented and
evaluated the proposed system in terms of computation time
with two aspects; one is uploading and store CT images
dataset into HDFS, and second, the retrieves images of similar
nodules from dataset have been stored in the HDFS. A texture,
shape and QRI features were extracted over the nodules in
order to discriminate the benign from the malignant nodules.
Moreover, the best possible features from all features were
tested to select those ones that provided the best behavior, by
optimizing the classification process. Our results suggest the
Local MapReduce method has emerged as a method of
providing the best performance in MATLAB API, where
found this method is ~5 times faster than Hadoop cluster
method. In addition, the SVM classification step achieved a
high performance and better image retrieval.
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Abstract— Intelligent transportation systems (ITS) play critical
role in our life. They are all at an unprecedented pace. Pedestrians,
traffic signs, driver behavior, autonomous driving, connected
vehicles and many others may take place in the daily life of an
ordinary person. Most of them need generating big data,
transmission, real time use, and understanding. Sometimes we
need recognition, classification, tracking, or interpretation of mass
data. They may be visual, audio, or different sensory data.
Numerous algorithms have been developed to process
multisensory data in transportation. Researchers not only utilize
raw but also processed data to speed up required tasks. Generally,
they try to accomplish this aim with traditional mathematical
methods. If we need to come up with a decision, we may need to
summarize the raw data. For that reason, Principal Component
Analysis (PCA) is a good alternative in ten years ago and even
today. Nowadays, we can mention about better dimension
reduction algorithms, which may find a place in supervised or
unsupervised algorithms. For intelligent transportation, we
frequently use different learning algorithms like incremental
learning. In this work, we introduce new dimension reduction
methods and their applications in ITS. Moreover, we compare
traditional algorithms and contemporary ones for ITS. This
approach may help researchers to transmit and process audio
visual or different sensor data on steering wheel. Especially, future
autonomous driving needs holistic big data process to proceed
towards less risky routes, and most of the time, researchers search
for useful suggestions for their data critic ITS applications.
Keywords— intelligent transportation systems,
dimension reduction methods, learning, big data.

nonlinear

I. INTRODUCTION
Intelligent transportation system (ITS) deploys sophisticated
and data intensive applications. Data handling systems collect
huge amounts of historic and real-time data that are needed to
transform complex data driven systems. The amount of
collected data increases exponentially with the development in
sensor technologies. Approximately 480TB of data were
collected by every automotive manufacturer in 2013, and it is
expected that 11.1PB/year data will be collected by 2020 [1].
Actually, ITS data is the variety of data which are collected
in different formats and devices. The fusion of these data enable
sophisticated analysis. Data dimension reduction can be a
savior in this endeavor as handling huge data in question. ITS

data source can be classified in four groups, which are roadway
data, vehicle-based data, traveler-based data, and wide area
data [2].
Roadway data collection systems have been deployed for
decades to collect the data at fixed position on highways.
Roadway data collection systems aim traffic monitoring,
incident detection, vehicle classification, and characteristics of
traffic. Vehicle-based data collection systems such as electronic
toll tags, global positioning systems (GPS), vehicle sensors,
and cell phone based sensors are the second source of ITS
applications. Currently, cell phone applications allow to inform
travelers about the real-time traffic status. Wide area data
collection refers to space based radar, photogrammetry or video
from unmanned aerial vehicles. These data can be used to
determine vehicle spacing, speed, and its density.

A. Dimension reduction
If we imagine a human brain, we cannot memorize all the
pixels data of an image, rather we can just memorize
dimensions, pose, and illumination. Actually, human brain
copes with reduced data. Researchers extensively benefit from
dimension reduction in many application areas such as
stochastic schemes, pattern recognition, artificial intelligence,
and big data understanding.
The reduced data keep the envelope of the original big data.
Dimension reduction can be put into practice using specified
methods such as PCA or manifold learning. Researchers can
obtain different results with variation of parameters [2].
PCA found numerous applications for data driven schemes
in which dimension reduction is needed. PCA is appropriate for
obtaining linear parameters related to underlying problem
dataset. It does not work well for intrinsic nonlinear relations in
the dataset. Linear data reductions methods cannot cope with
nonlinear data structures.
Manifold learning can be expressed as an extended version
of PCA. With its enhanced structure, we can obtain different
nonlinear schemes of the dataset [3].

B. Introduction to Manifold Learning

C. Evaluation

Manifold learning place an important role for nonparametric
dimension reduction implementations. Big data driven realistic
systems can be modelled using manifold based data reduction
methods. Manifold learning may take place in nonparametric
methods, which are multidimensional scaling (MDS) [4], [5],
locally linear embedding (LLE) [6], [7], Isomap [8], Laplacian
Eigenmaps [9], Hessian Eigenmaps [10], local tangent space
alignment (LTSA) [11], and diffusion maps [12].

There are several parameters that we need to consider for
evaluation of manifold learning method [17] such as:
 local nonlinearities in dataset should be unfolded
without distortion;
 the recovery of the internal structures is affected by
the incorrect connection of the two remote data points;
 the stability of the method in case of noise existence;
 Keeping neighborhoods in the dataset following data
dimension reduction.

If the data structure is nonlinear, PCA can fail as projecting
them on 2D plane. On the other hand, ISOMAP manifold based
learning method identifies nonlinear dataset relations as shown
in Fig. 1.

D. Time Complexity of Manifold Learning Algorithms
When we consider the time complexity of the manifold
learning techniques, the methods mainly comprises three stages
such as Nearest neighbor search, shortest-path graph search
(ISOMAP) or weight matrix construction (other methods),
partial eigenvalue decomposition. Time complexity of the
methods is given in [18]. The processing for different manifold
learning techniques is given in Table 1. The data set is 3D and
includes 1000 point. The dimension of the data set is decreased
3D to 2D.
TABLE 1: PROCESSING TIME FOR DIFFERENT MANIFOLD LEARNING
TECHNIQUES

Method
Principal Component Analysis

Fig 1. a) Original 3D dataset b) Dimension reduced data with PCA c)
Dimension reduced data with ISOMAP

Manifold learning methods denote a smooth object similar
to Euclidian space. Global structures are obtained from local
ones having their own geometrics properties through manifold
learning [13]. Manifold-learning techniques engaged with low
dimensional space and addresses specified factors as [13]:




Distance preserving methods are exemplified as
ISOMAP, Hessian Locally Linear Embedding (HLLE),
and Maximum Variance Unfolding (MVU);
Angle preserving techniques like Conformal Eigenmaps;
Proximity preserving methods, comprising Laplacian
Eigenmaps (LE) and LLE.

Processing
Time(sec)
0.033

Multi-dimensional Scaling

5.2

ISOMAP

7.6

Locally Linear Embedding

0.17

Hessian-based LLE

0.62

Laplacian Eigenmaps
Local Tangent Space
Alignment

0.09
0.21

II. ITS APPLICATIONS
Number of pedestrians in surveillance videos have important
for ITS applications. It is especially difficult when the frames
are crowded. Leverage learning method were employed to
reduce the dimensionality of the data and they achieved high
precision of predicting the number of pedestrians by He et al
[14].
Dimension reduction techniques were employed to reduce
the influence among different scenes for traffic congestion
detection by Yuan et.al [15]. A real-time visual surveillance
system is developed to track multiple moving vehicles whose
appearance and position changes suddenly at a low frame rate
[16]. To manage sudden appearance changes, manifold
learning is used to calculate appearance similarity. Comparison
of appearance features is given in Fig. 2.

Fig. 2. Comparison of appearance features [16]

Bohn et al. worked on characteristics of the crash simulation.
They clustered the finite element nodes of the vehicle model to
have an idea about the accident and then they employed
nonlinear dimensionality reduction methods to reveal more
characteristics of the crash data [19].
Berisha at al. proposed a method to decrease the data
warehouse requirements for real-time applications. They
worked on SAR (Synthetic Aperture radar) data and reduced
the training data set considerably without reduction in
performance [20].
Etyngier et al. proposed a non-linear shape prior for the
deformable model framework using data reduction techniques.
They were aiming at segmenting partly appeared cars [21]. Fig.
3 shows image of a vehicle used in the dataset and reduced
dataset of the vehicle.
Wang et al. introduced a new technique to track the
pedestrians using data reduction methods [22]. Fig. 4 shows the
trained manifold of pedestrians’ poses. The red points in Fig. 4
show the corresponding image samples nearby.

Fig. 4.Trained manifold of pedestrian’s poses [22].

Qiaoa et al. focused on feature extraction for dynamic
systems based on manifold learning [23]. Ertin employed data
reduction methods to understand SAR data geometry for pose
estimation. Also, they evaluated the performance of the
methods [24].
Kangas et al. utilized the triaxial contact accelerometers to
collect vibration data for target classification [25]. PCA and
Diffusion Maps techniques were utilized to time and power
spectrum data for data reduction. They have illustrated that
working with raw vibrometry data or time series may be
efficient for robust vehicle classification.
Wang et al. proposed a novel technique for real-time vehicle
color classification [26]. Data reduction methods were applied
to high-dimensional feature data for the feature discriminant
analysis. Fig. 5 shows the sample distributions of seven vehicle
color classes after data reduction.

Fig. 5. The sample distributions of seven vehicle color classes [26].

Fig. 3. a) Shapes of a vehicle used in the dataset. b) Reduced data of the
vehicle data and its Delaunay triangulation [21].

III. CONCLUSIONS
In this study, we have examined the manifold learning as
dimension reduction method for intelligent transportation
systems. Dimension reduction techniques may find many
application areas in statistics, machine learning, and data
mining. In manifold learning, PCA is internally processed. The
capability to visually unfold data, the recovery of intrinsic
structures, the robustness in the presence of noise, the

neighborhood relationship between points are critical
parameters for this technique. The time complexity of manifold
learning algorithms are based nearest neighbor search, shortestpath graph search (ISOMAP) or weight matrix construction. At
the end of the study, different application examples are
provided. In this paper, some applications on dimension
reduction approach such as novel methods for pedestrian
tracking based algorithms, automated target classification,
vehicle color classification are explained. As a final word, we
believe that this study may play a useful role in understanding
of manifold learning as dimension reduction technique for big
data driven ITS applications.
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Abstract— This paper deals with a design problem of a point
memory-based variable gain robust controller with L2 gain
performance for a class of uncertain linear systems with state
delays. The proposed point memory-based variable gain robust
controller is composed of a fixed gain controller and a variable
gain one. In this paper, we show that sufficient conditions for
the existence of the proposed robust controller are reduced to
LMIs. Finally, a simple numerical example is included.
Keywords : variable gain robust controller, point memory
feedback, L2 gain performance, time-delay systems, LMIs

I. I NTRODUCTION
In the control engineering community, it is well-known
that robust control is an important problem, because there
exist unavoidable gaps between a mathematical model and
a controlled system. The gaps are referred to as “uncertainties”, and thus lots of problems for robust stability
analysis and robust stabilization have been studied for a
long time (see [1] and references therein). Most of the
conventional robust control systems consist of fixed gain
controllers which are designed by considering the worst case
for the uncertainties or unknown parameters[2], [3]. Additionally, some researchers have tackled the design problem
of robust controllers with variable gains[4]–[7]. Yamamoto
and Yamauchi[4] presented a robust controller with the
ability to adjust control performances adaptively for a class
of uncertain linear systems. Moreover an adaptive robust
controllers which achieve not only asymptotical stability but
also improving transient behavior has been suggested by
Maki and Hagino[5]. Furthermore, robust controllers with
variable gains for a class of uncertain linear systems[6]–[8]
have been presented.
On the other hand, one can see that a time delay is a
phenomenon that occurs in physical systems such as long
transmission lines in networked control systems, manufacturing and so on, and the existence of time delays is frequently
a source of generation of oscillation, poor performance,

or instability of underlying control systems. Namely, the
treatment of time-delays is very important and the designers
need to account for time delays when designing a control
system. Thus, time-delay systems have been widely studied
(see. [9] and references therein). In particular Kubo[15] has
adopted point memory feedback strategies and presented an
LMI-based design method of LQ regulator for a class of
time-delay systems. The existing results for robust stability
and robust controller design have had substantial impact on
the control engineering[10]–[12]. Additionally, for uncertain
time-delay systems, guaranteed cost controller[13] and robust
LQ regulator[14] have also been suggested. Furthermore,
Endo et al.[16] have suggested a variable gain robust controller based on point memory feedback for a class of
uncertain time-delay systems.
In this paper, on the basis of the existing results[8], [16] we
propose a point memory-based variable gain robust controller
with guaranteed L2 gain performance for a class of uncertain time-delay systems. The proposed variable gain robust
controller is composed of a point memory feedback with
fixed gain matrices and a compensation input with variable
gains. The point memory-based variable gain includes timevarying adjustable parameters tuned by updating rules. In this
paper, we show that sufficient conditions for the existence of
the proposed robust controller are given in terms of LMIs.
Finally, a simple illustrative example is included to show the
effectiveness of the proposed robust controller.
II. P RELIMINALIES
In this section, we show notations, and useful and wellknown lemmas (see [17], [18] for details) which are used in
this paper as well as the existing works (e.g. [8], [16]).
In the paper, the following notations are used. For a
matrix X , the inverse of matrix X and the transpose of
one are denoted by X −1 and X T , respectively. Additionally
He {X } and In mean X + X T and an n-dimensional identity

d
x(t) = (A + D∆(t)E) x(t) + (Ah + Dh ∆h (t)Eh ) x(t − h) + Bu(t) + Γx ω(t),
dt
z(t) = Cx(t) + Γz ω(t).
d
x(t) = (A + D∆(t)E) x(t) + (Ah + Dh ∆h (t)Eh ) x(t − h) + BKx(t) + BKh x(t − h) + Bψ(x, t) + Γx ω(t)
dt
= AK x(t) + AKh x(t − h) + D∆(t)Ex(t) + Dh ∆h (t)Eh x(t − h) + Bψ(x, t) + Γx ω(t).
matrix, respectively, and the notation diag (X1 , · · · , XM )
represents a block diagonal matrix composed of matrices
Xi for i = 1, · · · , M. For real symmetric matrices X and
Y, X > Y (resp. X ≥ Y) means that X − Y is positive
(resp. nonnegative) definite matrix. For a vector α ∈ Rn ,
||α|| denotes standard Euclidian norm and for a matrix X ,
△
||X || represents its induced norm. The symbols “=” and “⋆”
mean equality by definition and symmetric blocks in matrix
inequalities, respectively. Furthermore L2 [0, ∞) is L2 -space
(i.e. the collection of all square integrable functions) defined
on [0, ∞) and for a signal f (t) ∈ L2 [0, ∞) , ||f (t)||L2
denotes its L2 -norm.
Lemma 1: For arbitrary vectors α and β and the matrices
X and Y which have appropriate dimensions, the following
inequality holds.
2αT X ∆(t)Yβ ≤ 2 X T α

Yβ

where ∆(t) ∈ R
is a time-varying matrix and it satisfies
the relation ∆(t) ≤ 1.0.
Lemma 2: (Schur complement) For a given constant real
symmetric matrix Ξ, the following arguments are equivalent.


Ξ11 Ξ12
(i) Ξ =
>0
T
Ξ12
Ξ22
p×q

−1
T
(ii) Ξ11 > 0 and Ξ22 − Ξ12
Ξ11
Ξ12 > 0

III. PROBLEM FORMULATION
Consider the uncertain time-delay linear system described
by the state equation of (1). In (1) x(t) ∈ Rn and u(t) ∈
Rm , z(t) ∈ Rl and ω(t) ∈ Ru are the vectors of the state,
the control input, the controlled output and the disturbance
input, respectively and the disturbance input is assumed to
be square integrable, i.e. w(t) ∈ L2 [0, ∞). Moreover, the
matrices A ∈ Rn×n , Ah ∈ Rn×n , B ∈ Rn×m , C ∈ Rl×n ,
Γx ∈ Rn×u and Γz ∈ Rl×u denote the nominal values
of the uncertain time-delay system of (1). Additionally, the
matrices D ∈ Rn×p , E ∈ Rq×n , Dh ∈ Rn×r and Eh ∈ Rs×n
represent the structure of uncertainties, and h is a positive
delay constant. The time-varying matrices ∆(t) ∈ Rp×q and
∆h (t) ∈ Rr×s in (1) are unknown parameters satisfying the
relations k∆(t)k ≤ 1.0 and k∆h (t)k ≤ 1.0 respectively.
First of all, we consider the following point memory-based
control input;
△

(3)

by updating laws. Note that the control input of (2) is called
“variable gain robust control” in this paper. Thus from (1)
and (2), we have the close-loop system of (3). In (3), AK ∈
Rn×n and AKh ∈ Rn×n are the matrices defined as
△

AK = A + BK,
△

AKh = Ah + BKh .

(4)

Now we shall give a definition of the variable gain robust
control with guaranteed L2 gain performance γ ⋆ > 0.
Defi nition 1: For the uncertain time-delay system of (1),
the control input of (2) is said to be a point memorybased variable gain robust control with guaranteed L2 gain
performance γ ⋆ > 0 if the closed-loop system of (3)
is robustly stable (internally stable) and H∞ -norm of the
closed-loop system transfer function from the disturbance
input ω(t) to the controlled output z(t) is less than or equal
to a positive constant γ ⋆ .
By introducing symmetric positive definite matrices P ∈
Rn×n and Ph ∈ Rn×n , we consider a function
Z 0
△
V(x, t) = xT (t)Px(t) +
xT (t + θ)Ph x(t + θ)dθ. (5)
−h

In addition, we define the following Hamiltonian;
d
V(x, t) + z T (t)z(t) − (γ ⋆ )2 wT (t)w(t). (6)
dt
Then we have the following lemma for the point memorybased variable gain robust control with guaranteed L2 gain
performance γ ⋆ > 0
Lemma 3: Consider the uncertain time-delay system of
(1) and the point memory-based control input of (2).
For the function V(x, t) of (5) and the signals z(t) ∈ Rp
and ω(t) ∈ Rq , if there exist the symmetric positive definite
matrices P ∈ Rn×n and Ph ∈ Rn×n and a positive scalar
γ ⋆ satisfying the inequality
△

H(x, t) =

−1 T
(iii) Ξ22 > 0 and Ξ11 − Ξ12 Ξ22
Ξ12 > 0

u(t) = Kx(t) + Kh x(t − h) + ψ(x, t),

(1)

(2)

where ψ(x, t) ∈ Rm is a compensation input[7], and includes
variable gains with time-varying adjustable parameters tuned

H(x, t) < 0

(7)

||z(t)||L2 < γ ⋆ ||w(t)||L2 ,

(9)

then control input of (2) is a point memory-based variable
gain robust control with guaranteed L2 gain performance γ ⋆ .
Proof: By integrating both sides of the inequality of
(7) from 0 to ∞ with x(θ) ≡ 0 (−h ≤ θ ≤ 0) we easily see
from V(x, 0) = 0 that the inequality of (8) holds. Thus it is
obvious that the closed-loop system of (3) is robustly stable
(internally stable) † . Since the inequality of (8) means

† Note that if ω(t) ≡ 0 then from the inequality of (7) the function
V(x, t) becomes a Lyapunov function for the closed-loop system of (3).
Namely, the closed-loop system of (3) is internally stable.

Z

0

∞
T

⋆ 2

z (t)z(t)dt − (γ )

Z

0

∞

wT (t)w(t)dt + V(x, ∞) < 0.

(8)

He {AS + BW} + ξDD T + ξh Dh DhT + Sh Ah S + BWh Γx + SC T Γz SE T SC T 0n×s

⋆
−Sh
0n×u
0n×q 0n×l
SEh 

⋆
⋆
ΓzT Γz − γIu 0q×q 0q×l
0q×s 
 < 0.
⋆
⋆
⋆
−ξIq 0q×l
0q×s 


⋆
⋆
⋆
⋆
−Il
0l×s 
⋆
⋆
⋆
⋆
⋆
−ξh Is
‚‚
‚
‚ ‚
‚‚
 ‚‚ T
‚‚
‚
‚ ‚ T
‚‚
‚+
‚
‚
‚
‚
‚
‚
‚
D
Px(t)
E
x(t
−
h)
Ex(t)
D
(t)Px(t)
h

h ‚
 −
‚
B T Px(t) if xT (t)PBB T Px(t) ≥ δxT (t)x(t)

‚ T
‚2
△
‚B Px(t)‚
‚
‚‚
‚ ‚
‚‚
‚
ψ(x, t) =
‚‚
‚ ‚ T
‚ T

‚D (t)Px(t)‚‚Ex(t)‚+‚Dh
Px(t)‚‚‚‚Eh x(t − h)‚‚ T

 −
B Px(t) if xT (t)PBB T Px(t) < δxT (t)x(t)
δxT (t)x(t)

d
V(x, t) = xT (t) PAK + ATK P x(t) + He {xT (t)PAKh x(t − h)} + He {xT (t)PD∆(t)Ex(t)}
dt

+ He {xT (t)PDh ∆h (t)Eh x(t − h)} + He {xT (t)PBψ(x, t)} + He xT (t)PΓx ω(t)














+ xT (t)Ph x(t) − xT (t − h)Ph x(t − h).

d
V(x, t) ≤ xT (t) PAK + ATK P x(t) + He {xT (t)PAKh x(t − h)} + 2 DT (t)Px(t) Ex(t)
dt

+ 2 DhT Px(t) Eh x(t − h) + He {xT (t)PBψ(x, t)} + He xT (t)PΓx ω(t)

+ xT (t)Ph x(t) − xT (t − h)Ph x(t − h).


d
V(x, t) ≤ xT (t) PAK + ATK P x(t) + He {xT (t)PAKh x(t − h)} + He xT (t)PΓx ω(t)
dt
+ xT (t)Ph x(t) − xT (t − h)Ph x(t − h).

z T (t)z(t) = xT (t)C T Cx(t) + He xT (t)C T Γz ω(t) + ω T (t)ΓzT Γz ω(t)


PAK + ATK P + Ph + C T C PAKh
PΓx + C T Γz
△

Φ(P, Ph , K, Kh , γ ⋆ ) = 
⋆
−Ph
0n×u

T
⋆ 2
⋆
⋆
Γz Γz − (γ ) Iu

the H∞ -norm of the closed-loop system transfer function
from the disturbance input w(t) ∈ Rq to the controlled output
z(t) ∈ Rp is less than a given positive constant γ ⋆ .
From the above discussion, our control objective is to design the point memory-based variable gain robust controller
with guaranteed L2 gain performance γ ⋆ for the uncertain
time-delay system of (1). That is to derive the symmetric
positive definite matrices P ∈ Rn×n and Ph ∈ Rn×n , a
positive scalar γ ⋆ and the compensation input ψ(x, t) ∈ Rm
which satisfy the inequality condition of (7) for all admissible
uncertainties and the disturbance input ω(t) ∈ L2 [0, ∞).

IV. M AIN R ESULTS
The following theorem gives a sufficient condition for the
existence of the point memory-based variable gain robust
controller with guaranteed L2 gain performance;
Theorem 1: Consider the uncertain time-delay system of
(1) and the point memory-based control input (2).
For a given design scalar δ > 0, if there exist symmetric
positive definite matrices S ∈ Rn×n and Sh ∈ Rn×n ,
matrices W ∈ Rm×n and Wh ∈ Rm×n , and positive scalars
ξ, ξh and γ satisfying the LMI of (10), then using matrices
S ∈ Rn×n , Sh ∈ Rn×n , W ∈ Rm×n and Wh ∈ Rm×n ,

(10)

(11)

(12)

(13)

(14)
(15)
(17)

fixed gain matrices K ∈ Rm×n and Kh ∈ Rm×n are
determined as K = WS −1 and Kh = Wh S −1 , respectively.
Moreover the compensation input ψ(x, t) ∈ Rm is given
by (11). Then the control input of (2) is a point memorybased variable gain robust control with guaranteed L2 gain
√
performance γ ⋆ = γ.
Proof: Let us consider the function of (5) and the inequality condition of (7). The time derivative of the function
V(x, t) along the trajectory of the closed-loop system of (3)
is given by (12).
Firstly, we consider the case of xT (t)PBB T Px(t) ≥
δxT (t)x(t). By applying Lemma 1 to the third and the forth
terms in the right hand side of (12), we obtain (13). Then
the substituting the compensation input ψ(x, t) ∈ Rm of (11)
into (13) and some trivial manipulations give the relation of
(14). Moreover, since z T (t)z(t) in (6) can be written as (15),
one can see that the condition H(x, t) < 0 is equivalent to
T


x(t)
x(t)
 x(t − h)  Φ(P, Ph , K, Kh , γ ⋆ )  x(t − h)  < 0,
ω(t)
ω(t)
(16)



d
1
V(x, t) ≤ xT (t) PAK + ATK P x(t) + He {xT (t)PAKh x(t − h)} + ξxT (t)PDDT Px(t) + xT (t)E T Ex(t)
dt
ξ

1
+ ξh xT (t)PDh DhT Px(t) + xT (t − h)EhT Eh x(t − h) + He {xT (t)PBψ(x, t)} + He xT (t)PΓx ω(t)
ξh
+ xT (t)Ph x(t) − xT (t − h)Ph x(t − h)
(19)
T
T
D
(t)Px(t)
Ex(t)
D
Px(t)
E
x(t
−
h)
+
h
h
xT (t)PBψ(x, t) = −
xT (t)PBB T Px(t) ≤ 0
(21)
δxT (t)x(t)

T


x(t)
x(t)
 x(t − h)  Ψ (P, Ph , K, Kh , ξ, ξh , γ ⋆ )  x(t − h)  < 0,
(22)
ω(t)
ω(t)


T
PAKh
PΓx + C Γz 
 Ψ11 (P, Ph , K, ξ, ξh )


1
△


Ψ (P, Ph , K, Kh , ξ, ξh , γ ⋆ ) = 
(23)
⋆
EhT Eh − Ph
0n×u



ξh


2
⋆
⋆
ΓzT Γz − (γ ⋆ ) Iu

1
△
Ψ11 (P, Ph , K, ξ, ξh ) = PAK + ATK P + ξPDDT P + ξh PDh DhT P + E T E + Ph + C T C.
ξ

Ah S + BWh
Γx + SC T Γz
 Υ11 (S, Sh , W, ξ, ξh )

1
△
Υ (S, Sh , W, Wh , ξ, ξh , γ ⋆ ) = 
⋆
SE T Eh S − Sh
0n×u

ξh h

2
⋆
⋆
ΓzT Γz − (γ ⋆ ) Iu
< 0,

△

T

T

T

T

Υ11 (S, Sh , W, ξ, ξh ) = AS + SA + BW + W B + ξDD +
where Φ(P, Ph , K, Kh , γ ⋆ ) ∈ R(2n+u)×(2n+u) is the matrix
given by (17). Namely, if the relation
Φ(P, Ph , K, Kh , γ ⋆ ) < 0

(18)

holds, then the condition of (7) is satisfied.
Next the case of xT (t)PBB T Px(t) < δxT (t)x(t) is
considered. In this case we can obtain the inequality of (19).
Here we have used the well-known inequality
1
2a b ≤ aT a + ϑbT b,
(20)
ϑ
for a positive scalar ϑ and vectors a and b with appropriate
dimensions. Additionally, since the relation of (21) is satisfied, the condition of (7) can be reduced to (22), where
Ψ (P, Ph , K, Kh , ξ, ξh , γ ⋆ ) ∈ R(2n+u)×(2n+u) is the matrix
expressed as (23) and (24). Namely, if the condition
T

Ψ (P, Ph , K, Kh , ξ, ξh , γ ⋆ ) < 0

(25)

is satisfied then we have H(x, t) < 0. Furthermore, one
can easily see that if the inequality condition of (25) holds,
then the inequality of (18) is also satisfied. Namely, the
inequality of (25) is a sufficient condition for the condition of
(18). Thus, we consider the inequality condition of (25). By
△
△
△
introducing the matrices S = P −1 , W = KS, Sh = SPh S,
△
and Wh = Kh S and pre- and post-multiplying both sides of
the inequality of (25) by diag (S, S, Iu ), we have the matrix

ξh Dh DhT

(24)








1
+ SE T ES + Sh + SC T CS.
ξ

(26)
(27)

inequality condition of (26). In (26), Υ11 (S, Sh , W, ξ, ξh ) ∈
Rn×n is a matrix given by (27). Finally, we introduce a scalar
parameter γ = (γ ⋆ )2 and apply Lemma 1 to the inequality
of (26). Then we find that the inequality of (26) is equivalent
to the LMI of (10).
Therefore the proof of the Theorem 1 is completed.
V. I LLUSTRATIVE E XAMPLES
Consider the uncertain time-delay system with unknown
parameters of (28), i.e. the positive delay constant is h = 0.5.
Firstly in order to derive the fixed gain matrices K ∈ R1×2
and Kh ∈ R1×2 , we consider the LMI condition of (10). By
solving the LMI condition of (10) we obtain the following
matrices S ∈ R2×2 , Sh ∈ R2×2 , W ∈ R1×2 and Wh ∈ R1×2
and positive scalars ξ, ξh and γ;


3.7014 × 10−1 −3.0135 × 10−1
S=
,
⋆
1.4079

1.9380 −1.2930 × 10−1
Sh =
,
⋆
1.5284
(29)

W = −4.3961 −3.7850 × 10−1  ,
Wh = −5.0161 × 10−1 1.6110 ,
ξ = 2.0084, ξh = 1.8845, γ = 2.8021.
Namely, the fixed feedback gain matrices K ∈ R1×2 and

 





2.0
1.0
1.0 0.5
0.5 0.0
0.5 −1.0
+
× ∆(t) ×
x(t) +
−0.5 0.0
−0.5
0.5
 1.0 −1.5 
 0.5 1.0 



0.5 0.0
0.0 −1.0
1.0
1.0
+
× ∆h (t) ×
x(t − 0.5) +
u(t) +
ω(t)
−0.5 0.0
0.5
0.0
0.0
1.0
z(t) = 1.0 0.0 x(t) + ω(t)

d
x(t) =
dt



Kh ∈ R1×2 can be computed as


K = −1.4649 × 101 −3.4045 ,
Kh = −5.1298 × 10−1 1.0345 .

Furthermore, guaranteed L2 gain performance γ ∗ =
given by
γ ∗ = 1.6740.

(30)
√
γ is
(31)

VI. C ONCLUSION
In this paper on the basis of the existing results[8], [16]
we have proposed a point memory-based variable gain robust
controller with guaranteed L2 gain performance for a class
of uncertain time-delay systems. Since the proposed robust
controller can be obtained by solving LMIs, the design
strategy in this paper is useful.
The future research subjects are an extension of the
proposed point memory-based variable gain robust controller
to such a broad class of systems as uncertain large-scale
systems, output feedback systems and so on.
R EFERENCES
[1] K. Zhou, “Essentials of Robust Control,” Prentice Hall Inc., 1998.
[2] B. R. Barmish, “Stabilization of Uncertain Systems Via Linear Control,” IEEE Trans. Automat. Contr., vol.28, no.8, pp.848–850, 1983.
[3] I. R. Petersen and C. C. Hollot, “A Riccati Equation Approach to the
Stabilization of Uncertain Linear Systems,” Automatica, vol.22, no.4,
pp.397–411, 1986.
[4] S. Yamamoto and K. Yamauchi, “A Design Method of Adaptive
Control Systems by a Time-Varying Parameter of Robust Stabilizing
State Feedback,” Tran. ISCIE, vol.12, no.6, pp.319–325, 1999. (in
Japanese)
[5] M. Maki and K. Hagino, “Robust Control with Adaptation Mechanism
for Improving Transient Behaviour,” Int. J. Contr., vol.72, no.13,
pp.1218–1226, 1999.
[6] H. Oya and K. Hagino, “Robust Control with Adaptive Compensation
Input for Linear Uncertain Systems,” IEICE Trans. Fundamentals
of Electronics, Communications and Computer Sciences, vol.E86-A,
no.6, pp.1517–1524, 2003.

(28)

[7] H. Oya and K. Hagino, “Adaptive Robust Control Scheme for Linear
Systems with Structured Uncertainties,” IEICE Trans. Fundamentals
of Electronics, Communications and Computer Sciences, vol.E87-A,
no.8, pp.2168–2173, 2004.
[8] H. Oya and Y. Uehara, “Synthesis of Variable Gain Controllers Based
on LQ Optimal Control for a Class of Uncertain Linear Systems,”
Proc. of the UKACC International Conference on CONTROL 2012,
pp.87–91, Cardiff, 2012.
[9] K. Gu, V. L. Kharitonov and J. Chen, “Stability of Time-Delay
Systems,” Birkhauser, 2003
[10] H. H. Choi and M. J. Chung, “Memoryless Stabilization of Uncertain
Dynamic Systems with Time-Varying Delayed States and Controls,”
Automatica., vol.31, no.9, pp.1349–1351, 1995.
[11] X. Li and C. E. de Souza, “Delay-Dependent Robust Stability and
Stabilization of Uncertain Linear Delay Systems : A Linear Matrix
Inequality Approach,” IEEE Trans. Automat. Contr., vol.42, no.8,
pp.1144–1148 (1997)
[12] X. Li and C. E. de Souza, “Criteria for Robust Stability and Stabilization of Uncertain Linear Systems with State Delay,” Automatica,
vol.33, no.9, pp.1657–1662, 1997.
[13] L. Yu and J. Chu, “An LMI Approach to Guaranteed Cost Control
of Linear Uncertain Time Delay Systems,” Automatica, vol.35, no.6,
pp.1155–1159, 1999.
[14] T. Matsuki, K. Fukui, T. Kubo and H. Oya, “Robust Stability of Inverse
LQ Regulator for Neutral Systems with Time-Varying Delay,” Proc. of
The 5th Int. Symposium on Advanced Contr. of Industrial Processes,
pp.190–195, Hiroshima, 2014.
[15] T. Kubo, “ LQ Regulator of Systems with Time-Delay in the States
by the Point Memory Feedback,” IEICE Trans. Fundamentals of
Electronics, Communications and Computer Sciences, vol.J87-A, no.4,
pp.577–579, 2004. (in Japanese)
[16] Kensaku Endo, Hidetoshi Oya, Tomohiro Kubo and Tsuyoshi Matsuki, “Synthesis of Variable Gain Robust Controllers Based on Point
Memory LQ Regulator for a Class of Uncertain Time-Delay Systems,”
Proc. of The 10th Asian Control Conf., pp.2957–2961, Kota Kinabalu,
2015.
[17] F. R. Gantmacher, “The Theory of Matrices,” vol.1, Chelsea Publishing
Company, New York (1960)
[18] S. Boyd, L. El Ghaoui, E. Feron and V. Balakrishnan, “Linear Matrix
Inequalities in System and Control Theory,” SIAM Studies in Applied
Mathematics (1994)

Design and Implementation of Real-Time Computer
Vision System for Fatigue of Vehicle Drivers
Emre Dandıl*, Esra Çivik+,#, Ali Osman Selvi*
*

Department of Computer Engineering, Faculty of Engineering, Bilecik Seyh Edebali University
Gulumbe Campus, Bilecik Seyh Edebali University, Bilecik, Turkey
emre.dandil@bilecik.edu.tr, aliosman.selvi@bilecik.edu.tr
+
Institute of Science, Bilecik Seyh Edebali University
Gulumbe Campus, Bilecik Seyh Edebali University, Bilecik, Turkey
#
CuteSafe Technology Inc.
TUBİTAK-MAM Technology Free Zone, Gebze, Kocaeli, Turkey
esra.civik@cutesafe.com

Abstract—Traffic accidents caused by driver-related mistakes
during transportation endanger both the driver's life and the
other people in traffic. For this reason, there is a need to develop
innovative technologies for avoiding accidents in order to detect
traffic accidents because of sleeping or fatigue during
transportation, which aims to protect human life by reducing
traffic accidents. In this study, a portable, real time, low cost and
efficient computer vision system which can be used in vehicles for
detecting fatigue situations in drivers has been designed and
implemented. In the developed system, the camera focuses the
head and eye movements of the direct driver. Designed system
warns the driver in the specified situations. Depending on the
head movements and blinking, the system is designed to work in
both dark and light environments. It has been seen in in-vehicle
test applications that the system successfully detects fatigue
conditions in the drivers.
Keywords— Driver sleep detection; fatigue; real time; computer
vision; image processing.

I. INTRODUCTION
In Turkey, road transport has a central position in the
provision of transportation and transportation needs required
by the current social life. The driver is the person who drives
and manages a motor vehicle on the highway [1]. The sleepy
state of the driver due to excessive fatigue can cause accidents.
According to statistics obtained from traffic accident reports
collected in Turkey, driver mistakes is the main source of
traffic accidents [2]. About 1 million 250 thousand people lose
their lives as a result of traffic accidents every year in the
world [3]. According to statistics obtained by The US National
Highway Traffic Safety Administration (NHTSA), exhausted
and sleepless driving causes 100.000 accidents (1.5% of all
types of accidents) and 1500 causalities (4% of all accidents
resulting in death)[4].
According to a survey conducted in our country, heavy
vehicle drivers who were interviewed with them specified that
the most important cause of accidents are such as driving with
alcohol (23.5%), making mistakes (22%), using tired and
sleepless driving vehicles (17.1%), lack of driving experience

(16.2%) and not being able to adjust the speed according to the
traffic flow [5]. In addition, according to the report published
by the General Directorate of Highways in May of 2015, it is
seen that the fault rate is mostly related to the drivers in traffic
accidents that took place between 2008 and 2014 [6].
Traffic accidents caused by driver's own fault during
transportation are very important risk factor for both the
driver's own life and the lives of other drivers as well as
passengers. Sleepiness caused by excessive weariness of the
driver causes accidents. Driving while being in the state of
fatigue or insomnia affects negatively the performance of
driver and causes serious traffic accidents. Insomnia can cause
accidents by affecting mental and psychomotor skills, such as
reaction time, attention, perception, reasoning and
coordination, negatively, just as it is under the influence of
alcohol and drugs [7].
The literature shows that there are many studies on this
area. In one of them, Girit et. al. [8] by analysing the video
segments recorded by the camera, they have proposed a system
to detect when the driver is awake or drowsy. Suryaprasad et.
al. [9] have been working on the video data to detect the realtime driver sleep state in their work. In another study, Parmar
et. al.[10] have developed a sleepy drive detection system in
their work. In this system, the camera is focused directly on the
face of the driver and the eye movements of the driver are
monitored. Wu and Chen [11] have developed a warning
system for vehicle drivers using fuzzy logic and image
processing methods in their work. This non-real time system is
not portable at the same time. It is also incompatible with new
technological tools. Abtahi et.al. [12] have analysed the sleep
states by detecting the flexing event. Image processing
techniques have also been used in this non-real time work.
Nagargoje and Shilvant [13] used the image processing
techniques for vehicle drivers to perform sleep analysis. In
addition, a vibration meter was used in this study. This nonreal-time work also has no portable feature.
In order to reduce traffic accidents and improve passenger
safety in the world, there is a need to develop systems to avoid

traffic accidents by detecting and preventing sleepiness or
fatigue during transportation. This study is aimed at protecting
the human life during transport by reducing the traffic
accidents to a minimum level and providing a safe
transportation. For this purpose, a portable module is designed
detect level of fatigue of a drivers in a vehicle. It is thought that
the developed system will have early signs of fatigue and sleep
and have an important value of preventing traffic accidents.
II. SYSTEM ARCHITECTURE
The scheme of the designed system is shown in Fig.
1. In the study, eye detection is done in real time, focusing
directly on the face of the driver. In this way, a system is
designed which gives an alarm in case of necessity through
iris detection and whether eyes are opened or closed in the
direction of the head movement. First, each video frame from
the camera of Raspberry Pi is processed with the SimpleCV
library and image processing algorithms. So, it’s used to
determine the eye and head movements of the driver. Then,
the system detects whether the driver is tired (sleeping) or not.
According to the situation monitored, microcontroller and
alarm system are activated audibly and visually. In addition,
driver is constantly monitored to ensure safety by the designed
system and the system warns the driver when there is a danger.
Depending on head movement and blinking, the working
system has been developed to work in both dark and light
environments.

In this study, Raspberry Pi 3 is used as the main processing
unit [14]. This minicomputer has the ability to work as a fully
functioning computer, requiring a small number of peripherals
in order to process images from the camera in real time with
image processing algorithms[15]. The Logitech C920 webcam,
fully lightweight and easy to transport, is placed in front of the
driver for shooting the car's driver's videos. It is positioned
right in front of the driver. The camera module has a
resolution of 15 MP and a fixed focus lens supports all
operating systems running on Raspberry Pi [16].

Fig. 2 Obtaining DC voltage from vehicle lighter in designed system

In addition, results obtained with Raspberry Pi 3 are
evaluated and data is transmitted to the Ardunio UNO 3 with
the HC06 Bluetooth wireless communication module. Then
obtained results are carried out to activate the warning
systems. In this study, a warning buzzer is used and a warning
system is designed by using LED and LCD screen for
lightning warning. These warning systems are connected to
the microcontroller board. When the sleep state is detected by
the system, information coming wirelessly via Raspberry Pi
module is processed in microcontroller and then warning
systems are activated.

B. Software Infrastructure
In this study, videos taken from the camera are
processed in real time on Raspberry Pi to detect driver fatigue
level. For this purpose, the SimpleCV library, which is an
Fig. 1 Block diagram of the designed system
open source code infrastructure with video stream capture and
processing capabilities for Kinect, web cam, IP cameras, and
A. Hardware Infrastructure
even mobile phones, has been used to process images taken
In order to make portable the designed system operationally,
from videos on Raspberry Pi. With SimpleCV, many highpower of the equipment is provided used from the lighter of
powered computer vision libraries such as bit depth, file
vehicles as seen in Fig. 2. Vehicle lighters usually generate
formats, colour spaces, buffer memory management can be
12V DC voltage, but in some cases this can be high up to 24V
accessed [17].
DC. Like most of the equipment such as the Raspberry Pi 3
module and the Arduino microcontroller board used in this
III. DESIGNED COMPUTER VISION SYSTEM FOR DRIVER
study operate at a constant 5V voltage. For this purpose, a
FATIGUE
DC-DC voltage converter is used to obtain a fixed 5V voltage
The circuitry of the real-time modular and portable
from the vehicle lighter. Bluetooth module is again supplied
system designed to detect fatigue level of drivers in a vehicle
with this converted voltage for the purpose of other audio and
is shown in Fig. 3.
lightning warning systems.

Step 1:
Starting of
system

Step 4:
Iris
detection

Step 2:
Getting
video

Step 5:
Fatigue
detection

Step 3:
Face
detecting
algorithm

Step 6:
Triggering
of warning
systems

Fig. 5 The steps of fatigue detection on designed system

Fig. 3 Designed system module

In the study, first of all, each video frame come from the
camera is processed in real time with image processing
algorithms using Raspberry Pi and the driver's eye and head
movements are determined by software. For real-time
monitoring of the driver in the vehicle, the camera is
positioned so as to see the driver is shown in Fig 4.

In first stage, after the system is started, the face and eye
are detected. If the face and eye are detected successfully, a
frame is drawn on the face and eyes as shown in Fig. 6(a).
After the face and eyes are detected, it’s tried whether the eye
open or closed. If the eyes are open, the 'eyes open' expression
is shown in the terminal. As shown in Fig. 6(b), the driver
receives the necessary message in the warning system.

(a)

Fig. 4 Deployment of camera inside vehicle

With the developed system, focusing on the face of the
driver directly, the iris is detected after the eye region is
determined. Then, according to the iris state, it’s determined
whether the eyes are open or closed, and the directions of the
head motion. Therefore, it is perceived that the driver is tired
(in the state of sleep). According to the situation monitored,
microcontroller and warning systems are activated audibly
and visually. In addition, the driver is constantly monitored to
ensure safety with the designed system and to warn the driver
when a dangerous situation occurs. Depending on head
movement and blinking, the working system has been
developed to work in both dark and light environments. The
scheme of the working steps of the system is shown in Fig 5.

(b)
Fig. 6 a) Drawing of face and eye regions in situation of eye open, b)
triggering of warning systems

In the developed system, if both eyes are closed, 'eye
closed' expression is seen on the terminal as seen in Fig 7(a).
Afterwards, the audible and visual warning systems are
immediately activated as shown in Fig. 7(b).

(a)

(b)
Fig. 7 a) Detection of situation of eye close, b) triggering of warning systems

(a)

(b)

In the developed computer vision system, if only one eye of
the driver is open, this is considered as eyes open, as seen in
Fig 8.

(c)

Fig. 8 Situation of only one eye close

In the system, in addition to detecting the drowsy states of
the driver, other aspects of the drivers are also checked. For
example, if the driver does not focus on the road while the
vehicle is moving, warning systems are activated and the
driver is warned. Moreover, if the head is moving backwards,
forwards and leftwards / rightwards, driver is also warned, Fig
8(a), Fig 8(b), Fig 8(c) and Fig 8(d) show the behaviour of the
computer vision system when the head of the driver moves
backwards, to the right or to the left and backwards.

(d)
Fig. 8 Situation of a) head ahead, b) head right, c) and head back, d) warning
system

IV. CONCLUSIONS
In this study, a portable, real-time working computer vision
system is designed to detect fatigue conditions of the drivers
in the vehicle. It is thought that the developed system will
have early signs of fatigue and sleep and will have a great
prevention in preventing traffic accidents. All operations
carried out in the study have been tested in the vehicle. With
the power from the vehicle cigarette lighter, when the vehicle
is in motion, the system is started and the status of the driver
is monitored in real time. In the system tested on different

persons, the fatigue states of the drivers are obtained
successfully with 85% accuracy.
Besides, in the study, it is aimed to minimize the traffic
accidents caused by these conditions by considering the sleep
problem of the drivers which is one of the biggest factors in
the occurrence of traffic accidents. In addition, warning
systems are set up to inform the driver when the vehicle driver
is not focused on the road at the time of driving.
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Abstract—Rail maintenance on railways is very important to
prevent dangerous situations that can occur. With rail
maintenance, deterioration and abnormal conditions on the rail
can be detected and intervened beforehand. Thus, dangerous
situations can be prevented. Contact and contactless methods are
used in the maintenance of the rails. Non-contact methods are
very important because they do not cause damage due to the rail
contact. In this study, a three-dimensional rail image is obtained
using a CCD camera and a laser scanner. Obtained images are
processed with image processing techniques to obtain a rail
profile. The high-precision three-dimensional image captured by
the laser scanner detects small distortions in the image and
provides depth information by breaking the laser beams. In this
way, a precise, highly accurate, reliable method is proposed.
Keywords— railway, computer vision, image segmentation,
threshold.

I. INTRODUCTION
Rails constitute the main components of railways. Railway
abrasions affect railway performance, quality and
maintenance cost considerably [2]. If the rails are regularly
inspected and maintained, the wear and tear on the rail can be
detected without becoming dangerous, and the deterioration
can be intervened early [15]. At the same time, regular control
ensures that an advanced maintenance plan can be made. In
this way railway safety is ensured and maintenance costs are
reduced.
Traditionally, deterioration on the rail was detected by hand
by a trained person. This examination is slow and dangerous.
It also depends on the perception of the person. For these
reasons, visual and ultrasonic sensors have been used to detect
the deterioration of the rail [9]. Ultrasonic examination has
been found to be the best method for detecting internal cracks
[16]. However, the inspection speed is slow and cannot detect
defects in the upper surface of the rail [16]. Work has been
increasing in recent years to detect wear and deterioration on
the rail using image processing, computer vision and laser
technology. Control systems using rail imaging are attractive
because they offer high-speed, low-cost, and highperformance techniques for perceiving impairments on the rail
surface [9].
Rail profile measurement on railways is required to be done
regularly, especially in dangerous areas. Measurement by
conventional methods is slow and does not give exact results.
It depends on the ability of the observer to observe, and
contact methods can damage the rail [1]. Therefore, non-

contact measurement is very important for the safety of
transportation on railways and trams.
Marino et al. [1] have developed a real-time visual
inspection system that automatically detects the screws that
rails are attached to the sleeper for railway maintenance. With
this system, missing screws and rail distortions are detected.
With FPGA technology, the distance between the two screws
is measured by using the video images of the rail and the
screw detection block is realized with artificial neural network
[1]. At the same time, the whole rail is compared to the solid
rail profile, and a block of detection of the discontinuities is
realized [1]. Alippi et al. [2] implemented a real-time
compound image processing algorithm for rail profile
measurement on railways. The area containing the rail profile
of the image taken by the laser scanner CCD camera is
obtained by algorithmic preprocessing and the rail profile is
reconstructed using artificial neural network techniques [2].
Alippi et al. [3] suggest an embedded system methodology for
real-time analysis of rail profiles on railways. With a detection
system that includes a laser source and two CCD cameras, a
two-dimensional image of the rail is obtained and the area is
pre-processed to select the area. Correlation filter is applied to
the selected area to remove the profile and to perform subpixel purification. Hayashi et al. [4] have implemented a realtime system that detects failures on railways. Faiz et al. [5]
analyzed the state tracking information of the rail profile on
the UK railways. Two CCD cameras and one laser source are
used to monitoring the rail and detect defective areas on the
rail profile. The rail profile values obtained by monitoring are
compared with the standard rail profile using standard
deviation and discrete tilt, and the detected fault is classified.
Zhipping et al. [6] realized the wavelet transformation of the
rail profile irregularity for the Beijing-Tianjin interurban highspeed railway. The cause and location of rail failure from
different periodic components can be determined using
wavelet transform and power spectral density analysis. The
results of the grid analysis can evaluate railway construction
quality on railways and guide rail maintenance. Shi et al. [7]
have studied the management of the information system that
detects line gap in railways based on non-contact
measurement techniques. A laser scanner and a camera are
used for contactless measurement. We have developed a
separate system for calibration of the system and it has been
seen that the line-gap detection system works quickly and
correctly according to the test results. Wang et al. [8]
developed a pre-processing algorithm called 'Gaussian

Reduction in Fuzzy Images' to detect the distortions on the
surface of the rail head. Learning has used partial differential
equations and has learned to filter the system. According to
the experimental results, it is seen that the partial differential
equation is the most effective pre-treatment method to detect
the deterioration of the surface of the rail head. Li [9] has
implemented a real-time visual inspection system for discrete
surface distortions in the rail head. A rail image is taken with
this image acquisition system. Inferior images are obtained
with rail extraction algorithm because of the rail image.
Contrast of lower images is increased by non-linear and nonilluminated local normalization method. Thus, distortions are
perceived as distortion localization based on projection profile
which is resistant to noise and operates very fast. Trinh et al.
[10] have developed a real-time image processing based rail
inspection system that detects impairments or imperfections in
connecting elements, an important component of the rail. With
this system, camera images and video frames are
superimposed to match the physical rail objects by combining
the detected objects, the GPS information and the speed
information obtained from distance measurement and the
video stream from all camera images. After these components
are detected and placed, advanced data integration and
analysis are performed to detect second-level rail distortions.
Jie et al. [12] have applied a preprocessing algorithm to rail
images to detect distortions in the rail cantilever, and then
detect geometric distortions by performing a geometric
analysis of the gray level histogram curve. Innovative
approaches to traditional methods, such as the use of racial
injustice and dependence on human power, are proposed as a
non-contact method for the detection and detection of failures
on the railway by taking advantage of such benefits as contact,
quick and effective results [22]. In this method, a laser beam
is used to generate images of the rail by forming a laser beam
and locating it so that the laser beam can be viewed by the
laser beam.
In this study, an experimental setup was created using a
CCD camera and a laser source. The laser beam is scanned by
sending laser beams with special software. The shape of the
rail is obtained by breaking the laser beams. Any fault that
occurs on the rail also appears in this way. Whether the rail is
defective or not is decided by processing the images taken
from the rail. This is a non-contact method since it uses laser
and image technologies. As the scan of the rail is performed
with laser beams, environmental factors such as oil and sand
in the image are not perceived as malfunction. This feature
suggests that the method is a reliable method.
II. PROPOSED METHOD
In this method, images are taken with a laser scanner
camera combined with special software that includes a CCD
camera and a projection. The projection of the laser scanner
camera and the CCD camera are calibrated by positioning it to
be able to see the rail. If the calibration is wrong, correct
image cannot be obtained. The image obtained with the test

setup is processed to provide useful data. Feature extraction is
performed from the processed image. The extracted features
are used by the developed diagnostic algorithm and the result
is obtained. The flow of these steps is shown in the block
diagram of the proposed method. The block diagram of the
proposed method is as shown in Fig 1.

Figure 1. Block diagram of the proposed method

Step 1: Obtaining images
An experimental setup was created with a laser
scanning camera with a CCD camera and a projection. This
test setup is positioned so that it can see the rail head and the
lateral area. The camera and projection are calibrated to look
the same. The aim is that the laser source scans the track
correctly and the camera takes the image of the correct area
when scanning occurs. With the special software of the
camera, laser beams are sent periodically in the form of
horizontal and vertical lines in the project and the laser beams
are scanned. The depth of each rail is obtained by breaking the
line laser beams which are transmitted horizontally and
vertically. Again the image scanned with the same software is
obtained with the CCD camera. The most important factor
here is to calibrate the camera and projection. Therefore, the
first camera and projection are calibrated. Rail is scanned with
laser beams as in figure 2.
The laser beams from the projection scan the rail. When the
rail is scanned, each line is broken by the shape of rail. The
scanned rail image is obtained with a camera and a threedimensional image is obtained as shown in figure 3 with
special software that the camera has. The basic logic in
software that uses camera and projection is to obtain the
depths of the image by breaking the laser beams.

the camera software is processed as in Figure 1. Since the
colour image taken from the camera is difficult to hide and
manipulate, the resulting image is first converted to a grey
level. Grey level image contains brightness values between 0255. The grey level image was extracted by applying the
Roberts edge filter method. The above masking matrices used
in the Roberts edge subtraction method are applied to each
pixel of the grey level view. In order to get effective data from
the image of the edges and to make the image more selective,
Figure 2. Scanning of the rail with laser beams.
the complement of the view is taken. The histogram of grey
level image is obtained. A threshold value is applied to the
Step 2: Image Processing
grey level image in the direction of the values obtained from
Projections that send laser beams to the rails are taken and the histogram. This threshold is set at 120. Pixels remaining
images are taken from the rails. With the breakage of the laser below this value have been removed from the image.
beam, the wear and deterioration of the line is clearly reflected. Segmentation is done in this way. The edited image is
The resulting colour image is converted to grey level images. converted into a binary image. Each pixel 1 with a value 0 in
Rail images can be affected by the camera's vibration and the binary image is made a 0 pixel with a value 1. In this way
environmental factors, and these vibrations can be noisy in the the complement of the view has been achieved. To remove the
final trace. Vibrations in the rail image can be eliminated by noises in the complementary image, a median filter was
various noise filtering methods. The most important types of applied with a matrix [3 3]. With median filtering, the image
noise are as follows:
is treated as [3 3] matrices for each pixel. For each matrix, all
Salt-Pepper Noise: This noise is sharply scattered on the values are sorted from small to large and the middle value is
shaped image. [17] The image clearly shows black and white placed in the middle of the matrix.
pixels. This type of noise generally causes errors in the
operation of the pixel elements of the camera's sensors, or the Step 3: Feature Extraction
timing of the digitization process. Low, these noiseless forms
An algorithm has been written to obtain useful data from
can be eliminated. Median filtration is a commonly used type the new image obtained after image processing. There is a
of filtering [18].
noticeable difference when looking at the robust and defective
Gaussian Noise: Electrically generated noise in the image rail images obtained after image processing. Thus, an
acquisition process [17]. It causes random fluctuations in the algorithm has been written that finds the black pixel numbers
image. Noisy image if an image function I (x, y) contains a in the new images obtained after the image processing. The
Gaussian noise in the form N (x, y);
number of black pixels in the processed image is obtained by
the following algorithm. This algorithm takes the image as
It is expressed in the form. This noise can be eliminated by input and returns the number of black pixels in the image as
Gaussian filtering [19]. It can be destroyed by taking the output.
average of the whole view.
Periodic Noise: The type of noise that periodically repeats
objects on the image. Trigonometric functions can be created
and added to the original image to eliminate this noise [17].
Edge extraction methods are often used to obtain useful
data from noise-free images.
Roberts edge detection: The oldest and simplest edge
extraction method. Only horizontal and vertical edges can be
detected. It's fast and simple. Thus, it can be used in real-time
applications [17]. The mask and calculation equation is as
follows:

As a result of the edge detection, the image obtained from
the image and the useful data can be obtained. The image
scanned with the laser beams sent from the projector and
obtained by the camera and rendered into three dimensions by

Table 1. The Algorithm for Feature Extraction
Algorithm: Obtaining the number of black pixels in the
image
G processed image
R, C number of rows and columns
k0 black pixels number
For all i such that i<C
For all j such that j<R
If G(j, i) == 0
k = k+1;
Endif
Endfor
Endfor

Stage 4: Diagnosis
In this study, 100 robust rails and 50 defective rail images
were obtained. These 150 images have been processed. The
number of black pixels in the processed image ranges from
500 to 1500. When the number of black pixels in the resulting
test image is more than 1000, it is decided that the image is
defective.

III. EXPERIMENTAL RESULTS
In this study, an experimental setup consisting of a laser
scanner projection and a CCD camera was created. The block
diagram of the experimental setup is shown in figure 3. By
applying image processing techniques to the rail images
obtained with the experimental setup, the image feature can be
removed. The rail images obtained by these image processing
techniques are as shown in figure 3. Figure 4 shows images of
a healthy rail and a faulty rail, and the processed states of
these images are compared. As can be understood from the
figure, the image obtained from the laser scanning camera is
an RGB image. Since the resolution and size are large,
memory is a problem in multi-image processing.

these black pixels that the rail is faulty or healthy. In this
study, 100 robust rail images and 50 defective rail images
were obtained. The obtained images are processed and
rendered as properties. The number of black pixels in the
processed image is obtained. The figure containing this
number of black pixels is as shown in figure 5. The first 100
images were taken from robust rails and the next 50 data were
taken from faulty rails. As you can see in the graphic above,
the number of black pixels in the first 100 lines is less than
1000. The last 50 data have large values of 1000. This graph
shows that our method works correctly. In Figure 4, the image
of a healthy rail and the image of a defective rail obtained
from a laser camera are shown.

(a)

(b)

Figure 4 The images obtained from laser camera.
(a)

The RGB image of healthy rail, (b) The RGB image of defective
rail.

In Figure 5, the gray image of a healthy rail and the grey
image of a defective rail are shown.

Figure 3. The block diagram of the experimental setup developed for the
proposed method

So, first, color images are converted into gray level images.
The gray level view will be easier to hide and process. A
Roberts edge mask of [2, 2] is applied to each pixel of the
gray-leveled image. Since the Roberts edge extraction
algorithm only recognizes the horizontal and vertical edges
and the mask size is smaller, it is a very simple method. This
adds to the speed of the improved method. The extracted
image is converted into a binary image for easy operation. The
complement of the image is taken so that the binary image can
be more clearly detected and removed. The image's black
pixels are converted to white, white pixels are converted to
black pixels. Due to environmental factors, such as sludge and
diesel oil, which may occur in rails, noises may appear in the
image due to the vibration of the camera caused by train
motion. These filters have been destroyed by a median
filtering matrix [3, 3]. As shown in figure 4 (a), this image
processing technique results in a clear difference between a
defective rail and a healthy rail. This shows that the method
developed is correct. By applying the algorithm given above
to the new image obtained by processing, the black pixels in
the image are obtained. It is determined by the number of

(a)

(b)

Figure 5. (a) The grey image of healthy rail, (b) The grey image of defective
rail.

(a)

(b)

Figure 6. (a) The result image of healthy rail, (b) The result image of
defective rail.
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Figure 5. Black pixel numbers for each result image
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IV. CONCLUSIONS
As railways, trams and high-speed trains become
widespread; the reliability of these modes of transportation
also comes to the forefront. Regular control of rails is very
important to ensure safety in railways. In this study, a method
was developed using a laser scanner camera with a CCD
camera and a projection. With the images taken from the
camera, the wear and deterioration of the rails can be detected
by breaking the laser beams. With this algorithm, the fault can
be detected at an early stage. With the early diagnosis of
failures, maintenance costs will be reduced and existing
human and hardware resources will be used in the best
possible way. The proposed study suggests a correct, robust,
reliable, fast workable method that can be used in the control,
monitoring, supervision and measurement of the rails, which
can diagnose the wear, deterioration, cracks and breaks on the
rail at an early stage.
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Abstract— The meaning of prediction is a statement or claim that
a particular event will happen in the future. In this study, heart
disease prediction with 13 variable data was done by using
Artificial Neural Network method. The data set was determined
from the UCI dataset, which is a rich source of heart disease. The
set includes 270 medical and physical information of the heart
patient. Of these data, 200 were used for training and 70 were used
for testing. Among the estimated prediction models, it is seen that
the model with the best estimation ability is the network
architecture which uses the single hidden layer, 10 processing
elements
(13-10-1)
and
the
Levenberg-Marquardt
backpropagation algorithm (TrainLM) as the learning algorithm.
The developed 13-10-1 network architecture artificial neural
network model prediction performances show that artificial
neural network method has a successful performance in
estimating heart disease.
Keywords— Artificial Neural Network, Prediction, Heart Disease

I. INTRODUCTION
Artificial neural networks (ANNs) can analyse the
relationship between input and output using real examples in
the past. Depending on these associations, new sample outputs
can be estimated. Today, the health sector produces large
amounts of data about patients and diseases. By using these
data, it is possible to diagnose the disease correctly and to make
effective treatment of the disease. Poor diagnosis can lead to
tragic consequences which are unacceptable.. According to the
World Health Organization (WHO) survey, 17 million of total
global deaths are caused by heart attacks and stroke [1]. The
heart is one of the vital organs for human. So the discomfort
that will occur in the heart is very large. Thousands of people
have lost their lives because of heart disease. Heart disease is
not something that can be seen directly. There are many
variables in the diagnosis of heart disease. By interpreting these
variables, the discomfort is determined by time and experience.
People need such systems to make diagnostics faster and more
efficiently using time effectively and efficiently. Diagnosis is a
complex and important task that must be carried out correctly
and efficiently. With machine learning methods it may be
possible to make an accurate diagnosis at an acceptable level.
A number of studies focusing on the diagnosis of heart diseases
have been conducted for this purpose. Different machine
learning techniques have been applied for diagnosis.

Sellappan Palaniappan et al. [2] Naif Bayes developed an
Intelligent Heart Disease Prediction System (IHDPS) using
Neural Network and Decision Trees.
In [3], twenty clinical parameters consisting of intermittent
and continuous variables were obtained from ten patients with
atherosclerosis in the radial artery and fifteen patients without
disease. The data are trained with artificial neural networks.
Training and test results were found to be 86.6% and 80%
respectively.
The authors have been suggested to estimate the heart
disease, blood pressure and glucose using artificial neural
networks. The dataset contains 13 parameters in each record.
Neural Network with backpropagation algorithm is used for
training and testing of data [4].
Kotel'nikova et al. (5) have formed an ANN model for the
prediction of atherosclerosis. As a result, they reported that the
diagnosis made with ANN was 1.5-3 times more accurate than
the diagnosis made by the doctor.
Rebrova et al. (6) developed an ANN model for the diagnosis
of atherosclerosis and found the sensitivity of the ANN to be
97%.
Latha Parthiban et al. [7] have proposed an approach based
on the cooperative neuro-fuzzy inference system (CANFIS) for
the prediction of heart disease. The CANFIS model uses neural
network capabilities with fuzzy logic and genetic algorithms.
In this study, models were developed by artificial neural
network method for estimating hearth diseases by using the
data obtained from UCI database [8]. These models were
evaluated with performance criteria. The best estimation model
was found. The best model was shown to be able to help
diagnose the disease with less medical testing and effective
treatment.
II. MATERIAL AND METHOD

A. Artificial Neural Network
Artificial Neural Networks (ANN) is data processing
technique that has been inspired by the working principle of the
human brain, artificially mimicking the nerve cells of the brain
and applying it to computer systems to solve complex problems.
ANN learns from the sample as it is in the human brain and is
often used where the relationships between the hosts are not
very complex and linear. [9,10].
Because ANNs are a modelling of the biological nervous
system, they have the advantage of being capable of

automatically generating and learning new information through
learning from the characteristics of the human brain without
any help. It is also a feature of ANN that it can generalize and
work with an unlimited number of variables [11].
As a consequence of all these features that ANN are used
many areas such as classification [12], control [13], image
processing [14], modelling [15], sport [16], prediction [17], exc.
While there is no limit for the application area of ANNs, almost
any probing which can be transformed into a fixed input and
output variable can be applied.
In this study, hearth disease was estimated with the method
of ANN. Many models have been developed by changing ANN
parameter such as training function, transfer function, neuron
numbers. The most optimal model is simulated with unshown
data for ANN test performance.

B. Models Performance Indıcator
There are many performance indicators that are used to
evaluate ANNs estimation power. In this study, the correlation
coefficient (R), Mean Absolute Error (MAE), Root Mean
Square Error (RMSE), Mean Absolute Percentage Error
(MAPE) and Mean Square Error-MSE) were used as a
performance indicator. The formulas as follows:

[1]

[2]

[3]

[4]

[5]

The parameters Yi and Xi indicate estimated and real values,
respectively. The R value ranges from 0 to 1, which means that
the dependence between the calculated and measured values in
the approximation of 1 is strong. The closer the R is to the value
1, the greater the reliability of the model [18]. The values that

have the highest R and the lowest values of MAE, RMSE,
MAPE, and MSE are taken into consideration in determining
the ANN performance.

C. Statistical data for Heart Disease Prediction
In this study, 270 heart disease data from UCI database were
used. 13 different parameters are used as input data. The input
and output parameters can have the following values:
Input Parameter
- age in years
- sex (1 = male; 0 = female)
- chest pain type (Value 1: typical angına; Value 2: atypical
angına; Value 3: non-anginal pain; Value 4: asymptomatic
- resting blood pressure (in mm Hg on admission to the hospital)
- serum cholestoral in mg/dl
- fasting blood sugar > 120 mg/dl (1 = true; 0 = false)
- resting electrocardiographic results (Value 0: normal; Value
1: having ST-T wave abnormality; Value 2: showing probable
or definite left ventricular hypertrophy by Estes' criteria
- thalach: maximum heart rate achieved
- exercise induced angina (1 = yes; 0 = no)
- ST depression induced by exercise relative to rest
- the slope of the peak exercise ST segment (Value 1: upsloping;
Value 2: flat; Value 3: downsloping)
- number of major vessels (0-3)
- thal: 3 = normal; 6 = fixed defect; 7 = reversable defect
Output parameter
- diagnosis of heart disease (angiographic disease status) Value
0: < 50% diameter narrowing; Value 1: > 50% diameter
narrowing
Statistical information given in Table 1 is shown.
Table 1. Statistical analysis of experimental data used in
ANN model.
The raw data to be used in the development of the ANN
model needs to be normalized in terms of learning process and
prevention of mistakes before the network begins training. For
this reason, input and output data are normalized using equation
6 before network training begins.

= 0.8

(

(

)

+ 0.1

[6]

Where Xmax and Ymin are the maximum and minimum values
of the parameters in the data set, Xi is the normalized version
of the X data. 74% of the normalized data were randomly
divided into two parts to train the network and the remaining
26% to be used to simule the trained network.

training and simulation results with performance criteria is
given in Table 2.

TABLE I
STATISTICAL ANALYSIS OF HEART DISEASE DATA

Parameter
age
sex
chest pain type
resting blood pressure
serum cholestoral
fasting blood sugar
resting electrocardiographic
results
maximum heart rate
exercise induced angina
ST depression induced by
exercise relative to rest
the slope of the peak
exercise
number of major vessels
thal

Min.
29
0
1
94
126
0

Max
77
1
4
200
564
1

Std. Dev.
9
0
1
18
52
0

TABLE 2
HEART DISEASE RATE PREDICTION ACCURACY

Training

Simulation

R

0,938

0,610

MAE

0,014

0,081

0,005

0,030

0

2

1

MSE

71
0

202
1

23
0

RMSE

0,070

0,173

MAPE

0,014

13,321

0

6

1

1

3

1

0
3

3
7

1
2

III. RESULTS
Models have been developed to show the utility of ANNs in
predicting heart disease. In these models, 270 of them were
used for training purposes and 200 of them were used to
determine the best performing ANN architecture. The
remaining 70 data were used for the simulation. To achieve the
best results, 34 models with different architectures have been
developed. In these models, the neurons in the hidden layer
were tried randomly from 2 to 30. The training function for the
best training results was TRAINLM, the transfer function was
LOGSIS, and the number of neurons was 10. The regression
graph for the model is shown in figure 1.

As seen in Table 2, heart diseases can be estimated with 61%
accuracy. This suggests that ANN can be used to diagnose heart
diseases.
IV. CONCLUSION
The aim of this study is to investigate the accuracy of the
ANN method in order to more accurately estimate the presence
of heart disease. For this purpose, 270 data with 13 different
input parameters were used from the UCI database. 200 of these
data were used for training in ANN method. 34 different
architectural models have been developed for training. It was
determined that the architect with the best model performance,
the architecture with 10 neuron, tansig and trainlm functions.
This architecture has been modelled with 70 data not shown to
the network. Simule results were evaluated with performance
criteria. The results showed that ANN could predict heart
diseases with 61% accuracy.
REFERENCES
[1]

[2]

[3]
[4]
[5]

[6]

[7]

Figure 1. ANN regression Graph

The model with the best training results has been simulated
as not shown data to the network. Evaluation of the best model

[8]

C. S. Dangare AND S.S. Apte, “Improved study of heart disease
prediction system using data mining classification techniques,”
International Journal of Computer Applications, vol. 47(10), pp. 44-48,
2012.
S. Palaniappan, and R. Awang, “Intelligent heart disease prediction
system using data mining techniques,” In Computer Systems and
Applications, AICCSA 2008. IEEE/ACS International Conference, pp.
108-115, IEEE, Marc 2008
C. Çolak, M. C. Çolak, and M.A. Atıcı, “An artificial neural network for
the prediction of atherosclerosis,” Journal of Ankara University Faculty
of Medicine, vol. 58(4), 2005.
N. Guru, A. Dahiya and N. Rajpal, “Decision support system for heart
disease diagnosis using neural network,” Delhi Business Review, vol
8(1), pp. 99-101, 2007.
E. V Kotel'nikova, V. I. Gridnev, P. Dobgalevskiĭ, and A.B. Bespiatov,
“Prognostication of coronary atherosclerosis for selection of tactics of
management of patients with ischemic heart disease,” Kardiologiia, vol.
44(3), pp. 15-19, 2004
O. Rebrova, M. Maksimova, and M.A. Piradov, “The neural network
algorithm for diagnosis of ischemic stroke pathogenetic
subtypes,” Zhurnal nevrologii i psikhiatrii imeni SS Korsakova, vol. 12,
pp. 23-28, 2004.
L. Parthiban and R. Subramanian, “Intelligent heart disease prediction
system using CANFIS and genetic algorithm,” International Journal of
Biological, Biomedical and Medical Sciences, vol. 3(3), 2008.
http://archive.ics.uci.edu/ml/datasets/heart+Disease (last accessed:
january 15, 2018)

[9]
[10]
[11]
[12]

[13]

[14]

M. Kashaninejad, A.A. Dehghani, M. Kashiri, “Modeling of wheat
soaking using two artificial neural networks (MLP and RBF),” Journal
of Food Engineering,” vol. 91(4), pp. 602-607, 2009.
K.P. Singh, A. Basant, A. Malik, G. Jain, “Artificial neural network
modeling of the river water quality—a case study,” Ecological
Modelling, vol. 220(6), pp. 888-895, 2009.
E. Öztemel, E. “Yapay Sinir Ağlari,” PapatyaYayincilik, Istanbul, 2003.
S. Koçer and A. E. Tümer, “Classifying neuromuscular diseases using
artificial neural networks with applied Autoregressive and Cepstral
analysis,” Neural Computing and Applications, vol. 28(1), pp. 945-952,
2017.
E. Muñoz, M. Ruiz and R. Peñabaena-Niebles, “Design of a quality
control system for autocorrelated data based on artificial neural
networks,”
In Control, Decision and Information Technologies
(CoDIT), 2017 4th International Conference, on pp. 0265-0270, IEEE,
2017, April.
S. H. Wang, J. Sun, P. Phillips, G. Zhao and Y.D. Zhang, “Polarimetric
synthetic aperture radar image segmentation by convolutional neural

[15]

[16]
[17]

[18]

network using graphical processing units,” Journal of Real-Time Image
Processing, pp. 1-12, 2017.
A. E. Tumer and S. Edebali, “An Artificial Neural Network Model for
Wastewater Treatment Plant of Konya,” International Journal of
Intelligent Systems and Applications in Engineering, vol. 3(4), pp. 131135, 2015.
A. E. Tümer and S. Koçer, “Prediction of team league’s rankings in
volleyball by artificial neural network method,” International Journal of
Performance Analysis in Sport, vol. 17(3), pp. 202-211, 2017.
A. E. Tumer and S. Edebali, “Prediction of wastewater treatment plant
performance using multilinear regression and artificial neural networks,”
In Innovations in Intelligent SysTems and Applications (INISTA), 2015
International Symposium on pp. 1-5, IEEE, 2015, September.
S. A. Kalogirou, “Applications of artificial neural-networks for energy
systems,” In Energy Systems, pp. 17-35, 2000.

MISO Antenna for Sensor-Aided Cognitive Radio Networks: Sensing and
Throughput Analysis
Md Sipon Miah∗ , Michael Schukat∗ , Enda Barrett∗ and Mohammad Amzad Hossain∗
# Dept. of Information Technology, National University of Ireland Galway
Galway, Ireland
{m.miah1, michael.schukat, enda.barrett, m.hossain3}@nuigalway.ie
Abstract— The wireless sensor network (WSN) is one of the
key enablers for the future communications by several wireless
applications. However, radio spectrum in WSN is very crowded
for the rapid increasing wireless applications. Moreover, the
throughput demand for wireless applications requires high
throughput. Cognitive radio (CR) technology is applied to WSN
which provides not only a promising solution for spectrum
scarcity problem but also meet the throughput demand of these
wireless applications. In this paper, we proposed multiple-input
single-output (MISO) antenna based cooperative spectrum
sensing (CSS) for sensor-aided cognitive radio networks (SACRNs) using the enhanced equal gain combining (EGC) based
soft fusion rule under noise uncertainty environment. In this
scheme, each CR is equipped with MISO antenna which can
be utilized the signal-to-noise ratio (SNR) of the PU signal.
Finally, the paper is supported with extensive simulation results
that demonstrate the performance of proposed scheme in terms
of probability of detection and probability of false alarm.
In addition, the proposed scheme achieved higher the system
throughput compared with the conventional scheme under any
condition.
Keywords— cognitive radio, spectrum sensing, cooperative, multiple input single output, throughput, sensor nodes, cognitive
radio wireless sensor networks

I. I NTRODUCTION
The wireless sensor network (WSN) will play an important
role in future wireless communications by several applications scenarios [1][2][3], such as big data applications,
Internet of things, E-commerce, environment monitoring,
health-care, agriculture, and smart metering. However, the
scarcity of the public radio spectrum is becoming more and
more serious due to the rapid development of wireless technologies. Moreover, the allocated spectrum is scarcity and
underutilization that vary (between 15% and 85%) according
to location and time [4].
Cognitive radio (CR) technology [5][6] is being considered as a promising solution to prevailing spectrum problem which can maximize the utilization of the frequency
bandwidth that belongs to the primary user (PU). In the
cognitive radio network (CRN), the cognitive users (CUs)
opportunistically access the allocated spectrum bands that
are temporarily available.
An energy detection (ED) technique can be used by a
single CU for fading idle spectrum. However, it cannot deal
with the hidden terminal problem [7] which arise due to
multipath fading and shadow effects and result in the sensing
performance degradation.

Recently, cooperative spectrum sensing (CSS) schemes
[8][9][10][11] were proposed to overcome the hidden terminal problem in single CU sensing. Benefits of CSS schemes
have been investigated in S-ACRNs [12][13]. In [13], the
authors apply CR technology in sensor network. Like CSS
scheme, the sensor nodes (SNs) perform sensing to determine
the status of the PU locally and transmit their received results
to the corresponding to the CU, which combines them and
makes a decision based on some fusion rules. These fusion
rules can be classified as soft fusion rule [14] i.e., equal
gain combining (EGC), maximal ratio combining (MRC),
etc and hard fusion rule i.e., OR-rule, AND-rule and Mrule etc. However, the sensing performance is analyzed for
CSS scheme under Rayleigh fading only. Moreover, each
sensor-aided CU is equipped with single-input single-output
(SISO) antenna. In [15], the authors focus on EGC based soft
decision under Suzuki fading which is a composite Rayleighlognormal fading. However, this EGC based soft fusion rule
does not utilized the signal-to-noise (SNR) of the PU signal
in a CRN.
In the present era [16][17][18] developments multipleinput multiple-output (MIMO) antenna technique adjoin a
new dimension in spectrum sensing. The concept of MIMO
has drawn a lot of interest in the CR research which can
mitigate fading and shadowing effects. With the emergence
of MIMO antenna, multipath is effectively converted into
benefit for communication system. As result, MIMO antenna
can provide outstanding performance for detecting the PU
signal over SISO antenna.
Up to now, based on our studies there is no published
research about the enhanced EGC based soft decision under
noise uncertainty environment. In this paper, we propose a
new multiple-input multiple-output (MISO) antenna based
CSS in S-ACRNs, to achieved both better sensing performance and maximization throughput due to a large receiving
antennas array under noise uncertainty environment. We
consider each CU equipped with MISO antenna due to power
consumption constraint. The CSS in S-ACRNs, each SN
transmits the received signal directly to the corresponding the
CU through the error free control channel in an orthogonal
manner, and then CU makes a local soft decision based on the
proposed enhanced EGC based soft fusion rule and exchange
their local decisions to each others to makes a global decision
on the present or absent of the PU signal. In the proposed

enhanced EGC based soft fusion rule, the probability of
detection is higher compare than the conventional EGC based
soft fusion rule in the conventional S-ACRNs using SISO
antenna. Based on these detection probabilities, the system
throughput of the primary network and the S-ACRN are
analyzed in the conventional and proposed schemes.
The paper is organized as follows. In Section II, we
present our proposed S-ACRNs system model. In Section III,
we proposed MISO antenna based CSS in S-ACRNs using
the enhanced EGC based soft fusion rule. In Section IV,
simulation results are shown, and conclusion of the paper is
drawn in Section V.
II. S ENSOR -A IDED C OGNITIVE R ADIO N ETWORKS
(S-ACRNS) S YSTEM M ODEL
We considering the proposed S-ACRNs system model
which consisting of three entities, i.e., the primary network,
the sensor network, and the cognitive radio network. Q
sensor nodes (SNs) with having only single antenna and N
CUs with having both the antennas as receiving antennas
(Tr ) and one antenna as transmitting antenna (Tt ). The
operation of the S-ACRNs is depicted in Fig. 1. A SN
received signal from the primary user (PU) and transmits
to the corresponding the CU for making a local decision.

the transmitted signal by the PU with variance σx2 and nq (k)
is a circularly symmetric complex Gaussian (CSCG) with
2
variance σn,q
. Moreover, hq (k) is the channel gain between
the PU and the q th SN.
At the ith CU with the j th antenna, the received signal
from the q th SN will be given as follows
Yi,j (k) =

Q
X

yq (k)

(3)

q=1

III. P ROPOSED MISO ANTENNA FOR S-ACRN S USING
THE ENHANCED EGC BASED SOFT FUSION RULE
A. ED Technique
An estimation of the received signal power Ei,j by ED
technique at the ith CU with j th antenna is given the
following
L
1X
Ei,j =
Yi,j (k)
(4)
L
k=1

where L = ts fc , ts is the sensing time in ms and fc is the
signal bandwidth in kHz.
According to the central limit theorem (CLT), when L ≥
300 then the probability distribution function (PDF) of Ei,j
which is a chi-square distribution can be approximated as
a Gaussian distribution random variable that is defined as
follows
(

2
µ0,i,j , σ0,i,j

Ei,j =
(5)
2
µ1,i,j , σ1,i,j
B. Proposed Enhanced EGC Based Soft Fusion Rule

In this section, the proposed MISO antenna based CSS in
a S-ACRN using enhanced EGC based soft fusion rule is
analyzed as shown in Fig. 2. In this scheme, each SN senses
energy based on ED technique from PU and transmits it to
the corresponding the ith CU with the j th antenna. At the
CU, power gains Ei,j are combined to obtain the sum of
power gains as E c which is defined based on the Eq. 5 as
follows
N X
M
X
c
E =
Ei,j
(6)
i=1 j=1

Fig. 1: The proposed S-ACRNs system model
The local spectrum sensing problem can be formulated as
binary hypothesis:
(
H0 : if PU is absent
(1)
H1 : if PU is present
Depending on the packet transmission of the PU, the
received signals of the q th SN can be formulated as follows
(
nq (k) ;
H0
yq (k) =
(2)
hq (k) x (k) + nq (k) ; H1
where q = 1, 2, ..., Q which Q is the total number of SNs
and k = 1, 2, ..., L which L is the total number of sample.
Here, yq (k) is the received signal by the q th SN, x (k) is

where c indicates the conventional EGC based soft fusion
rule.
Since, the Ei,j is normal random variable, and their EGC,
E c is also normal random variable. The PDF of the local
test statistics at CU is as follows
(

2
4
N M Lσi,j
, N M Lσi,j
c

E =
2
4
N M L (1 + γi,j ) σi,j
, N M L (1 + 2γi,j ) σi,j
(7)
In the proposed enhanced EGC based soft fusion rule, each
CU can be utilized the distance between the two mean values
of both hypotheses which is denoted by Di,j as follows
Di,j = µ1,i,j − µ0,i,j

2
2
= N M L (1 + γi,j ) σi,j
− N M Lσi,j
2
= N M Lγi,j σi,j

(8)

On the other hand, when the CUtx transmits concurrently
with the P Utx , the signal that the CUrx receives from the
P Utx will be considered as noise. In this case, the CUtx −
CUrx link can achieve the throughput [19]


γCU
C1 = log2 1 +
(14)
1 + γP U

Fig. 2: The proposed enhanced EGC based soft fusion rule
in MISO antenna for S-ACRNs

Now, we calculate the weight of the ith CU with the j th
antenna by normalizing the distance based on the Eq. 8 as
follows
Di,j
ωi,j =
max (Di,j )
(9)
γi,j
=
max (γi,j )
In the proposed EGC based soft fusion rule, the power
gains Ei,j multiply by the corresponding weight of ωi,j are
combined to obtain the sum of power gains which is denoted
as E p using the Eq. 5 as follows
Ep =

N X
M
X

ωi,j Ei,j

(10)

i=1 j=1

For global decision, each CU exchanges their local decisions to each other in the whole S-ACRN which compares
with a corresponding threshold τ to decide the presence
or absence of the PU. Therefore, we can calculate the
probabilities detection and false alarm as follows
Pdp = P r[E p > τ |H1 ]
=Q
Pfp

τ − N M L (1 + γ) σ 2
p
N M L (1 + 2γ)σ 2

!

(11)

= P r[E > τ |H0 ]


(12)
τ − N M Lσ 2
=Q √
2
N M Lσ
PN PM
PN PM 2
where γ = i=1 j=1 γi,j and σ 2 = i=1 j=1 σi,j
.

C. Throughput Analysis

With the frame structure and sensing performance in the
above subsection, we can analyze the system throughput
with several assumptions. When the CUtx transmits data and
the PU is absence, the CUtx − CUrx link can achieve the
throughput as follows [19]

where γCU is the SNR in the CUtx − CUrx link.

IV. S IMULATION R ESULTS
In order to evaluate the MatLab simulation, the following
parameters are considered: the sampling frequency fc is
300 kHz, the PU x(t) is binary phase shift keying (BPSK)
modulated, the number of samples L is 200, the sensing time
ts is 1 ms, the reporting time tr is 0.25 ms, the number of
CUs N is 5, the number of SNs Q is 15, the number of
antenna M = Tr ∗ Tr , here, the receiving antenna Tr is
2, the transmitting antenna Tt is 1 and the average SNR is
−20dB due to noise uncertainty environment. Moreover, the
noise in CUs are AWGN channel, Rayleigh fading channel
and Shadowing fading channel, respectively as follows
In the Rayleigh fading channel [20], if the received signal
amplitude follows a Rayleigh distribution then the SNR γ
follows an exponential PDF given by
f (γ) =

(13)

1 (− γγ )
e
γ

(16)

where γ is the average SNR γ.
In the Shadowing fading channel [21], if the received
signal amplitude follows a log-normal distribution then the
SNR γ follows
f (γ) = √

p

C0 = log2 (1 + γCU )

where γP U is the SNR in the P Utx − CUrx link.
In proposed scheme, the system throughput of both P U
and CU s is given as follows




T − ts − t r  
R=
C0 1 − Pfp p0 + C1 (1 − Pdp ) p1
T
(15)
where p0 and p1 are the probability of absence and presence
of the PU signal, respectively and tr is the reporting time in
ms.

(lnγ−γ)
1
e− 2σ2
2πσγ

(17)

Under such condition, the Receiver Operating Characteristics (ROC) curves illustrated in Fig. 3 shows the global
probability of detection in the SISO antenna for S-ACRNs
scheme under the different fading channels. We can see that
the probability of detection in the proposed enhanced EGC
soft fusion rule achieved higher than the conventional EGC
soft fusion rule. Moreover, we can show that the probability
of detection in the AWGN fading channel is always better
than both of other fading channels.
In Fig. 4 shows the global probability of detection in the
proposed MISO antenna for S-ACRNs scheme under the
different fading channels. We can see that the detection gain
is higher than the SISO antenna based S-ACRNs scheme
due to each CU in the proposed scheme having multiple
receiving antennas (Tr ≥ 2). Moreover, the detection gain in
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Fig. 3: The ROC curves of the proposed SISO antenna based
S-ACRNs under different fading channels

Fig. 5: The system throughput curves vs. the probability of
false alarm at CU in the proposed MISO antenna based SACRNs scheme, Tr = 2, Tt = 1
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the proposed enhanced EGC based soft fusion rule is superior
than the conventional EGC based soft fusion rule.
Fig. 5 shows the system throughput for the conventional
SISO based S-ACRNs and proposed MISO based S-ACRNs
schemes depending on false alarm probabilities of CU, e.g.,
the system throughput is a function of Pfp . The system
throughput in the proposed scheme is higher than that of
the conventional one for the entire range of Pfp under the
different fading channels.
V. C ONCLUSIONS
In this paper, the proposed MISO antenna based S-ACRNs
scheme can achieved better sensing performance (20%) in
comparison with the conventional SISO antenna based SACRNs scheme under AWGN fading channel. Simulations,
the sensing performance is verified under the different fading
channels. Moreover, the system throughput in the proposed
enhanced EGC based soft fusion rule in S-ACRNs under
AWGN channel, Rayleigh fading channel and Shadowing
fading channel are 30%, 15% and 24% over the conventional
EGC based soft fusion rule, respectively. However, one
drawback of MISO antenna for S-ACRNs is high power
consumption which is our future research issue.
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thermal image-based method for detecting defects in the wheels
of railway vehicles. Johansson et al. [10] conducted a study to
detect wear failures due to friction and wear during shear pass.
Railway scissor components are monitored in the study. During
the shear pass, the wheel modelled the rake contact by
simulation. Bocciolone et al. [11] a signal processing based
method for detecting faults occurring on the rail surface. In the
proposed method, the vibration signals that are generated
during the train's railway line are used. Palsson [12] completed
a thesis on optimizing the switches and crossing sections of
railways. In this thesis study, switches and crossing
components are observed and the failures occurring in these
components are investigated. During the transitions, changes in
the switches and crossing areas were observed. The distribution
of loads from one rail to another is examined.
Keywords— Thermal image, Image processing, Rail surface
Apart from studies in the literature, many studies have been
detection, Condition monitoring, Railway.
carried out to fault detect in rail surfaces and components.
Maria et al. [13] proposed a vibration-based method for
I. INTRODUCTION
detecting rail surface faults in railway. They installed a
Rail transport is an important type of transport widely used
vibration sensor on the train's wheel to obtain a signal along the
throughout the world. It is low cost for both passenger and
railway track. Using the wavelet transform on the obtained
cargo transportation. With the development of electric railway
signals, they detected the rail surface defects. Ashwani et al.
vehicles, railway vehicles have become more popular [1,2].
[14] proposed an image segmentation based method for the
Due to the heavy construction of the railway vehicles, there is
detection of railway defect. Using the Maximum Stable
a high probability that failures will occur in the rail components.
Extremal Region Marking (MSER) method, they detected
When minor faults that can occur on the rail line are not
defects on the rail surface. The flow diagram of the proposed
repaired, they cause large faults to occur. In order to detect
method is given in Fig. 1.
failures in railways, rail tracks are monitored and rail
components are checked at certain periods. There are many
methods for monitoring the rail line. In the literature, rail line
Image acquisition
and components are generally monitored using cameras [3-5].
Image preprocessing
Clark et al. [6] proposed a study to thermally examine the
ballast, one of the most important parts of the railway. images
Cropping of image
taken under different conditions of railways, ballast
Image segmentation
temperature change occurs in the image was observed. Tests
(MSER)
were carried out using clean and dirty ballast images. Wiilson
et al. [7] used thermal imaging to detect faults on the rail track
Binary segmented image
surface. First, a specific part of the rail surface is heated. As a
Image feature calculation
result of this heating, the ray is observed with the thermal image.
Jiang et al. [8] presented a high dynamic range imaging model
to simulate the infrared rail image. Initially, a simple numerical Fig. 1 Flow diagram of the proposed method in the literature [14].
model was proposed to calculate the temperature distribution of
the railway station based on the theoretical analysis of heat
Pavel [15] conducted a doctoral study in which he performed
transfer. The distribution of the rail line temperature is
component detection and fault detection on the railway line. By
discussed in detail. The condition was monitored by detecting
detecting rail track surface and connecting elements, defects
the ray line on the thermal image. Zhang et al. [9] proposed a
occurring in these components detect shape disturbances.
Abstract— In this study, a thermal image based method is
proposed to detect rail surface defects on electric railways. Images
were taken from the rail surfaces using a thermal camera.
Watershed segmentation method was used to detect the surface of
the rails on the thermal images. Condition monitoring and fault
detection are performed by extracting features on the rail surface
image. The most important contribution of this study is to use
thermal images to detect malfunction without being affected by
seasonal conditions. In the literature methods, normal images are
usually used for rail surface monitoring. When normal images are
used, the success rate in image processing is reduced because they
are highly influenced by environmental conditions. In order to
verify the proposed approach, a method was applied on
experimental data. The experimental results obtained
demonstrate the success of processing thermal images.

II. PROPOSED METHOD
In this study, a method is proposed for rail surface condition
monitoring and fault detection using thermal images. The
general architecture of the proposed method is given in Fig. 2.
Taking images from a thermal camera
The thermal image segmentation with
Watershed method
Rail surface detection
Rail surface condition monitoring and fault
detection

Fig. 2 The general architecture of the proposed method

The images used in the architecture of the proposed method
in Fig 2 are taken from the thermal camera. Image segmentation
has been applied on the thermal images. In the proposed
method, Watershed algorithm is used for image segmentation.
Watershed segmentation algorithm is an image processing
method based on region subtraction. Watershed method is a
method that can be successful on gray images. In order to apply
this method to binary images, firstly binary image must be
converted to gray image. This segmentation algorithm can be
thought of as a topological surface that expresses each gray
value in the image as height. If water starts to be pushed from
the minimum point of this topological surface, the lowest
regions will get water first. Thus, high places and low places
are divided into two different cluster. Image segmentation is
performed by clustering different colour ranges in the image.
The result obtained by applying the Watershed method on a
sample thermal image is given in Fig. 3.

The rail surface is detected using the Watershed
segmentation result given in Fig. 3.b. After the rail surface is
detected, the rail surface is monitoring and the failures are
detected. The size of the display used in this study is 240x320
pixels. The size of the rail surface is 30x320 pixels. Feature
extraction was done to monitor the condition of the rail surface
and to diagnose the fault. For each column of the rail surface
image of size 30x320, the average of the rows values is
calculated as in equation 1.
 30

feature _ array( j )    image(i, j )  / 30,
 i1


j  1,2,3,...,320

(1)

As a result of Equation 1, a feature array of 1x320 size is
obtained. The values of this feature sequence are normalized to
0-1 as in Equation 2.
reel _ signal ( j )  feature _ array ( j ) / 255

j  1, 2,3,..., 320

(2)

The normalized feature array is called the actual signal. The
actual signal is smoothed as in equation 3.
 j2

smoothed _ signal ( j )    reel _ signal ( j )  / 5
j

j

2



j  3,...,318

(3)

For the thermal image given in Fig. 3.a, the rail surface
detection and monitoring results are given in Fig. 4.

a)
The rail surface defects

a)

b)
b)
Fig. 3 Watershed method on a sample thermal image a) Sample thermal image
b) Watershed segmentation result

Fig. 4 Rail detection and condition monitoring on sample image a) Obtaining
the real and softened signal from the rail surface image b) Rail surface condition
monitoring and fault detection

III. EXPERIMENTAL RESULTS
In this study, images were taken using a thermal camera in
the railway line. The results are obtained by using together with
the method developed in MATLAB environment. In this study,
the proposed method was tested on a computer with 8 GB RAM
and 64 operating systems at 2.00 GHz with intel i5 processor.
Thermal images were taken using a NEC F30W thermal camera.
The essential characteristics of this thermal camera are given in
Table 1.

a)

TABLE I
PROPERTIES OF THE THERMAL CAMERA USED IN THIS STUDY
Technical Features

F30W

Measurement Range

-20°C ile 350°C

Resolution

0.2°C(30°C), 0.1°C(S/N 30°C)

Thermal Image Pixel

160x120 Pixels

Performance Spectral Range
Image refresh rate

8.5Hz

Angle of vision

28° x 21°

Spectral Resolution

3.1mrad

Measurement Taking Visible Photos
Functions
Color Palettes

b)

8-13µm

1.3 Mega Pixel
Rainbow, iris, brightness

The thermal camera used in this study has both normal image
and thermal image at the same time. In this study, four images
were used to obtain the results. The normal images used are
shown in Fig. 5 and the thermal images are shown in Fig. 6.

c)

d)
Fig. 6 Thermal images taken from the camera
a)

b)

c)

d)

Fig. 5 Normal images taken from the camera

In the thermal images given in Fig. 6, black pixels are
expressed as -40 Celsius degrees and white pixels as +40
Celsius degrees. Fig. 6.a shows a healthy rail image, and Fig.
6.b shows a faulty rail image. Images in Fig. 6.c and Fig. 6.d
are taken in the switches and crossing areas. These images have
two rails. Watershed segmentation method is applied on the
images in Fig. 6 to detect the rail surfaces as in Fig 7. The
detected rail surfaces were subjected to feature extraction on
the image and rail condition monitoring and fault detection
were performed.

Average value

a)

b)

c)

d)
Fig. 7. Rail surface condition monitoring and fault detection a) The results from the image in Fig 6.a. b) The results from the
image in Fig 6.b. c) The results from the image in Fig 6.c. d) The results from the image in Fig 6.d.
As shown in Fig. 7, in the proposed method, the rail surface
is detected for two rail lines in the switches and crossing areas.
The image of the rail surface image in Fig. 7.a also appears to
be healthy. Fig. 7.b shows the fault on the rail surface. In Fig.
7.c the adjacent rail surface is defective while the main rail
surface is healthy. In Fig. 7.d the adjacent rail surface is healthy
while the main rail surface is defective. The result from the 1
frame image is approximately 105 ms. The proposed method
was run for 500 images and the rail surface was successfully
detected on 473 images. The success rate of the proposed
method was calculated as 94.6%.
IV. CONCLUSIONS
The rail line components have a critical precaution for rail
transport. Faults that may occur in the railway line should be
detected early and should be maintained immediately.
Otherwise, the train can get out and lead to a big accident. In
this study, a thermal image based method is proposed to fault

detect on rail surface. A 240x320 pixel image is taken from the
thermal camera and the rail surface is detected on the thermal
image. Watershed segmentation method was used for rail
surface detection. Condition monitoring and fault detection are
performed by extracting features on the detected rail surface
image. When the feature extraction is performed, the 30x320
pixel rail surface image is generated by taking the average of
the row pixels of each column. When this process is done for
all columns, a signal of 1x320 size is obtained. This signal is
normalized between 0 and 1. Abnormal changes on the signal
are defined as malfunction. Thermal imaging is widely used in
many areas and successful results are achieved. The use of
thermal images in the railways as well as in all areas provides
advantages for condition monitoring and fault detection. In this
study, the use of thermal images for rail surface monitoring and
fault detection is the main contributor to the study. Since
thermal images are not affected by environmental conditions
like normal images, more successful results are obtained.
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Abstract—This paper analyses wireless and IoT device security
awareness among users over wireless and IoT device usage data in
the capital of Turkey, Ankara and examines the focus needed to
given to increasing security awareness based on the broadband
and IoT device availability. In this context, district based wireless
and IoT device data gathering is realized with the aid of
Warwalking and Wardriving methods. Within the field of study,
53664 wireless and IoT device metadata have been collected in
districts of Çankaya, Gölbaşı, Yenimahalle, Sincan, Etimesgut,
Altındağ and Mamak. Study shows that while the security
awareness in Ankara is calculated as 54/100 and this number is
increasing slowly, the IoT device and broadband availability, thus
the need for increasing the awareness is increasing faster. It has
been considered that this study will provide other researchers a
criterion to calculate wireless device awareness and increase
security awareness.
Keywords—Wireless; IoT; Awareness; Security; Information
Security

I. INTRODUCTION
This study is the continuation of the work done by
Yavanoglu and his colleagues in 2015 and it is aimed to
investigate the changes in the understanding of the security of
the country and the society of this study which was made 3 years
after the writing of the article.
Although the concept of cyber security has been discussed in
different circles almost every day and many academic studies
have been done on it, the notion of awareness which is the basis
of cyber security has not yet been adopted by the public at the
necessary level. One of the most important reasons for this is it
can not be perceived by individuals. The security dilemma that
arises from individuals who have no knowledge and / or do not
care about the consequences of the confiscation of personal
information by others is one of the biggest instruments used by
cyber attackers today.
Rapid and seamless transfer of information is one of the
factors that cause the technology to develop very quickly. This
technological development brings about many security
vulnerabilities. With the creation of the IOT concept and the
introduction of our life, we have access to the internet through
almost any component of the wireless network infrastructure,
from smart home systems, security camera systems, washing
machines to toothbrushes. With the introduction of the IoT
concept to our life, access to the internet is available through
most IoT devices that we make use of, from intelligent home
systems, camera systems, washing machines to toothbrushes [13]. These innovations, which are aimed to make life easier, also
invite hackers to our homes at the same time. As a matter of fact,

the largest DDOS (Denial-of-service) attacks of 2016 were
carried out via IOT systems [1]. Washing machine,
transportation machine, etc. b. Persons who are involved in the
attack by means of devices included in the IOT system have
been used by attackers because of the lack of cyber security
awareness [2,3]. The IoT approach is increasingly used in
everyday life in todays hospitals, in many areas of the industry,
with the spread of concepts such as intelligent home, smart
cities. Including more than 50 million devices will be expressed
in a few years in IoT approaches, security vulnerabilities can
also be found in many different areas. These vulnerabilities in
IoT approaches can be on either hardware or software level. This
situation, it is important to inform users and gain awareness
times more emphasized. In the last 10 years, many studies have
been carried out in Turkey under the "National Cyber security
strategy and 2013-2014 action plans" document in order to
improve the awareness of the cyber security [4]. However, the
security gaps created by the devices included in the IoT system
are still a very new concept in our country. Devices with IoT
approach and complex the level of awareness for users is very
low [5] although structures have begun to be used quickly. The
most basic examples are the weaknesses caused by the devices
used in the IoT approach are the vulnerabilities caused by the
wireless network structure, the threats caused by the encryption
infrastructure used in the communication between the sensors
and the devices, and the problems that can occur during the
authorization and verification steps. Because the architecture
used has multiple engineering disciplines together, security
threats can be compared to other systems it should be more. As
the devices used in the IoT approaches have a lot of personal
information in them, security is the most important factor in IoT
systems.
In the second section of this work, security systems of IoT
devices and administrators' behaviors related to these systems,
scientific explanations and explanations about deficiencies of
IoT devices and approaches to these deficiencies are given. The
methods and procedures followed during the work is given in
the third section of the work. In the fourth section of the work,
the field work results carried out accordingly to the methodology
section are given and explained thoroughly. In the last part of the
study, several findings were given to increase the IoT device
safety awareness in the society, various evaluations were made
and suggestions were presented.
II. LITERATURE STUDY
In a study conducted by Yavanoğlu and his team in 2015, the
study of the safe internet usage awareness of people in Ankara
and the relationship between social consciousness of the

community and socioeconomic level were investigated. In the
study, the measurement of security levels of wireless network
devices was done using wardriving and warwalking methods.
With the examination of the data, it was determined that the
devices use WPA2 encryption method by 72%, SSID identity is
changed by 64% and WPS standard by 43%, and the determined
rates are 95,58% similar to the socioeconomic level of residents
of Ankara, showing the effect of socioeconomic status on
information security [5].
In the work carried out by Tabane and Zuva, it has been
suggested that the IOT approach will directly affect by daily life
in the near future . Authors said that, the IOT system is basically
communicating between different sensors and smart but this
system also spread quickly and get a place in our daily lives. IOT
approaches have included many personal and sensitive
prescriptive knowledge. Authors who emphasize the problems
that may arise if this information is passed on to malicious
people. in a short time they stated that security measures in IOT
systems would be one of the most important issues.Also iot
system which is the hardware structure of smart devices, the
system creates the hardware of the communication with each
other (smart devices, sensors, etc.), And the web forming the
IOT approach is stressed that call forth security vulnerabilities
of each layer, the statement would be one of the near future, the
most important research topics of these problems they have.
Vashi and colleagues defined the IOT approach as smart
home, smart city, smart architecture and smart world. The IoT
structure that connects sensors, devices, hospitals, industry and
customers to each other on the internet has a complex
architecture because of the reasons such as connecting many
devices, using multiple technologies together. The fact that
many devices that meet our needs in everyday life quickly move
to the IOT approach show that, in the next decade the most
important parameter in the intelligent world is IoT. According to
the authors, although security measures are an important factor
in every system and approach, it is certainly the most important
field in IOT systems. In that work performed by Vashi and
colleagues, one of the key safety areas of IOT is the
identification and authorization of devices. In addition,
cryptographic approaches used in the communication of devices,
cryptographic techniques, security protocols are also mentioned
as other important steps to work. They noted that the detection
of unusual processes, the development of vulnerability detection
approaches of intelligent systems are some of the important
needs, and they have questioned, how aware we are of the risks
associated with the ever increasing IOT approaches.
Ahemd, and Shah Wahid claim that, next few years, than 50
million devices will be part of iot system and the security of the
IOT network is one of the top priorities. In their work, they have
examined security vulnerabilities in four layers of the IOT
system (Detection, Networking, Processing and Application
layers) and improved security solutions between 2010 and 2016
against these vulnerabilities. The authors emphasized that the
IOT approach will be one of the most important systems
threatening personal information in the coming years, as it is a
very fast-spreading and daily life-affecting approach. Authors
who indicate that vulnerabilities in the layers of the IOT system
and the communication between the sensors and devices used
can be exploited. They also use different topics such as firewalls,

anti-virus, anti-spyware, Access control Lists, have proposed
solutions in their titles.
S.Sridhar and S.Smys stated that IoT systems may be attacks
the hardware, software and network structure of devices due to
the use of wireless network sensors. The authors have proposed
the Intelligent Security Framework for IOT devices in their
paper. They used Lattice-based cryptography as a method of
end-to-end asymmetric cryptography to improve the security of
IoT gateways and low-power sensors in architectures they
proposed, as well as cloud protection and system malfunction
protection. The keys created by the proposed architecture's
asymmetric key cryptography approach in nodes and the
message is used in the transmission DDOS attacks, carried out
by listening to be protected from attacks and also attacks the
quantum algorithm It was. The authors suggested that there is a
unique identifier for each device in the proposed protocol,
suggesting that this approach is quite successful at the
authentication and verification stages.They noted that many
attacks on the components of the IOT approach could take place
and emphasized that the consequences of not taking the right
security measures could be disastrous in terms of protecting
personal information.
Z. Ling and colleagues focused on the security and privacy
issues of the IOT system in their paper and examined the IOT
approach with two different studies. The authors first proposed
a viewpoint based on risk analysis using ten simple functional
structures in the IOT system. they offer, the software forms the
IOT systems, network and cloud system big data in terms of
providing end-to-end security that creates a logical expression
analysis perspective It has. In addition, the authors of the
Edimax IP camera systems that they perform vulnerability
analysis, exploit the system and claimed that the whole control
was taken over by themselves. Authors can identify attacks like
those they do in the real world and identify potential security
vulnerabilities the results show that the alarm level continuously
increases in the IOT approach.
Atkinson et al can be estimated in this study that, they can
guess many personal data during wireless network usage in via
mobile devices. The work they have conducted demonstrates
that, when a mobile device is using which is connected to the
Internet with wireless network has broadcast many personal
information. Atkinson and colleagues have tried to obtain
personal information about individuals using some of the
applications. They are gathering data remotely in the air. After
get all internet traffic, they are tring to analyze this data [6]. They
can just make sense time and frame size because of encryption
between mobile devices and wireless network. Authors
indicated that they get %99 success rate with "Random Forest
classifier" methods in the observing set. They found that when
they tried to get traffic generated by more than one device and
try to observe in real time, the success rate decreased to 84% in
the controlled environment and 67% in the environment when
simulating real life. With this study, Atkinson and his colleagues
stated that a mobile device which is connected to the wireless
network by internet, can be detect many personal data by using
a remote identification mechanism. Also this work point out that
the changes that can be made to cover the vulnerabilities and can
be the basis for future wireless network protocols can be
revealed by working on wireless networks in large areas.

AG Finogeev and AA Finogeev investigated problems in the
detection of SCADA systems' attacks on wireless network
structures (WSN) by examining the data transmission in the
automated process control systems (APCS) and SCADA
systems with an information security perspective [7]. As a result
of the classification performed by the authors examining the
attack detection studies on the sensor networks and attacks from
outside the SCADA system can be detected by the attackers. The
authors emphasized that most of the attacks in the SCADA
systems in the articles were staffed by working personnel. In
order to solve the problems arising from personnel, it is proposed
to provide necessary education in the field of information
security, to provide the basis of trained and competent personnel,
to define the necessary rules in the internal system and to keep
them under supervision. Also, in the works performed on 128 bit
AES encryption key used for wireless network construction, no
solution can be produced despite using "ZigBee Pro Feature Set
specification" system. In the case of SCADA systems, the
routing table that can be used on the wireless network structure
is proposed to use hybrid switching. This approach give
opportunity to protect system from attack. Authors thinking that
for further work, the approach to hiding data into the data
(steganography) methot can be use for security. Syncing value
and time value can be hidden in data value which is used in
wireless network (session key), so it may take a safer state of the
communication of PLC with SCADA systems over a wireless
network statement they have.
P. Jindal and B. Singh have performed extensive
experimental work on the security level of network structure
with various scenarios in the WLAN architecture working in the
IEEE 802.11 b / g / n stand [8]. The authors intended to measure
the security level and determine the performance of the network
structure using experimental data such as correct data
transmission, response time to request, encryption structure, data
loss, delay in packet. The authors have tested the WEB, WPA,
WPA2, AES and TKIP encryption approaches on WLAN in
accordance with protocols on many different combinations. As
a result of the experiments performed, the security level
increases and the functional network performance decreases as
the IEEE standard 1 rule structure (SSID) goes to the 9th rule
structure. As a result of the experimental observations, WPA /
AES, WPA2 / AES encryption performance is better than WPA
/ TKIP and WPA2 / TKIP encryption. In conclusion, this article
gives experimental results and superiorities against each other in
detail for different security protocols. How to use the protocols
for the applications to be used or the infrastructure to be installed
can be easily performed by examining the results in the article.
FA Alaba and his colleagues have examined the security
vulnerabilities in Internet of Things (IOT) which is one of the
most studied areas in recent years. IoT is a technology based on
the relationship between objects and sensors without human
factor [9]. While many different industrial areas show that the
IOT approaches have been developed rapidly because of reduce
human errors and delays. it is reported that the emerging
technology poses great threats to the security vulnerabilities it
brings with it. The authors addressed two different areas as
security weaknesses. One of them is IoT systems
communication vulnerabilities. IoT system use various
technology to send data each other. This necessity cause some

vulnerabilities. Other weakness is hardware vulnerebility. IoT
systems occur different component and each of them has
different vulnerabilities. Because of that They preffer some
control mechanism. Their suggestion include to generate
control messages on this infrastructure to prevent attacks on the
model that LLNs (low-power and lossy networks) network
system. This system prevent the attack of smart cards and
programmed objects from misleading the system by generating
their own packets during communication. In addition, the
presence of small memory areas on IoT devices, the provision
of encrypted communications and frequency hopping are among
other security measures taken. Datagram Transport Layer
Security (DTLS) and Constrained Application Protocol (CoAP)
protocols are also used for communication in Iot system. In the
examinations carried out by the authors, IoT structure is reported
to be composed of 3 different layers as application layer,
detection layer and network layer. These layers are subdivided
into different usage areas and system components, and each
component has been described as having various security
vulnerabilities originating from its intended use. The authors
should be familiar with the protocols used for each layer (CEN,
ETSI, etc.), the protocols used (DSRC), devices (smart devices,
RFID, smart medical cards etc.), communication formats used
for communication of devices (bluetooth, ZigBee Wi-fi etc.) and
classified the threats to IOT systems as misuse, hacking and
cyber attacks. The authors classify security holes that can be
formed by a scenario involving many areas such as the health
sector, mobile systems, home security systems, mobile game
sector, where IOT systems are used extensively for different
purposes, and superficially transmit the necessary measures
against the attack. The scenarios classify attacks that can be
performed against these threats by classifying the authentication
and authorization systems, firewalls, threats based on smart
applications, threats based on network architecture, data
transmission and communication-related threats, and hardware
threats. As a result, the authors have presented the networkbased threats of each component and system used in IOT
construction and have introduced the cyber attack approaches
that can be implemented towards these areas. In the initial stage
and stated that insufficient security measures in IoT that there
are many security precautions to be developed in the article and
that the precautions should be taken immediately in this area.
Pietro and his friends work ad-hoc wireless network. They
said that coverage area, cheaper services, easily domain changed
is extremely useful [10]. However, due to the fact that the
system has a lot of domain, it can be easily accessed by attackers
everywhere, security measures are inadequate, attackers have
been able to make many attacks like Dos attacks, interception
attacks, etc., is much easier than other wireless network
approaches. The authors divided the ad-hoc wireless network
structure into low-end network structure and high-end network
structure. The low-end network structure is classified as the
network structure resulting from the communication of the
sensors, and the high-end network structure is classified as the
traffic originating from the communication of the network
devices. According to the authors, security vulnerabilities in the
ad-hoc structure can be overcome by taking precautions in the
data collection and encryption steps. Low-end structure to
express a symmetric encryption High-end encryption with the

future structure of the public-switched data transmission Is the
case by the attackers made several attacks may fail It was.
Previous work on these issues has highlighted the
importance of security awareness among users of IOT devices.
In the methodology part of this study, a new method developed
to compare the results obtained by Yavanoglu et al. in 2015 with
IoT awareness is presented.
III. METHODOLOGY
In this section, the methodology of analyzing wireless
security awareness of the selected regions is described, including
the scans, data analysis, analysis and screening of wireless
network devices as well as the methods to be followed.
Residential and workplace scans were conducted between
09:00 and 22:00 due to the scope of the scan. Several tests and
applications have been carried out in order to be able to list
wireless data devices in the surrounding districts and to obtain
data. As a result of these tests and researches, it was decided to
use the app Wifi-Collector, an application developed by Nirsoft,
which provides the most comprehensive way to scan IoT and
network devices that share over wireless access points and to
process on smart devices in particular [11].
The selection of the region, the collection of data and the
methods used to process the data are presented in Figure 1.
In the field selection section, which is the first step of the
field study, provinces that the research should be done have been
determined.
In the next step, mobile teams navigate the selected areas
with the aid of GPS (Global Positioning System) and map
applications, then gather the metadata of IoT and wireless
network devices via Wi-fi Collector application.
The data processing step focuses on extraction and
categorization of the metadata gathered in the previous step.
In data visualization, the processed data is visualized and
prepared for the assessment step.

Field Selection

Data
Categorization

Figure 1. Methodology of the work

B. Data collecting
In the data collection step, Warwalking and Wardriving
methods are used to obtain data on the devices in the selected
zone boundaries. Said methods can be used to scan the selected
region for the wireless network devices in the area with a vehicle
or by foot. The data obtained are as such:








Wireless device name (SSID),
Brand of device,
Signal level,
Security standard,
WPS support,
Scan date and
GPS coordinates.

In this study, IoT devices are identified using Wardriving
and Warwalking methods in the field, with the aid of GPS and
geolocation applications. The recorded data and visited regions
are examined in the data processing module.
C. Data Processing
At this stage, the same data are first distinguished by deleting
them in order and sorting them according to the metadata
disclosed in the data collection section. The obtained data are
divided into categories after they are edited, thus providing a
more accurate way to analyze the data. After editing the data,
they are categorized according to their area, WPS
characteristics, encryption types and frequency they are
broadcasting. A variety of tables and graphics have been created
to provide insight into the content of the data.
D. Data Visualization
After the data categorization step, the data is visualized to
further understand and analyze. Additionally, a map is created
using the geolocation info collected in the data gathering step.

Data
Gathering

Data
Extraction

Data
Visualization

A. Field Selection
The region was selected in such a way that all the counties
of Ankara were considered. All of the districts regardless of any
criteria have been included in the project.

Data
Processing

Assessment
Results

Figure 2. A map visualization of the site survey.
E. Assessment Results
The data that are interpreted by being extracted, categorized
and visualized are compared with similar data in other regions
and studies. In addition to this comparison, the relationship
between the IoT device awareness and the regional data is

analyzed using the broadband access status and device
availability status data of TUIK.

WPS Analysis

IV. EXPERIMENTAL RESULTS
The field survey is conducted according to the methods
specified in methodology section and the results are given in this
section.
During the experiment, a fieldwork has been carried out for
the province of Ankara, within the districts Gölbaşı,
Yenimahalle, Sincan, Etimesgut, Altındağ and Mamak, for the
purposes of collecting data regarding IoT and wireless devices.
As a result of the field work, a total of 50855 IoT devices were
collected. It has been found that upon processing the data and
examining it, only 1787 of the 53664 devices are IoT devices; it
is seen that 42027 of all devices are WPA2, 3939 are WPA, 644
are WEP and 4728 are not password-protected.

24250,
45%

29405,
55%

WPSWPS+

Security Protocols
None, 4728, 9%

Graph 2. WPS analysis of IoT devices

WEP, 644, 1%

Graph 3 compares the SSID names of network devices
participating in the research.

WPA, 3939, 7%

SSID Analysis
None

WPA2, 44323, 83%

WEP

1875, 3%

WPA
WPA2

Graph 1. Encryption types used in IOT devices

Hidden

29445,
55%

22344,
42%

Default
Changed

Graph 1 compares the cryptographic methods of IOT devices
collected from the fieldwork.
WPA2, which is currently the most advanced security device
on the market, shows an increase in awareness among users
when it comes to 83% of all devices and 72% of the work done
in 2015.
Wi-Fi Protected Setup (WPS) is an Internet security
standard that allows users to connect to a wireless network
without having to enter long passwords via a key. However,
keeping the WPS open can make the wireless network devices
vulnerable [12].
It shows that there is no specific change in awareness of the
WPS when compared to the 55% rate quoted in the chart at 57%
of the 2015 study.

Graph 3. SSID analysis for IoT devices
SSIDs are the name used by the devices to identify
themselves to users. SSIDs can consist of a maximum of 32
alphanumeric characters and can be changed or hidden
according to the user's request. Leaving SSID as it is can make
the modem vulnerable to various attacks [13]. In the study
conducted in 2015, a proportional reduction in the SSID change
is observed when 60% of the SSIDs are changed.

as 58 over 100; current results show that the KFP as 61. This
shows that the wireless awareness has increased since 2015 by
3.
Since 2015, some wireless standards have changed; thus
there is a need for a more accurate way to represent IoT
awareness.
WAP (Wireless Awareness Point), is a point system aiming
to estimate wireless security awareness of IoT device users by
the security protocol, SSID and WPS statuses while considering
the latest available security standards at the province.
WAP is calculated by this formula:
%𝑆𝑃𝑑 ∗ 𝑆𝑃𝑝
%𝑆𝑆𝐼𝐷𝑑 ∗ 𝑆𝑆𝐼𝐷𝑝
+∑
+ %𝑊𝑃𝑆 −
𝑆𝑃𝑎
2
3
Formula 1. Wireless Awareness Point formula
∑

Graph 4. Brand analysis of IoT devices
In the brand analysis data, modems with only a valid brand
name are handled, while in the other category, brands with a
ratio of less than 2% are indicated. Compared to the research in
2015, it can be seen that Huawei has decreased while TPLink
and Airties brands have increased and Cisco and CatleNet have
entered the list.

IoT Analysis
1787, 3%

SPd represents currently used wireless security protocol of
the IoT devices, namely “None”, WEP, WPA, WPA2 and
newly added WPA3. SPp is the security level points according
to security protocol, “None” and WEP has the SPp value of 0,
since WEP is already known to be vulnerable more than its
successors. WPA has the value of 1, WPA2 has the value of 2
and WPA3 has the value of 3. SPa is the SPp of the highest
security protocol available in the region. SSIDd is the SSID
status of the device while SSIDp is the SSID points for different
SSID statuses. Default SSID’s have the value of 0, whilst
changed ones have the value of 1 and hidden SSIDs having 2,
being the most secure way. Lastly, %𝑊𝑃𝑆 − represents the
percentage of devices with WPS setting disabled.
Upon calculating the wireless awareness point using the
WAP method, we find the wireless awareness of Ankara as 54
over 100 points.
TABLE I. COMPARISON OF RESEARCH DATA AND AWARENESS
CRITERION IN PERCENTAGE

51877, 97%

Feature

IoT Device

Other

SSID

Graph 5. The ratio of IoT devices to wireless network devices
When we look at the schematic, it can be seen that only 3%
of the existing devices can be found as IoT devices. This rate
covers only IoT devices with wireless access enabled and does
not include IoT devices running on internal networks.
The gathered results are compared with TUIK IoT device
and broadband usage data and the impact of IoT device
awareness on these data are given in the conclucion section.

Security
standard

Ankara2015

Ankara2018

Change

Default

36

42

+6

Changed

60

55

-5

Hidden

4

3

-1

None

7

9

+2

WEP

3

1

-2

WPA

18

7

-11

WPA2

72

83

+11

WPA3

0

0

0

Enabled

57

55

-2

Disabled

43

45

+2

KFP

58

61

+3

WAP

52

54

+2

WPS

V. CONCLUSION
In the study made in 2015 by Yavanoglu et al., a criterion
named KFP is given, aiming to calculate the wireless awareness
of the residents living in an area using the wireless device data
in the area. Upon gathering up all the results and comparing
them to the 2015 results, which has found the KFP of Ankara

Category

Awareness
criterion

This work aims to analyze the relationship between IoT
security awareness and broadband data and IoT device usage.
Wardriving and Warwalking methods described in previous
sections are used for this study. In selecting these methods,
consideration is given to the effectiveness of the method and its
compatibility with the work to be done later, and a multiple-stepmethodology of field study is proposed in the methodology
section. During the work, 53664 active wireless devices
including IoT devices are analysed, which percentages are
shown on Table I. It can be observed that while WEP is the least
used security standard, WPA2 is the most widely used. Since
WPA3 is relatively new and currently there are no WPA3
supporting wireless routers, there are not enough data to
comment on its impact on user awareness. As of 2017, every 28
in 100 households in Turkey have at least one IoT device except
modems [14] and every 78 in 100 households have a way of
broadband access [15]. Compared to these stats, it is assumed
that there is an increasing need to improve IoT and wireless
security awareness in Ankara.
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Abstract — Intelligent technologies that have become
widespread with the development of Internet and
communication technologies are more frequently confronted in
our daily lives. Smart houses, driverless vehicles, smart clocks,
home automation systems, smart glasses, etc. we can say that
many new smart products will have a direct impact on people's
living conditions in the near future. The infrastructure of these
technologies lies in the communication of objects, which are
independent of each other with different abilities, within the
framework of certain protocols among themselves. This
communication networks consisting of devices equipped with
some skills are called intelligent network.

of devices equipped with some skills are called intelligent
network. Networks, created from objects, can be presented
to users in a very large area. Among these there are many
devices such as home appliances, chip on farm animals,
temperature sensors, disaster prevention systems, smart
watches, car computers, military monitoring systems and
early warning systems.

These technologies, which is based on the concept of
"Internet of Things", can be presented with a very different
hardware and architectural infrastructure. One of the most
important factors, that make privileged the concept of the
Internet of Things, is to communicate of the object among
themselves without the human factor. In this study were
studied the structure, communication protocols of WSNs and
its area of usage in IoT. With discovering the key factors of
effective use of WSN in IoT, is aimed to contribute to
recognition of the IoT infrastructure.
Keywords - IoT, Internet of Things, Wireless Sensor Networks,
WSN, IoT Applications, IoT Protocols

I. INTRODUCTION

Fig. 1 Source - Strategy analytics research services, - October 2017: IoT
Strategies, Connected Home Devices, Tablet and Touchscreen Strategies,
Wireless Smartphone Strategies, Wearable Device Ecosystem, Smart
Home Strategies

Internet of Things is defined as the communication of
devices and objects, used in daily life, to each other with
specific protocols. This communication networks consisting

According to research of Cisco the number of connected
objects to the Internet by 2020 is estimated to be 50 billion,
this number is approximately 7 times the world's population

[1]. One of the most important factors, that make privileged
the concept of the Internet of Things, is to communicate of
the object among themselves without the human factor. An
object on the internet of things can be positioned device to
measure physiological data of the human body or assigned
sensor to maintain the distance with the vehicle in front of
any vehicle. In summary it can be any natural or artificial
object, which can be identified with IP address or can
transmit information over a network.
In addition, to evaluation any device under the concept
IoT, it is not necessarily required to be connected to the
internet. But the objects need to have between themselves
the IP address for communications. With transition from
IPv4 to IPv6, has been spread the number of IP addressable
objects. IPv6 features made it possible to connect all objects
to each other and to build Internet of Things. IPv6 has been
designed also to support secure communications to users and
attached all mobility devices.
Among the main individually addressable objects, many
IP-bearing objects, such as computers, sensors, RFID tags or
mobile devices, can perform tasks such as collecting,
transporting, or transferring information by connecting to an
existing network dynamically. [2].
The main factor in having some of the capabilities of
objects in IOT applications is undoubtedly "Wireless Sensor
Networks" (KAA or WSN). WSNs are hardware that have
critical features in place for any non-functional objects that
can act as sensors. These devices can monitor many changes
with hundreds or even thousands of sensor nodes in different
locations, such as movement, temperature, noise level, soil
values, environmental differences, natural events, and can
exchange information with each other [3].
The widespread use of WSNs has also triggered the
production of lower cost, smaller, lower power sensors.
Sensor nodes that establish a strong communication
infrastructure with each other, along with a large number of
random distribution of these sensors in one area, can provide
ad-hoc networks. Thus, thanks to this detection system, the
information in the environment can be caught at any
moment, can be processed according to the structure of the
node, and be transferred to the central node or be spread [4].
II. NODE STRUCTURE OF WSN’S

The basic components of WSNs are sensor nodes that

perform sensing, data processing and communication
functions. Overall operating logic of the sensor nodes are as
follows; sensors that are randomly distributed in various
geographical dispersed areas collect the data and transfer the
sensed data to the neighboring node.

Fig. 2 Structure of WSN's

In this way, the collected data is transmitted up to the
central node, the data received by the central node having
different capabilities than the other nodes are processed
separately and sent to the processed data center.
There are many reasons for using these systems and
the most important ones are;
•

low cost,

•

Ability to detect physical quantities in the
environment,

•

wireless communication short distance and
capacities

•

low power consumption,

•

data processing,

•

limited use of equipment and small perceptions
[5].

Architecture of WSNs
As the structure of wireless sensor networks is different
from other application areas, WSNs usually use star, mesh,
star-mesh hybrid topologies [6], [17], [18].
1) Star:
It is a network topology that can send and receive data
center to the other nodes. Nodes can not exchange data
among themselves but each node is in communication with
the center.
The advantage of WSNs is that nodes can control
energy consumption in this topology and data
communication is faster on this architecture than on other
topologies. The disadvantage of this architecture is that the
other nodes must be within the coverage area of the central
node [6].
2) Mesh
According to the star network architecture, a node in
this architecture is allowed to communicate with other

nodes. If a wireless sensor wants to establish a connection
with another sensor that is out of range, it uses the other
sensor nodes as a bridge and communicates with the sensor
node that is outside the coverage area of the radio waves. In
this way it is possible to communicate with low energy
consumption with sensors spread over a wide area. [7] Also
in this system a new node can be added to the network in a
simple way. The disadvantage of this topology according to
the star network is that it consumes more energy because
the nodes are communicating with other nodes as well as
receiving their own data.
3) Star-Mesh
It is a wireless network connection method which aims
to keep the maximum coverage area and the power
consumption at minimum level by using together the
structure of the star network and mesh network.
In this architecture, nodes are not allowed to
communicate with themselves other than their own nodes.
They communicate directly with other nodes using highpower nodes. In this case, it is aimed to provide less energy
consumption than Mesh topology.
In this network topology, low-power nodes are not
allowed to connect to other nodes other than their own data
transfer. They connect directly to the node via a high-power
node that they wish to access node. With this method, it is
intended to provide for low power consumption of the
nodes used in the wireless sensor network that are installed
in a large area [8].
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Fig. 4 Classified protocols for IOT layers of standard organizations such
as IEEE and ETSI [12], [17]

A. Zigbee
Communication protocol that can provide data
transmission with low power consumption and limited
capacity in data transmission supported by IEEE 802.15.4
standard. This standard installation is preferred because it
has easy and flexible structure and is minimum energy and
low cost.
The most important features of Zigbee are;
·
·
·
·
·
·
·

Reliability
Multiple node support
Quick and easy installation
Long battery life
Security
Lower costs
Manufacturer / provider independence [6], [9]

We can see that the ZigBee 802.15.4 standard is a bit
weaker in terms of data intensities. But it provides
superiority in topology (structure), range and power. In
addition, the number of nodes is much more than other node
architects and it proves that it can be used in many
application fields in wireless network area with this feature.
Major Zigbee Application Areas [9]

Fig. 3 Topologies of WSN's

III. WIRELESS COMMUNICATION STANDARS
ON THE INTERNET OF THINGS

1)
2)
3)
4)
5)
6)

Commercial Building and Home Automation
Safety
Health Sector
Vehicles
Agriculture
Industry

B. IEEE 802.15.1&2 / Bluetooth
Bluetooth is one of the strongest personal area network
standards that enable short-range data transfer between
almost any device with a wireless connection. Due to some
limitations of this technology, it has not been accepted much
by other standards;
The main disadvantages,

1) High energy consumption at short distance
2) few nodes required
3) Synchronization problem with System

C. Z-Wave
Z-Wave is RF communication technology which is
generally used in home automation due to its low power
consumption, wireless operation and low radio frequency
operation. Z-Wave technology works on a mesh network
principle and can control up to 232 points without the need
for a central node. It is used in home automations such as
temperature control, curtain-louver management, security
and camera systems.
Because of the double-sided communication in the Zwave protocol allows you to control all points connected to
your z-wave network with your devices mobile phones,
tablets and so on or inform you when you want. This
technology is preffered often in IOT applications because of
its easy of use and programmability, two-way
communication and superior performance. [10]
General characteristics;
Compared to other protocols, it has a simpler structure,
which makes it fast and easy to use

network, it easily and securely connects hundreds of devices
to each other and directly to the cloud. Thread supports IEEE
802.15.4 mesh network structure with radio receivers and
can process up to 250 nodes with high level authorization
and encryption [11].
General characteristics;
1) Standard:
Thread,
based
IEEE802.15.4 and 6LowPAN
2) Frequency: 2.4GHz (ISM)
TABLE 1
COMPARISON OF FEATURES OF THE IoT PROTOCOLS
[12], [14],[17], [18]
Features

GPRS/GSM

Focus area

RF technology and Low power
"contactless payment" IPv6 network
wide area
Web, email, instead of the Monitoring and
such as public
protocol for home generally used in home Wireless
cable
control
automation due to its Personal Area
audio and data
Video
transportation cards and automation
bank cards
applications low power consumption Networks

Battery life (days) High (50 mA)
Topology
Frequency
Bit Rate
Cost

D. 6LoWPAN
Is a communication protocol that allows multiple devices
operating in accordance with the IEEE 802.15.4 standard to
communicate with devices in the physical world (sensor,
etc.) and to use data spread over a large area with less
energy. IPv6 network technology is used. The most
important feature that brings 6LowPAN one step forward is
that is connected directly to the internet without gateway and
dialer. 6LowPAN is a very simplified version of IPv6. The
general characteristic is to work on low energy and low
equipment. It is also a more suitable model for devices with
minimum memory, CPU and power.
1)
2)
3)
4)
5)

Directly internet integration end-to-end
Multiple topology options
High data capacity
Average coverage alanı(75m)
Provides low power and cost requirement

E. Thread
Thread is generally based on IP based IPv6 network
protocols for home automation applications. With using
Internet Protocols in a low-energy and wireless mesh

Wi-Fi

Medium

Star, Tree Star, Tree, P2P

Bluetooth

Range(meter)

10 Mb/s

ZigBee

Low (<15 mA) Low (<15 mA)
Star, Tree

700-2700 MHz 2.4 - 5.8 Ghz 2.4–2.5 GHz

Area of success

1) Standard: Z-Wave Alliance ZAD12837 / ITU-T
G.9959
2) Frequency: 900MHz (ISM)
3) Range: 30m
4) Data Rates: 9.6/40/100kbit/s

on

Low (<15 mA)

Thread

Low (<15 mA)

Z Vawe

Low (<15 mA)

6LowPAN

Low (<15 mA)

Mesh, Star, Tree

P2P

Mesh

Mesh

Varies

2.4 GHz

13.56 MHz

2.4GHz

900MHz (ISM)

2.4 GHz

250 kbps

424 kbit/s

250kbps

100kbit/s

250 kbps

High

Low

Low

Medium

Medium

Medium

Medium

Medium

1000+

1-100

1-10+

1-75+

< 20 cm

30m

30m

Accessibility
and Quality

11 to 105 Mbit/s 2.1 Mbit/s

NFC

velocity and
flexibility

cost and
convenience

durability, cost
and power
consumption

it easily and
it has a simpler
securely connects
Power consumption is
hundreds of devices structure compare to
less required in NFC to each other and
other protocols
directly to the cloud

75m
Provides low
power and
cost
requirement

F. NFC
Near Field Communication (NFC) is a wireless near
field contact technology that allows easy and two-way
communication between smartphones and like smart
devices. Of course, public transportation cards and bank
cards with "contactless payment" are good examples of this
technology. The working principle of NFC is as follows;
passive NFC devices that include devices with small
transmitters can send data to other devices without the need
for an own energy source. But they can not process any data
from other devices and can not connect to another passive
NFC device. Active NFC devices can send and receive data
as well as process data. They can also work with themselves
or with passive NFC devices. Mobile phones are the best
examples of active NFC devices.
NFC also allows data exchange over radio frequencies
such as Bluetooth, WiFi and other wireless connections. The
difference that distinguishes NFC technology from other
standards is that by moving the active device closer to the
passive device, it can move the passive device with magnetic
waves without requiring any power source [12].
Some characteristics of NFC;
1) Standard: ISO/IEC 18000-3

2) Frequency: 13.56MHz (ISM)
3) Range: 10cm
4) Data Rates: 100–420kbps
In addition to these standards, some of the other
standards that may be more frequently encountered in IOT
are WiFi, Cellular, Sigfox, Neul and LoRaWAN.
IV. WSN APPLICATION AREAS
A. WSN's Application Areas
WSNs are used in many areas because of their reliability,
self-organization, flexibility and ease of installation in all
canned environments. WSNs have been referred to for use
in many areas such as Military, Health, Environmental
Perception and Monitoring, Habitat Monitoring,
Agriculture, Traffic and Roads, Logistics and
Transportation, Smart House Applications and Maritime
Applications.
1) Military Applications;
Military applications are among the first uses of
WSN’s. This area is preferred because of its intensive
distribution based, low cost, easy to install, and does not
affect military operations according to conventional sensors
when destroyed.
It is also known that military applications use the most
tactical sensor networks, and these devices are more
complex in terms of network topology, automatic
configuration, maintenance and energy consumption.
Many methods such as identification, detection, followup and registration of the enemy with sensors are included
in these operations[13].
2) Health Practices
WSNs are also one of the most frequently used areas.
The encoded serial data is transmitted to the LCD screens
via the digital temperature sensor placed in the human body
and can be interpreted with the data coming in front of the
healthcare professional. The physiological data about the
patient can be collected while continuing to daily life
without any pain to the patient. [14]
3) Smart Houses
In smart home automation, such technologies are often
used to minimize energy consumption at home, and with the
developments in this area, application areas have been
expanded to control all areas in the house.
Multiple systems can be controlled automatically. The
consumption of natural resources can be optimized by
catching the usage data of highly detailed electricity, water
and gas networks.
4) Environmental Monitoring Applications

Environmental monitoring applications are one of the
most important applications of wireless sensor networks.
Examples of this area include glacier monitoring, fire alarm,
flood alarm, micro-level landscape mapping, solar radiation
mapping, and many other monitoring and monitoring
operations.
Examples include prevention of avalanche disasters
with sensors installed in mountains between Switzerland and
Italy and glacier tracking project in Norwegian.[15]
5) Agricultural Applications
Today, irrigation, fertilization, and management of
pesticides in agriculture has been left to the discretion of the
farmer or agriculturist. There is no any feedback. Feedback
is required for detailed monitoring. In the right place, water
and fertilizing activities at the right time are essential for
product quality.
It is possible to measure parameters such as soil
moisture, productivity, air temperature, biomass yield by
means of networks.
Query-based WSNs are the reason why feedback is
particularly important in agricultural applications. By
choosing these devices, a significant reduction in data traffic
can be achieved. Therefore, this field uses nodes that provide
two-way communication. In addition to displaying the
environment parameters, it also controls the devices that
perform functions such as irrigation in agricultural areas
[16].
In addition to the application areas mentioned above, we
can see that many underground fields use WSNs such as
forest monitoring, seismic sensing, energy supply and
transfer systems.
V. CONCLUSION
The definition of connection with everywhere, every
time, with everybody and with every object comes out as the
main slogan of the concept of the "Internet of Things".
Many aspects of the Internet such as communication,
education, banking, living standards, health, etc., are part of
our lives and have led to the development of new
technologies.
In our work we want to find out how the "Internet of
Things" can work with wireless sensors. Many new
applications have been developed on the IOT side with new
generation wireless detectors that can provide two-way
communication in particular.
WSN-based wireless communication standards have laid
the foundation for many applications on the IOT side. Due
to these technological innovations that have entered our
lives, many convenience in life standards has come to
fruition. We must say that in addition to the many positive
sides, there is no doubt that it has some of its own worries.

Security and privacy are critical in many WSN
applications. The security of information about people or the
confidentiality of data collected especially by military
applications is very important. Sensor Network applications
can operate in a wide variety of physical environments and
constraints. Different implementations and designs will be
required in each application in order for sensor network
nodes to be used effectively. Finally, the mechanisms
necessary to ensure safety must be tailored to the
architectural structure of the target application and to the
physical surroundings.
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Abstract— Travelling salesman is an NP-hard problem in the field
of combinatorial optimization that is often worked on. With this
problem, it is aimed to visit the target cities without any repetition
and go back to the starting city using shortest route. Due to the
high complexity of the problem, meta-heuristic methods are
usually preferred in solving this problem. In the study, Artificial
Atom Algorithm which is a new meta-heuristic approach, was
used for solving traveling salesman problem for 81 provinces in
Turkey. Its performance was compared with Genetic Algorithm,
Particle Swarm Optimization and Artificial Bee Colony
Algorithm which were used to solving the same problem.
Keywords— Artificial intelligence, Computational intelligence,
Traveling salesman problem, Meta-heuristic algorithm, Artificial
atom algorithm, Genetic algorithm, Particle swarm optimization,
Artificial bee colony algorithm.

I. INTRODUCTION
Traveling Salesman Problem (TSP) is a combinatorial
optimization problem that can be considered as a measure of
success for optimization algorithms [1]. In addition, in the real
world, TSP has applications in sectors such as student service,
cargo distribution and logistics. For this reason, there are many
studies in this field and different meta-heuristic algorithms are
used to solve TSPs in the literature. For example, Çolak
presented the solution of TSP using Genetic Algorithm for a
distribution company in Adana in Turkey [2]. Özsağlam
implemented the applications for 10 small and middle scale
TSP and solved TSP for provinces and districts in Turkey using
Particle Swarm Optimization Algorithm [3]. Akça presented
the solution of TSP with Artificial Bee Colony for provinces
and districts in Turkey [4]. Dorigo and Gambardella applied
Ant Colony Optimization Algorithm to some symmetric and
asymmetric TSPs in TSPlib [5]. Ouaarab et al. presented the
solving of TSP using Discrete cuckoo search algorithm [6].
Deng et al. presented a hybrid swarm intelligence optimization
algorithm for 35 datasets obtained from TSPLIB [7].
In this study, A3 which is a new nature-inspired metaheuristic approach, was applied to TSP for 81 provinces in
Turkey and its performance was compared with Genetic
Algorithm, Particle Swarm Optimization and Artificial Bee

Colony Algorithm [3], [4]. We implemented A3 to the TSP using
MATLAB 2017a on an Intel Core-i5 2.5 GHz Turbo 3.1 GHz
PC. We aimed to present optimum route for TSP of 81 provinces
in Turkey.
This paper is organized as follow. Section 2 briefly describes
Traveling Salesman Problem (TSP). Section 3 describes a new
meta-heuristic algorithm - Artificial Atom Algorithm (A3).
Section 4 explains the method which is used in the application
of TSP with A3 for 81 provinces in Turkey. Section 5 illustrates
the experimental results and compares with Genetic Algorithm,
Particle Swarm Optimization and Artificial Bee Colony
Algorithm. Finally, Section 6 concludes this paper.
II. TRAVELLING SALESMAN PROBLEM (TSP)
Traveling Salesman Problem (TSP) which is an optimization
problem, aims a salesman to travel all cities just once and return
the starting city using the shortest way. It is intended with TSP
to find the optimal route for visited cities. The mathematical
formulation of the TSP is as follows:
Minimize:
𝑧 = ∑𝑛𝑖=1 ∑𝑛𝑗=1,𝑖≠𝑗 𝑥(𝑖, 𝑗)𝑑(𝑖, 𝑗)

(1)

∑𝑛𝑖=1,𝑖≠𝑗 𝑥(𝑖, 𝑗) = 1, 𝑗 = 1,2, … , 𝑛

(2)

Constraints:

∑𝑛𝑗=1,𝑖≠𝑗 𝑥(𝑖, 𝑗) = 1, 𝑖 = 1,2, … , 𝑛

∑𝑛𝑖,𝑗∊𝑆,𝑖≠𝑗 𝑥(𝑖, 𝑗) ≤ ∣ 𝑆 ∣ − 1, ∀𝑆 ⊆ {1, … , 𝑛},
2 ≤∣ 𝑆 ∣≤ 𝑛 − 2

(3)

(4)

Equation (1) shows the objective function for TSP. In this
function, expression of 𝑑 (𝑖, 𝑗) denotes the distance between
city i and city j. Expression of 𝑥(𝑖, 𝑗) donates whether there is
a way from the city i to the city j. Constraint (2) and (3)
guarantee that one city is visited only once. Constraint (4) is the
requirement of the sub-round elimination [8]. Because the
complexity of this problem is (𝑛 − 1)! , its solution with

mathematical optimization algorithm is rather difficult. For this
reason, heuristic or meta-heuristic algorithm are generally
preferred for the solution of TSP [9].
III. ARTIFICIAL ATOM ALGORITHM (A3)
A3 which is a meta-heuristic algorithm, is inspired by
chemical compounding processes. A3 has been developed by
modelling chemical ionic bond and covalent bond processes.
The most important feature of A3 is that A3 examine the effect
of parameter values on the result separately. This feature
distinguishes A3 from other meta-heuristic algorithms [10].
There are three important concepts for A3. These are electron,
atom and atom set. Electron represents each parameter value
that has an effect on the solution. Atoms consist of electrons
and indicate candidate solutions. Atom set consists of atoms
and is determined according to the size of the problem. Fig. 1
shows a representation of atom set [10]-[15].
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Fig. 2 Flowchart of covalent bond operator [15]

When the ionic bond operator is applied, instead of the
electrons in the ionic region, random electrons are incorporated
into the atom set. The algorithm of the ionic bond operator is
given in Algorithm 1.

Fig. 1 A representation of atom set [15]

A3 uses two basic operators during algorithmic steps. These
are covalent bond and ionic bond operators. When the covalent
bond operator is applied, two atoms are matched in the atom set
and these atoms are compared in terms of electron effects. Then,
the electron with the greater effect value is copied onto the
electron with the smaller effect value. Let 𝐴𝑗 and 𝐴𝑟 be
matched atoms and 𝐸[𝐴𝑗 [𝑖]] and 𝐸[𝐴𝑟 [𝑖]] be effect values of
the ith electron of these atoms. According to this, the pseudo
code of the covalent bond operator is as follow [14], [15]:
// 𝑖 ≤ 𝑛
𝑖1,2, … , 𝑛
If 𝐸[𝐴𝑗 [𝑖]] is better than 𝐸[𝐴𝑟 [𝑖]]
Copy value of 𝐴𝑗 [𝑖] to 𝐴𝑟 [𝑖]
Else
Copy value of 𝐴𝑟 [𝑖] to 𝐴𝑗 [𝑖]

The flowchart of the covalent bond operator is given in Fig.

2.

Algorithm 1: Ionic Bond Operator
𝐼𝑜𝑛𝑖𝑐 𝐵𝑜𝑛𝑑 (𝐴𝑡𝑜𝑚𝑆𝑒𝑡, 𝑚, 𝑛, )
𝑗1, … , 𝑚 // 𝑚 : Number of atoms
𝑖 𝑛 + 1, … , 𝑛 //  : Covalent rate
// 𝑛 : Number of electrons
𝐴𝑗 [𝑖]𝐿𝑖 +  ∗ (𝑈𝑖 − 𝐿𝑖 )
// 𝐴𝑗 [𝑖] 𝐴𝑡𝑜𝑚𝑆𝑒𝑡
//  : A random number generated between (0-1)
// 𝑈𝑖 : Upper bound for 𝑖 th attribute
// 𝐿𝑖 : Lower bound for 𝑖 th attribute
The algorithmic steps of A3 are as follows:
1- Create atom set with random values
2- Calculate the value of objective function for each atom
3- Calculate the effect value of each electron on the
objective function
4- Sort atoms according to objective function values and
electrons according to effect values
5- Repeat the following steps until the number of iterations
a) Apply covalent bond operator

b)
c)
d)
e)

Apply ionic bond operator
Calculate the objective function values
Calculate the effect values of electrons
Sort atoms and electrons among themselves [10][15].

IV. APPLICATION OF TSP WITH A3 FOR 81 PROVINCES IN
TURKEY
Discrete problems can be solved by selecting, sorting or
grouping discrete parameter values. TSP is a discrete problem
that is easy to define but difficult to solve. A3 was originally
designed for solving continuous problems. So that, some
changes have been made to the structure of A3 to solve discrete
problems where the ordering of parameter values such as TSP
is important. The covalent region is the left area of the atom set,
the ionic region is the right area of the atom set for continuous
problems. In order not to cause recurring or never-visited cities
with ionic bond operator in application of TSP, covalent region
is located at the top of the atom set and ionic region is located
at the bottom of the atom set. Fig. 3 shows the structure of atom
set for TSP [15].
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TABLE I
THE PARAMETER SETTINGS OF A3 FOR TSP

Parameter

Value

Number of electron

81

Number of atom

100

Covalent region ()

0.5

Number of iteration

0.5
1000

For TSP, the number of electrons is determined by number
of cities. Distances between cities are calculated using the
Euclidean distance method and the results are rounded to
integer [16].
For TSP, the objective function is determined as the sum of
the covered distance by travelling all cities and returning to the
starting city. Furthermore, while the effect value of the
electrons on the objective function are calculated, the effect
value of a city is calculated by the distance to the neighbour city
that is visited after itself [14], [15].
The changes which made in the algorithmic steps of A3 for
TSP, are given in Fig. 4.

Fig. 3 The structure of atom set for TSP [15]

Thus, the new candidate solutions (new atoms) are included in
the atom set with ionic bond operator.
In order to avoid causing recurrent or never-visited cities
with covalent bond operator in application of TSP, new
methods have been developed for 5 different situations by
benefiting the 2-opt. technique [6], [14], [15].
𝐴𝑗 [𝑘] = 𝐴𝑟 [𝑙] = 𝑎 // 𝑘 = {1, … , 𝑛 − 1}
// 𝑙 = {1, … , 𝑛}

Unlike the benchmarking problems, the electron which has
larger effect value, is updated by the covalent bond operator,
because the electron effects in TSP are determined according to
distance between cities [14], [15].
For TSP application, the parameter settings of A3 are given
in Table I.

Ionic region ()

Ionic Region

A1[1]

If 𝑘 < 𝑙; 𝐴𝑟 [𝑘 + 1: 𝑙] = 𝐴𝑟 [𝑙: −1: 𝑘 + 1]
Else if 𝑙 ≤ 𝑘; a) If 𝑙 = 1 and 𝑘 = 𝑛 − 1
𝐴𝑟 [𝑘 + 1 𝑙] = 𝐴𝑟 [𝑙 𝑘 + 1]
b) Else if 𝑙 ≠ 1 and 𝑘 = 𝑛 − 1
𝐴𝑟 [𝑘 + 1: −1: 𝑙] = 𝐴𝑟 [𝑙: 𝑘 + 1]
c) Else if 𝑙 = 1 𝑎𝑛𝑑 𝑘 ≠ 𝑛 − 1
𝐴𝑟 [𝑘: −1: 𝑙 + 1] = 𝐴𝑟 [𝑙 + 1: 𝑘]
d) Else if 𝑙 ≠ 1 𝑎𝑛𝑑 𝑘 ≠ 𝑛 − 1
𝐴𝑟 [𝑘 + 1: −1: 𝑙] = 𝐴𝑟 [𝑙: 𝑘 + 1]

(5)

To implement covalent bond operator, assume that 𝐴𝑗 and
𝐴𝑟 are matched in the atom set. The number of electrons
contained in atoms is denoted by n. As shown in Equation (5),
𝑘 and 𝑙 indicate the index of electron in two matched atoms.
Accordingly,

Start

Create the atom set with random values
in permutation form
Calculate objective function values and
electron effect values

Sort atoms by objective function values

i

iteration number

No

Fig. 5 The best route with A3 for TSP of Turkey’s provinces

Yes
Apply the ionic bond operator

Calculate electron effect values

Finish

Apply the covalent bond operator

Calculate objective function values

Sort atoms by objective function values

i=i+1

Fig. 4 The algorithmic steps of A3 for TSP [14], [15]

V. EXPERIMENTAL RESULTS
A was applied to TSP for 81 provinces in Turkey. It was
used MATLAB 2017a on an Intel Core-i5 2.5 GHz Turbo 3.1
GHz PC for TSP with A3. Then, the success of this algorithm
was compared with Genetic Algorithm, Particle Swarm
Optimization and Artificial Bee Colony Algorithm.
For TSP of Turkey’s provinces, the experimental results of
obtained by the proposed method are shown in Fig. 5. That is,
Fig. 5 shows the best route obtained with A3. In Fig. 6, it is
presented the best route with Turkey map.
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Fig. 6 The presentation of the best route with Turkey map

In Table II, it is compared performance of A3 with the other
algorithms which are used to solve the same TSP. Best solution
indicates the reached best result when the algorithm executes
as many as run count. Average solution indicates the average
of the reached values when the algorithm executes as many as
run count.
TABLE II
THE COMPARISON OF A3 WITH THE OTHER ALGORITHM FOR TSP OF TURKEY’S
PROVINCES

Algorithm
Genetic
Algorithm
Particle Swarm
Optimization
Artificial Bee
Colony Algorithm
Artificial Atom
Algorithm (A3)

Best
Solution

Average
Solution

Run
Count

3869

4176

10

3869

4239

10

3781.4

3919.16

5

3704.8

3772.6

20

As shown in Table II, A3 achieved a shorter path than
Genetic Algorithm, Particle Swarm Optimization and Artificial
Bee Colony Algorithm in terms of the best solution. In addition,
it was observed that the result of the application of performed
with A3 was rather better than the compared methods in terms
of average solution [3], [4].
The average computational time of the application of TSP
with A3 for 81 provinces in Turkey was 13 sec. when the
algorithm ran 20 times.
VI. CONCLUSIONS
A is a new meta-heuristic algorithm that achieves successful
results in solving optimization problems. TSP is also an
important NP-hard problem that is often used to prove the
success of a meta-heuristic method. In this work, it has been
demonstrated the success of A3 in a discrete problem by the
solution of TSP which has 81 cities.
In this paper, it carried out the application of TSP for 81
provinces in Turkey with a new natural-inspired method, A3.
Then, the performance of A3 was compared with Genetic
Algorithm, Particle Swarm Optimization and Artificial Bee
Colony for this TSP.
Consequently, it was seen that the A3 achieved the best
result for TSP of 81 provinces in Turkey. When A3 was
compared with Genetic Algorithm, Particle Swarm
Optimization and Artificial Bee Colony, it was seen to be quite
successful in terms of best solution and average solution [3],
[4]. Furthermore, it was observed that the computational time
performance of A3 for TSP of 81 provinces in Turkey was at a
reasonable level.
In future work, A3 can be used for the solution of large-scale
TSP. Further, the computational time performance of A3 can be
improved for large-scale TSP datasets.
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Abstract— In this study, the research and analyzes were carried
out on sex determination of bull sperm cells using an artificial
neural network. Gender identification is important in animal
breeding, focusing on the desired outcome and planning. For
analyzes to be performed with artificial neural networks, sperm
cells should be examined under a microscope and computeraided separation must be performed along with the obtained
data. As the subject of the study, these analyzes were done by
preferring back propagation artificial neural network and
normalizing the data. Outputs of the network were compared
with numerical results and the results were found to be
sufficiently sensitive. The input variables of the artificial neural
network system are discussed in terms of semen speed, size and
durability. Obtaining of female semen and male cells as output
variable is discussed. After analysis of the output result data,
with the data obtained from laboratory and their realizations, it
was observed that the study succeeded.
Keywords— Artificial neural networks, Gender determination,
Semen separation, YSA

I. INTRODUCTION
Biotechnological improvements are being exploited to
improve herd fertility. One of the last points in
biotechnological developments is the production of semendetermined semen [1].
In cattle, the sex of breeders is shaped during fertilization.
When the ovum carrying the X, chromosome is combined
with the sperm bearing the X chromosome during fertilization,
the female (XX) will be formed with the Y chromosome and
the male calf (XY) will be formed. If the spermatozoa before
and after insemination can be classified according to X and Y
chromosomes, the gender of the spermatozoa embryos
produced with these sperm will be determined in advance.
Methods such as centrifugation, electrophoresis,
sedimentation, filtration, pH changes in the preservation
medium, immunological techniques and motility criteria are
used in the detection of X and Y chromosomes in sperm.
However, because of the significant differences in genderdetermined sperm rates obtained as a result of these methods,
it has been reported that the practical use of the mentioned
techniques is not very reliable [2] [3] [4].

The pre-determination of the sex of the offspring is
accompanied by some advantages in breeding. Gender
identification enables the planning of production strategies
and biotechnological study programs of enterprises that
produce milk or meat. Today, alternative breeding systems are
being studied in terms of calf production in cattle breeding.
For this purpose, researchers are conducting research on the
use of developing semen technology in aquaculture [5].
II. ANALYSIS with YSA (Artificial Neural Network)
Artificial intelligence is defined as the ability of a
computer or computer-controlled machine to perform tasks
related to high mental processes, such as reasoning, decision
making, meaning making, generalization, and learning from
past experiences, which are generally assumed to be humanlike qualities. Artificial Neural Networks are approaches that
try to create a new system by imitating the functioning of the
human brain. YSA structure is formed based on the structure
of the biological nerve cells in our brain. The YSA has
decision-making mechanisms based on learning and learned
information just as we are in our minds. Basically, the task of
a YAS is to set an output set against the set of inputs shown to
it. In order to be able to do this, the network is trained with
examples of the problem (learning) and is made capable of
solving the problems related to that problem [6] [7] [8].
In order to measure sperm values, computer-assisted
sperm analysis of sperm (X and Y sperm) carrying X and Y
chromosomes and evaluation of movement parameters in two
populations were provided. After bull semen staining, X and
Y populations were identified by flow cytometry. The
movement parameters varied depending on the sperm
concentration. Reduction of sperm concentration resulted in
higher speeds and more flat trajectories. Thus, control and
flow-sorted sperm concentrations were set to similar numbers
(6 million/ml). Control with the classified X and Y sperm was
recorded using a high-resolution camera. Sperm analysis was
performed using Multijet and Sperm Vision software. The
results show that Y spermine does not allow swimming faster
than X sperm in a simple solution, X spermine is 3.4% more
intense than Y sperm; Y spermine is larger than X sperm and
its values can be distinguished from X sperm.

In determining the sex of bovine animals, the speed, size
and density characteristics of the semen cell are among the
elements used for gender estimation. An accurate analysis of
these elements and the prediction of gender in this context is
possible. After the cells were examined under the microscope,
the analysis results were transferred to the control system and
this system was combined with YSA. In all, we had 400
examples. We give here 100 exams. Input parameters in the
system are speed (μ/s) (Table 1), magnitude (μ) (Table 2) and
density (μ/m) (Table 3). The output parameter is estimated
female, male or indeterminate cell (Table 4).
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TABLE I. SPEED (S)
S

M

1

46,66

26

47,30

51

44,49

76

44,26

2

43,36

27

46,99

52

45,75

77

46,37

3

41,20

28

46,79

53

42,52

78

46,07

4
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46,79
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40,40
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TABLE 2. MAGNITUDE (M)

TABLE 3. DENSITY (D)
D

D

D
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38

58,11
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47,47
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44,93
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95,51

47

87,51
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79,10
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97,95
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54,80

39

50,18
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45,25

89

56,93
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84,97
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48,20

40

47,14

65

53,73
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49,15
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91,15
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83,48
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97,34
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45,32

41

47,24

66

47,27
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46,18
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86,68
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89,35
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96,92
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50,68

42
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67

44,44
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57,45
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49,69

93
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56,32
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III.

RESULTS

20

44,76

45

45,96

70

46,96
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62,21
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60,19

46

46,06
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43,88
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42,34
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45,86
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43,22

25

61,31

50

51,07

75

47,96

100

43,68

TABLE 4. RESULTS (R)
R

R

R

We used 100 samples where %75 was allocated for training,
%20 was used for the test, and %5 was used for verification.
We ran the program 5 times. The average accuracy is %92,
which means good performance.
There are some examples here:
Example 1.
Training Sample = 70%
Verification = 5%
Test = 25%
Hidden Layer = 20

R

1

85,90
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85,26
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83,10
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88,13

2
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84,23
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4
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61

96,86
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85,59
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88
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39
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40
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87,57

90

90,34

16

87,96

41

88,00

66

95,65
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17
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42

83,69

67

96,05

92

86,21

18

84,65

43

82,32

68

85,65

93

81,98

Fig. 1. Regression graphics for Example 1

Fig. 2 Performance graphics for Example 1

Fig. 4 Performance graphics for Example 2

Example 2.

Example 3.

Training Sample = 70%
Verification = 5%
Test = 25%
Hidden Layer = 10

Training Sample = 70%
Verification = 5%
Test = 25%
Hidden Layer = 30

Fig. 3 Regression graphics for Example 2

Fig. 5 Regression graphics for Example 3

Fig. 6 Performance graphics for Example3
IV. CONCLUSIONS
In our study, bull sperm cells were examined under a
microscope. In this study, the forwarding feedback
propagation artificial neural network is used as a common and
most successful method. The system can be trained, and the
results achieved can be used as a theoretical basis for the
development of alternative methods for gender estimation.
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Abstract— It is planned to completely remove the human factor
with the developing technology in industrial systems. But, because
it needs developed abilities such as fast and right decision-making,
today, a hybrid method which is called human-in-the-loop are
used widely for many crucial processes. In this study, a human-inthe-loop framework for the electric vehicle systems is proposed.
Flex sensor glove is developed to control the electric vehicles,
which are used in every field almost. For this aim, five flex sensors
are located on each glove. The analog signals which are obtained
by flex sensors are converted to digital signals using Arduino. The
digital data which is used to detect finger movements are
transmitted to the personal computer. On the personal computer,
the data and the model which is created with Blender 3D are
associated. Thus, the real-time hand movements are simulated in
the computer environment. The movements, which are detected
by simulations, is used to control the model of electric vehicle
which is created in MATLAB Simulink.
Keywords— Human-In-The-Loop Simulation, Agent, Electric
Vehicles.

I. INTRODUCTION
Recently it is aimed to actualize the automation systems
without human reaction. But, the technology is not able to make
the fast and right decision for crucial processes yet, and it is too
early to remove human factor now. The human factor is
essential for many fields such as industrial systems, automation
systems, traffic management and security. So, human-in-theloop systems are the solution. The systems which the humans
and machines collaborate is called human-in-the-loop systems.
Computer science may not help in every industrial process
[1,2]. With the developed technology, while many fields of
computer systems don’t need the human intervention, human
intervention is essential for some industrial fields [3]. In areas
where robots or other systems are not sufficiently developed,
human beings undertake many important tasks such as
decision-making and classification.
In robotic researches such as creating map for some robots,
many operations can be achieved without human. But in case
of a disaster, the human factor is much more important than
robots for search and rescue. The expert knowledge responses
better than robots in such situations [4,5].
Dimitrov et al. [6] proposed a common control architecture
for robotic applications to model the human-in-the-loop cyberphysical system (HiLCPS). In their study, the challenges in
cyber-physical systems are described, and some methods are

developed to handle this challenges. They describe the
components and information flow in the architecture with two
sample applications. Katherine et al. [7] describe a new
experimental establishment for human-in-the-loop simulations.
They set force feedback simulator which has four-axis motion
ability for real-time driving experiments. The simulator is
designed to simulate the forces felt by the driver during driving
to provide a realistic experience for the driver. This setup
provides flexibility and control for the researcher in a realistic
simulation environment. Desmond et al. [8] provide an
overview of the sensor network and mounting hardware used to
convert an electric wheelchair in the market into a semiautonomous wheelchair. In their study, the modular design and
ease of use are emphasized. Although the sensor packages are
used in the semi-autonomous navigation of the electric
wheelchair, the sensor network presented has the potential to
be used in a number of different robotic applications.
Electric vehicle systems provide tight integration of
computing resources and physical components. These systems
have played an important role in ensuring that people conceive
and control the environment. A large number of electric vehicle
systems use people as an outer segment, despite control loops.
From time to time, people may have control over control cycles
at basic or sought-after locations [9-12]. The model of humanin-the-loop simulation system is given by Fig. 1 [12].
Human

Physical System

Sensor
Perception

Environment

Body/Brain
Sensors

Wireless Body Area
Network

Sensors

Actuat ors

Embedded System
(HW/SW)
Inference Engine
Control

Fig. 1. Human In-The-Loop Simulation System [12].

In this study, it is aimed to control electric engines by using
human-in-the-loop simulation. For this aim, five flex-sensors,
which produce analog signals, are used. The obtained analog
signals are converted to digital signals with the help of the
Arduino. The Arduino is connected to PC via USB and the hand
movements are associated with the simulation. Motor control is
done with flex sensors in MATLAB Simulink Environment.

II. ELECTRIC VEHICLES
Each vehicle system, such as cars, submarines, trains or any
vehicles that joins at least two exporters of energy is a hybrid
vehicle system [13]. An electric vehicle system (EV) is a kind
of hybrid vehicle system which joins an inward conventional
engine (ICE) impetus system with an electric drive system [14].
gearbox

Torque coupler

Final gear
clutch

motor

engine

batteries

Driving swheel

Fig. 2. Schematic of an electric vehicle system [15].

The modern electric vehicle systems make utilization of
competence-improving technologies, such as reconditioned
braking, which changes over the vehicle's kinetic power into
electric power to charge the battery, as opposed to wasting it as
heat-up power as ordinary brakes do [16].
A traditional vehicle has a mechanical drive system that
incorporates the fuel tank, the ignition motor, the gearbox, and
the transmission to the wheels. An electrical vehicle system has
two drivetrains, one mechanical and one electric. The electric
drivetrain involves a battery, an electric engine, and power
electronics for control [13, 17].
III. HUMAN-IN-THE-LOOP SIMULATION
A human-in-the-loop (HIL) simulation is a structure that
requires human reactions. Customary simulation thinks about
see human cooperation as an outer data to the framework being
considered. In any case, investigations of complex frameworks
in today's technological scene must incorporate human as
dynamic members [18]. For example, a study of highly
automated call centers must include human judgment and
decision making and the accompanying task context. The
emergence of HIL technologies, therefore, enables researchers
and practitioners to investigate the complexities of humaninvolved interactions from a holistic, systems perspective. An
appreciation for how HIL simulations can be used to study
human involvement in complex systems and an understanding
of the current research thrusts involving HIL simulations is
presented by one study [19].

Simulation

Evaluation
Results

Prediction

Fig. 3. Block diagram for human-in-the-loop simulations [12].

Classic simulation studies see human cooperation as an
external input to the system being considered. Similarly, studies
of complicated systems in today’s technological landscape
must include humans as dynamic members. The rise of HIL
technologies, therefore, encourage researchers and experts to
investigate the complexities of human-involved collaborations
from a comprehensive systems perspective. The reader should
gain a comprehension of what an HIL simulation is and how it
contrasts from traditional simulations. The reader should also
gain a comprehension of how HIL simulations can be utilized
to study human inclusion in complex systems, and a
comprehension of the current research pushes involving HIL
simulations [20]. Simulation is the creation of a model that can
be manipulated logically to decide how the physical world
works. Simulation has become one of the most preferred design
technique for all control system designs today [21-26].
IV. AN APPLICATION EXAMPLE
The block diagram of the sample application presented in
this paper is given by Fig. 4.
Test

Simulation Framework

Human
Control
Physical

EVS

Configure
Model
Simulation

Generate
Code
Real-Time

Integration with MATLAB and Simulink
Design
Change

Evaluate
result

Optimization
Modeling the plant and controller

Fig. 4. The block diagram of the application example

In this section, flex sensors are used to detect which
movements our fingers do. Five flex sensors are fixed on a
glove. The other part of the study consists of a 3D model of five
fingers which will be controlled by codes. With the five fingers,
a hand can be modeled. With using Arduino microcontroller,
the warps of the fingers are detected and this information is
transmitted to Blender 3D application using serial
communication path. The flexible sensors are mounted on the
glove, as shown in Fig. 5, to cover the entire length of the finger.

Fig. 5. Flex sensor design

The flex sensor design which is given by Fig. 5 is connected
to the Arduino module. Analog signals from the Arduino
module are converted into digital signals and transferred to the
Blender 3D program via serial communication. Simulation in
the Blender 3D program using Flex sensors is given in Fig. 6.

Ring Finger

Middle Finger

Forefinger

Thu mb

Little Finger

a)

b)

c)

d)

e)

f)

Arduino M odule

Simulation and Simulink Motor Control

Fig. 6. Simulation of hand model using flex sensors and Arduino

Sensors are associated with the simple contributions of the
microprocessor as per the voltage division standard. Blender
3D program whose favorable circumstances are the open source
program and high technics are utilized for designing 3D models
developments. The analog data got from the finger sensors
situated in the fingers is converted to angle data in the advanced
shape and afterward sent to remote 3D hand model through the
communication module. Blender 3D is an open source free 3D
modeling and animation application. Notwithstanding being a
three-dimensional modeling animation software, it
incorporates a diversion motor, a video and sound montage
software. With a specific end goal to screen the human hand
movement on the PC, the angle information is sent to Blender
3D by means of serial communication and the finger
developments are checked momentarily. Similarly, continuous
amusement control is given through the interface that imitates
finger developments, and the animation should be possible for
the PC.
The Arduino boards are open source microprocessors that
utilize a very simple C based language. Sensors and transducers
can be connected to the boards and programs downloaded onto
the board's memory can process the signals. In this case, the
Arduino is used to read the value over a potentiometer, it sends
this value via serial-USB to 'Processing' which sends the value
to a port. A Blender 3D game is set up to receive the value. The
data can be picked up or sent to a number of different ports
which allow new levels of user interaction with the 3D hand
model. For instance, a flex sensor value could be mapped to
control the motion of a human hand. The example results of the
simulation which is developed in the paper are given by Fig. 7.

Fig. 7 The motion of fingers with the Blender 3D Program a) Thumb b)
Forefinger c) Middle finger d) Ring finger e) Little finger f) All fingers

Results show that we get human hand glove with flex-sensor
when fingers movement, accomplish hand of Blender 3D
model at the same time. This method makes motion process
more close to real-time condition, and the whole motion
process is accomplished in a safe environment, which would
help the designer to save more time. It’s very important in
initial design state of hand motion control system.
TABLE I
THE RESULT OF FINGER MOVEMENTS WITH FLEX-SENSOR.
Finger
Thumb
Forefinger
Middle finger
Ring finger
Little finger

Finger movement angle
90°
180°
270°
90°
180°
270°
90°
180°
270°
90°
180°
270°
90°
180°
270°

Output data of movement
10020
7600
5200
11775
8320
5349
11786
8384
5451
11054
8357
5367
11028
8296
5223

[10]

Table 1 shows results for the motion finger case, where
moving each finger with each angle will change the output in
the software. Agents are essentially allowed finger motion, so
that learn policies with this behavior. It is important to note that
changing the underlying movement would not be simple
enough to encourage software behavior.
V. CONCLUSIONS
Human-in-the-loop systems are the systems in which
humans and computers interact. Even in the most fields, which
have well technological infrastructure, human-computer
interaction is used. Human factor is utilized as expert
knowledge in computer sciences mostly. In this paper, a
framework for human-in-the-loop simulations. With the
developed method, it is aimed to perform motor control with
human hand movements. A glove with integrated flex sensors
is used to transfer hand movements to the computer
environment. There are five flex sensors on the glove to detect
movement of each finger. During hand movements, the analog
signals generated by the flex sensor are converted to digital
signals via the Arduino module and these signals are transferred
to the Blender 3D program via serial communication. In the
Blender 3D, a hand model is created and associated with the
developed glove. Thus, hand movements are shown in the
simulation program. With using the detected movement
information as command to electric motor simulations created
in MATLAB Simulink, the electric motor control is actualized.
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Abstract— The recent growth of interest in pervasive computing
and location-aware systems and services provides a strong
motivation to develop techniques for estimating the location of
devices, and hence users, in both outdoor and indoor
environments. Since signals of GPS satellites cannot penetrate into
indoor areas, location estimation in these areas is an important
challenge. In this study RSSI levels of various WiFi signals are
used in order to estimate the location of WiFi receiver. For this
purpose, a dataset was created using the RSSI readings of an array
of 13 WiFi in the first floor of Waldo Library, Western Michigan
University. Data was collected using a mobile phone. The first
floor of Waldo Library was divided into alphanumeric
coordinates. This dataset has been classified by using various
machine learning methods like kth Nearest Neighbor, Random
Committee, Random Tree, and Random Forest. The classification
performance has been investigated and Mean Absolute Errors are
obtained as 1.232, 1.253, 1.299, and 1.280 respectively.

The most widespread technique used for indoor positioning
is based on wireless access points. This system uses on
measuring the intensity of the received signal (received signal
strength indication or RSSI) to estimate the distance between
receiver and access point [2-4]. Being known of these distances
between each access point and receiver makes the position of
receiver possible to be predicted.
In this study, a dataset, uploaded by Mohammadi et al to the
University of California Irvine Machine Learning Repository
have been used [5]. The dataset has been reconfigured and
investigated with various methods.

II. MATERIAL AND METHODS
The dataset was created using the RSSI readings of an array
of 13 ibeacons in the first floor of Waldo Library, Western
Michigan University. Data was collected using a smartphone.
Keywords— Indoor Location Estimation, WiFi RSSI levels, kNN,
There are 1420 instances in the dataset. The recording was
Random Forest, Random Tree, Random Committee
performed during the operational hours of the library. The input
data contains the location (label column), a timestamp,
followed by RSSI readings of 13 iBeacons. RSSI
I. INTRODUCTION
measurements are negative values.
GPS stands for Global Positioning System. It is only fully
Bigger RSSI values indicate closer proximity to a given
operational Global Navigation Satellite System in the globe.
iBeacon (e.g., RSSI of -65 represent a closer distance to a given
The system has about 30 satellites which transmit radio signals.
iBeacon compared to RSSI of -85). For out-of-range iBeacons,
These signals help GPS receivers to determine location,
the RSSI is indicated by -200. The locations related to RSSI
velocity, and time. The devices have an embedded GPS
readings are combined in one column consisting a letter for the
receiver chip in order to have this functionality [1]. Although
column and a number for the row of the position. Positions of
outdoor positioning could be achieved with enough accuracy,
iBeacons and coordinates have been presented in Fig. 1.
as the GPS signals cannot penetrate through walls and cannot
Due to the nature of the positioning problem, two classes as
reach indoors, the GPS cannot be an alternative to indoor
apsis and ordinate have to be defined. But in the dataset, there
navigation.
is only one class which is the combination of apsis and ordinate
Indoor positioning systems can be used to locate people or
as mentioned above. Although that kind of coordinate
objects inside buildings, typically via a mobile device such as a
expression reduces the number of classes, it makes error
smartphone or tablet. Although the technology is newer than
calculations have to be done by true or false instead of
GPS, services that leverage indoor positioning systems are
Euclidean distance. The error calculation by percentage of the
quickly gaining traction in places like shopping malls, hospitals,
true classified instance may ignore an instance which is
airports and other indoor venues where navigation and other
classified as a neighbor of true coordinate. So, the true
location-based services (LBS) can prove to be indispensable.
classification rate may occur with a low level.

In classification operations, WEKA platform has been used.
Weka is an open source software that is collection of machine
learning algorithms for data mining tasks. For data preprocessing, classification, regression, clustering, association
rules, and visualization, there are various tools in WEKA[7, 8].
WEKA cannot classify multiclass datasets, it can only classify
single class datasets. The classification results have been
collected. A view of WEKA GUI has been presented in Fig. 2.

Fig. 1. Coordinates and positions of iBeacons in the first floor of Waldo
Library, Western Michigan University.

By using Octave the Euclidean distances have been
calculated. Octave (also called GNU Octave) is software
featuring a high-level programming language, primarily
intended for numerical computations. Octave helps in solving
linear and nonlinear problems numerically, and for performing
other numerical experiments using a language that is mostly
compatible with MATLAB. Octave is free software under the
terms of the GNU General Public License. The GUI interface
of the Octave has been presented in Fig. 3.

To overcome this dilemma, classification has done by one
class but error calculation has been calculated with Euclidean
distance. The Euclidean distance has been calculated by using
Equation 1[6].
=

(

−

) +(

−

)

(1)

So for all predicted positions, the Euclidean distance
between the real position (like K12) and predicted position (like
L13) has been calculated. While the letters are one of the axis
(x-axis), rest of the expression represents the other axis (y-axis).
For example, the distance between M3 and O2 is calculated as
following steps;




M3 is distributed as x1=77 (ASCII code of letter M)
and y1=3
O2 is distributed as x2=79 (ASCII code of letter O)
and y2=2
. . = (77 − 79) + (3 − 2) ≅ 2.236

Fig. 2. WEKA GUI.

Fig. 3. The GUI Interface of Octave.

III. RESULTS AND DISCUSSION
The kth Nearest Neighbor, Random Committee, Random
Tree, and Random Forest methods have been employed in order
to estimate the position of the receiver. The dataset has been
trained and tested by the 10-cross folding method. The
Euclidean Distance has been used as performance criteria. But
WEKA does not support the Euclidean Distance as
performance criteria. This is why for each method, the
Euclidean Distance has been calculated by the help of GNU
Octave.
The non-numeric estimation results have been taken from
WEKA into GNU Octave. Then the Euclidean Distances
between the actual position and the estimated position of each
result have been calculated. The mean of the Euclidean
Distances has been calculated. This Mean Euclidean Distance
of the methods mentioned above have been presented in Table
1.

Table 1. The Mean Euclidian Distances of Methods
Mean Euclidean
Distance

#

Name of Method

1

kth Nearest Neighbor

1.232 m

2

Random Committee

1.253 m

3

Random Forest

1.280 m

4

Random Tree

1.299 m

IV. CONCLUSIONS
In this study, machine learning methods have been
investigated in terms of position estimation. Various methods
have been investigated and the four of them which have better
performances, have been presented. The mean Euclidean
Distances of these four methods (kth Nearest Neighbor,
Random Committee, Random Forest, and Random Tree) that
have better performances, are 1.232m, 1.253m, 1.280, and
1.299m respectively. In this study, the best performance has
been achieved by the method kth Nearest Neighbor Method with
the estimation distance 1.232 meters.
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Abstract— Although medical imaging devices make diagnosing
easier, for the explication of the images obtained from these
devices needs still an expert. Even if small changes in the images
possible to be a clue about an important disease, they are
unnoticeable for anyone except an expert. In order to minimize the
errors in the interpretation of medical examination results, in this
study, an expert system is proposed. A dataset has been used to
estimate if there is an abnormality. In this dataset, there are six
biomechanical attributes derived from the shape and orientation
of the pelvis and lumbar spine. The performances of various
machine learning methods have been examined in terms of solving
this problem. The MAE and RMSE values of kth Nearest
Neighbours (kNN), KStar, and Random Forests are 0.2 and
0.3008, 0.2043 and 0.3632, 0.2099 and 0.3190 respectively.
Keywords— Spinal Anomalies, Machine Learning, Biomechanical
Attributes.

I. INTRODUCTION
T Machine Learning (ML) is a field of computer science that
uses the statistical method to bring a computer the ability of
learning. In ML huge datasets are investigated in order to bring
out relations between attributes of the dataset that are calculated
systematically. Then by using attributes obtained similarly to
the attributes in the dataset, an event, an object or etc. is
classified into a class or is converged to a value [1], [2].
Thanks to the improvements in Machine Learning (ML)
techniques, they are used in many areas of engineering to
improve results or make calculations easier or business sector.
While in electrical motor design ML methods could be
employed to determine design parameters or estimate
performance [3], in electromagnetic fields and microwave
techniques they could be used in order to estimate antenna
parameters or working frequency [4]. They could be also
employed in the business sector possible to estimate

performance of a sector or risk analysis or, find optimal
distribution scheme of capital in order to obtain maximum
profit etc [5]. In remote sensing system or military, ML
methods could be employed to classify images with more
accurate [6]. In precision agriculture, ML can get a role to
ensure a standard quality of agricultural products like grain
[7]–[9].
Nowadays computer-aided diagnosis (CAD) has a wide
separated usage area in the detection of anomalies in medical
imaging results. Although improvements in computer hardware
are the main visible reason for this expansion, improvements in
ML methods allow computers to find more applications in this
field. Recently, CAD has become one of the significant
research subjects in diagnostic radiology and medical imaging.
In literature, there are various ML applications that use the
statistical data obtained from patients or numerical data
obtained from medical devices (like blood pressure, pulse rate,
number of blood cells etc.), in order to achieve a diagnosis
[10]–[24].
This work intends to present an auxiliary system to medical
decision aiding. By using data obtained from medical imaging,
a patient is classified into two groups as high possibly normal
or high possibly abnormal by the proposed ML method.
II. MATERIAL AND METHODS

A. The Used Dataset

The vertebral column is a system composed of nerves,
medulla, muscles, a group of vertebras, invertebrate discs and
joints. It is also known as the backbone or spine. The major
function of the vertebral column is the protection of the spinal
cord; it also provides stiffening for the body and attachment for
the pectoral and pelvic girdles and many muscles. In humans,
an additional function is to transmit body weight in walking and
standing [25].

This complicated system can suffer dysfunctions which
cause backaches with variant intensities. Disc hernia and
spondylolisthesis are examples of pathologies of the vertebral
column that cause intense pain. These pathologies can arise due
to many traumas that result in injuries to the structure of the
intervertebral disc. In order to diagnose that kind of problems,
radiographies are one of the most useful tools. Neto et.al. in
their study create a dataset by using panoramic radiographies
of 310 patients’ spines [26]. From this, 100 patients are
volunteers that do not have any pathology in their spines. These
records are classified as Normal. The remaining data are
classified as Abnormal. Each patient in this dataset is
represented as a vector with six biomechanical attributes. These
attributes are angle of pelvic incidence, angle of pelvic tilt,
lordosis angle, sacral slope, pelvic radius and grade of slipping.

B. Machine Learning (ML) Algorithms

In classification operations, WEKA platform is used. Weka
is an open source software that is collection of machine learning
algorithms for data mining tasks. For data pre-processing,
classification, regression, clustering, association rules, and
visualization, there are various tools in WEKA [27]–[29].
K-nearest-neighbor (kNN) classification is one of the most
fundamental and simple classification methods. It is a nonparametric method used for classification and regression. It was
developed from the need to perform discriminant analysis when
reliable parametric estimates of probability densities are
unknown or difficult to determine. The k-nearest-neighbor
classifier is commonly based on the Euclidean distance
between a test sample and the specified training samples [30].
The Euclidean distance has been calculated by using Equation
1 [31].
=

Fig. 1 Biometric parameters in radiography images [26].
These biometric parameters are presented in Fig. 1. Names
of these parameters are presented in Table 1.
TABLE I
BIOMETRIC PARAMETERS AND ABBREVIATIONS

Biometric Parameter

Abbreviation

Fig. No

Angle of Pelvic Incidence

PI

Fig. 1a

Angle of Pelvic Tilt

PT

Fig. 1c

Lordosis Angle

LA

Fig. 1b

Sacral Slope

SS

Fig. 1b

Pelvic Radius

PR

Fig. 1a

Grade of Slipping

GS

Fig. 1c

(

−

) +(

−

)

(1)

where x1,y1 is the position of first point, similarly x2,y2 is the
second point.
K-star or K* is an instance-based classifier. The class of a
test example is attributed to the training samples similar to it,
as specified by some similarity function. In terms of using an
entropy-based distance function, it differs from other instancebased learners [32].
Random Forests is one of the most popular algorithms due
to its simplicity, speed, and accuracy. Random Forests works
as an ensemble learning algorithm. Decision tree classifiers,
bagging, and bootstrapping are its basic learners. This
algorithm is built on decision trees employed as classifiers. A
big committee of randomly created decision trees determines
the classification result. This is why the name of the algorithm
is Random Forests.
III. RESULTS
The Random Forest, the kth Nearest Neighbor, and KStar
methods have been employed in order to predict spinal
anomalies. The data has been trained and tested by the 1o
folded cross validation method. Mean absolute error and root
mean squared error values have been calculated by using
WEKA. The class has been chosen as numeric as 0 normal, 1
abnormal.
While the mean absolute error values of kth Nearest
Neighbours (kNN), KStar, and Random Forests are 0.2, 0.2043
and 0.2099 respectively, the root means squared error values of
kth Nearest Neighbours (kNN), KStar, and Random Forests are
0.3008, 0.3632 and 0.3190 respectively. The results have been
presented in Table 2.

TABLE III
PREDICTION RESULTS OF ML METHODS

[10]

Mean Absolute
Error

Root Mean
Squared Error

[11]

kth Nearest
Neighbours (kNN)

0.2000

0.3008

[12]

KStar

0.2043

0.3632

Random Forests

0.2099

0.3190

ML Name

[13]

[14]

IV. CONCLUSIONS
In this study, an investigation about a prediction of spinal
anomalies has been presented by using various ML methods.
Best performance in estimation of spinal anomaly possibility
percentage via radiography imaging is achieved by using
kth Nearest Neighbours Methods in investigated ML methods.
The mean absolute error and root mean squared error of kth
Nearest Neighbours Method are obtained as 0.2 and 0.3008
respectively.
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Abstract— Colon cancer is one of the most common types of cancer
in the world. According to the statistics of the Ministry of Health,
colon cancer (colon) is among the first 5 most common cancer
types in our country. Colon cancer is seen at any age, but most
often after 50 years. When the distribution according to sex is
examined, colon cancer is the second in all women and third in
men among all cancers. Image segmentation process has a vital
importance in some medicinal imaging practices. In our study, the
cancerous region was detected from colonoscopy images in the
colon in a semi-automatic way using the watershed segmentation
method. A certain region was detected in the study by choosing a
specific point on the region suspected of by a specialist doctor as
being
cancerous.
The
image
was
taken
from
http://www.gastrolab.net/. As a result of the study, the values of
Accuracy, Sensitivity and Confusion Matrix were calculated
separately. When the results were evaluated, 88.4% accuracy and
46.4% sensitivity were selected with a good point selection. Based
on the results obtained, it seems to be a useful and easy model for
the specialist physician.
Keywords— Include at least 5 keywords or phrases

I. INTRODUCTION
Colon cancer, a disease known as "large intestine" and
developing in the area of the last part of the digestive system,
is seen in 1 out of every 20 people throughout life.
The colon and rectum are part of the digestive system. The
large intestine is the organs that come after the small intestine
and is about 1.5 m long. The inverted U-shaped letter starts
from the lower right side of the abdomen through the blind
intestine, goes up and goes under the liver by turning under the
liver. It comes under the spleen that settles in the upper left
corner, and turns to the left side and turns to the rectum. The
rectum is the last part of the digestive tract, which is the result
of an average of 15 cm in length and enlargement of the large
intestine.
Colon cancer starts in cells in the colon. As the number of
cells increases, it spreads around the column in a circular
fashion like a napkin ring. In the case of an early diagnosis,
cancer cells can be detected only within the colon. If not
diagnosed early, the cancer may spread to nearby organs,
lymph glands and blood, liver, lungs and other organs.

The most important criterion that brings success to colon
cancer treatment is early diagnosis. It is possible to get rid of
the disease completely when the cancer is detected in the early
stage[1].
Image segmentation operation has a important importance in
sveral medical imaging application[2]. Image processing is a
quickly developing field of technology today. Because the
images can be converted into digital images, the developments
brought along by improved products in technology help support
this growth. Image processing has become more widespread
along with this growth and development. The basic fields in
which image processing is widely used are the health sector,
video production and monitoring and remote sensing [3].
Medical image segmentation methods could usually be classed
into the following classes: classical image segmentation
methods such as ,watershed, thresholding and merge-based,
atlas-based techniques pattern , deformable models, waveletsbased methods,regions-based, and recognition-based[4]-[7].
Image processing techniques are usually used for identification
of several disease[8]. Segmentation method is one of the most
important parts of the image processing. Watershed
segmentation method were used in image processing[9].
II. MATERIAL AND METHOD
In our study, a basic picture of the cancerous area was taken
by a specialist doctor, while the cancerous region was detected
in the colon image. Some of the segmentation methods have
been used when working with the watershed method on the
picture. The semi-automatic segmentation process makes it
possible to identify the cancerous region in the colon image
used. A comparison was made between the ground truth values
and the values obtained by the watershed and the specialist
physician.
2.1. Watershed Transform
The watershed transform is the method of selection for
image segmentation in the field of mathematical
morphology[10]. The watershed transform can be classified as
a region-based segmentation approach. The intuitive idea
underlying this method comes from geography: it is that of a
landscape or topographic relief which is flooded by water,
watersheds being the divide lines of the domains of attraction
of rain falling over the region [11]. When the water level has
reached the highest

peak in the landscape, the process is stopped. As a result, the
landscape is partitioned into regions or basins separated by
dams, called watershed lines or simply watersheds.
2.2. The Implementation Of Watershed Segmentation
Transform Method
The algorithm is implemented in MATLAB and is run on
Intel(R)_Core(TM)_i7-3630QM_CPU_@_2.40GHz PC with 8
GB RAM and Windows10 operating system.
The image that use in our work, is shown in figure 1.
Figure 2 Matlab Software GUI Interface

Here, the segmentation process of the Colon image is shown.
Segmented area is the cancerous area detected by our software.
Groundtruth specialist doctor designated area.
III. RESULTS AND DISCUSSIONS
During the implementation process, the result were obtained
according to Watershed algorithm by choosing a plain area in
pictures Figure 3.

Figure 1 Colon Cancer Image
The gray level image that use in our work, is shown in figure 2.

3.1. CONFUSION MATRIX
The basic concepts used when assessing model performance are
error rate, precision, sensitivity. The success of the model is
related to the number of samples that are correctly categorized
and the number of samples that are categorized incorrectly. The
performance information of the results achieved in the test
result can be expressed by the confusion matrix. In the
confusion matrix, the rows represent the actual numbers of the
samples in the test set, and the columns represent the estimate
of the model. An example is shown in Figure 4.

Figure 4 An Example Of A 3 × 3 Confusion Matrix

Figure 2 Gray Level Colon Cancer Image
When the pictures given in Figures 1 were operated in our
system, Watershed transform segmentation, segmented area
and ground truth values given to the pictures Figure 3 appeared
and The GUI interface of our study is shown in Figure 3.

Here, TP demonstrates positive pixels; FN demonstrates
positive pixels; FP demonstrates incorrect negative pixels; TN
demonstrates negative pixels.
The most popular and simple method used to measure model
performance is the accuracy of the model. The correct number
of classified samples (TP + TN) is the ratio of the total number
of samples (TP + TN + FP + FN). The error rate is 1 of this
value. In other words, the number of misclassified samples (FP
+ FN) is the ratio of the total number of samples (TP + TN +
FP + FN).

Accuracy 

TP  TN
TP  TN  FP  FN

(1)

Precision 

TP
TP  FP

(2)

Specificit y 

TN
TN  FP

(3)

Sensitivity 

TP
TP  FN

(4)

The confision matrix of the study of te is shown Figure 5.

Accuracy

Sensitivity

Specificity

Precision

0.888

0.464

0.9995

0.995

This system shows promise in medicine as a useful
application for detecting gastric cancer. Accuracy and speed of
detection proposed method is very high and has a significant
coefficient value accurate diagnosis compared with a human
detection method.
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Abstract— Spiral welded pipes made of St 44.2 (DIN 17100)
general structural steel were joined by cellulosic coated electrodes
with arc welding method. In the welding process, the electrodes of
three different brands were used and then, mechanical testing
methods were carried out for joined parts.
In this study, tensile and hardness tests were experimentally
investigated according to used electrode brands for the welded
parts and a statistical analysis for hardness tests were realized.
Obtained results were interpreted by comparing literature.
Keywords— Cellulosic Electrodes,
Statistical Analysis, St. 44.2 Steels

Mechanical

Properties,

I. INTRODUCTION
The pipelines come into prominence for supplying
transportation of fluids for long distances since 2nd World War
in energy industry. In the light of these developments, preferred
welding method had importance for determining the life of
these pipelines. One of the commonly used welding methods
for steel pipelines is coated electrode arc welding. The
fundamental reason of using the coatings in coated electrode
arc welding is prevention from bad effects of atmosphere such
as oxygen and nitrogen. Coating, officiates additional duty
which makes contribution to welding quality at the same time.
These duties are arc stability of welding metal, seam profile and
controlling of welding metal composition [1]. Cellulosic
electrodes are used in pipeline industry, especially for
circumferential welding processes, efficiently [2]. Existence of
higher hydrogen amounts in arc atmosphere supplies arc
stability and enhances penetration of liquid metal to root.
Suppiah stated that usage of cellulosic electrodes enables
higher welding rates for root passes despite its higher hydrogen
amounts, and used two different properties with five different
brand cellulosic electrodes and investigated the mechanical and
micro structural properties in his thesis study [3]. Houldcroft et
al. indicated that the usage of cellulosic electrodes contributes
to produce excellent penetration by supplying higher hydrogen
amounts for any position in arc welding and mentioned that the
main application area for these electrodes is pipeline welding
including the up to down position [4]. When analyzed,
cellulosic electrodes can leave small amounts of slag, can weld
in all positions and suitable for difficult positions especially.
Major properties are good gap filling capability and

penetration. These electrodes have more than 10 % amounts of
organic materials such as wood and cotton cellulose, natural
silicates, ferroalloys which are burnable in their coatings and
offers major difficulties at welding. They are convenient more
particularly for up to down and pipeline welding [5].
Ghomashchi et al. investigated the micro structure of welded
joints in X70 HSLA pipeline steel welds joined with E 6010
cellulosic coated electrodes by using optical and electron
microscope [6]. Ramirez et al. searched the effect of welding
parameters and electrode condition on alloying enrichment of
weld metal deposited with coated cellulosic electrodes and
evaluated the effect of welding parameters and dried condition
of cellulosic electrodes on Carbon (C), Silisium (Si) , and
Manganese (Mn) enrichment as well as increased cracking
susceptibility of deposited weld metals [7]. Sarafan et al.
investigated effects of welding direction and position on
susceptibility to weld metal transverse cracking in welding
high-strength pipeline steel with cellulosic electrodes [8].
Godefroid et al. studied on microstructural and mechanical
properties of X60 and X70 Steels for pipelines. Tensile tests,
Charpy impact tests, CTOD tests and fatigue crack growth tests
were performed at ambient temperature. As a result, they
verified the safely replacement of an old steel (X60) by a
modern steel (X70) pipeline [9].
In this study, mechanical tests such as tensile and hardness
tests were experimentally investigated and a statistical analysis
were realized. And then, obtained results were interpreted by
comparing literature.
II. MATERIALS AND METHODS

A. Preparation Stage
In this study, spiral welded pipes of 1016 mm diameter and
8.80 mm thickness made of St 44.2 (DIN 17100) general
structural steel given in Table 1. were joined by coated
electrodes with arc welding method. In the welding processes,
cellulosic electrodes of three different brands and diameters
with 3.25 mm and 4.00 mm in AWS/A 5.1 (E 6010) standards
were used. The mechanical and chemical properties of
electrodes were given in Table 2.

All the welded joints were carried out on one pipe because
of taking precaution to material inequalities
TABLE I
MECHANICAL AND CHEMICAL PROPERTIES OF ST 44.2 STEEL

Mechanical Properties
Yield Strength
(MPa)

Tensile Strength
(MPa)

Rupture Elongation
(%)

275.00

410.00 – 560.00

23

C
(%)
0.24

Chemical Composition (wt. - %)
Mn
P
Cu
S (%) N (%)
(%)
(%)
(%)
1.60
0.045 0.045 0.014
0.60

B. Tensile Tests
Tensile tests were performed with INSTRON 5989 dual
column ground type test machine and tensile test specimens
were prepared according to EN ISO 4136 norm as solid and
rectangle cross section which was given in Figure 3. Three test
specimens for each electrode brand were tested.

Fe (%)
other

Fig. 3. Dimensions of the Tensile Test Specimen

C. Hardness Tests
TABLE II
MECHANICAL AND CHEMICAL PROPERTIES OF FILLER
MATERIALS

Electrode
types

C
(%)

Si
(%)

Mn
(%)

Yield
Strength
(MPa)

Tensile
Strength
(MPa)

Type A

0.12 0.20 0.60

380.00

Type B

0.10 0.20 0.50

470.00

470.00540.00
530.00

Type C

0.08 0.20 0.60

420.00

530.00

Hardness measurements were carried out in Highwood
HWDW-X3 Vickers hardness measurement instrument as
given at zones in Figure 4.

Rupture
Elongation
(%)
22
25
25

Sectional view of welding process and welding photographs
were given in Fig. 1 and Fig. 2.

Fig. 4. Hardness Measurement Points Scheme

In the study, multi-pass welds were used and the HAZs were
not uniform. Hardness values were obtained with three
different measurements at 1 mm distances for parent metal –
Heat Affected Zone (HAZ) – welding metal – HAZ – parent
metal zones.

D. Statistical Analysis

Fig. 1. Sectional Scheme of Welding Process

Fig. 2. Welding Photographs

In this study, obtained results from mechanical tests were
investigated with Statistical Package for Social Sciences
(SPSS) packaged software for reliability and validity within the
scope of statistical analysis.
A number of statistical analysis studies were performed
according to tensile and hardness test results with Regression
Analysis Module, a component of SPSS.
The basis of the Regression Analysis Approach is the
assumption of a simplified linear model for the optimization
parameter η given by η= β0+β1x1+β2x2+……, where x1, x2... are
the factors which η depends on and β0, β1, β2..., etc, represent
the ‘true’ values of the corresponding unknowns. From the
results of an experiment comprising a finite number of trials,
one can arrive at sample estimates of the coefficients, β, which
are then usually fitted into a linear regression equation of the
type y=b0+b1x1+b2x2+..., where y is the response function and
the bs are the "estimated" values of the βs. In simple terms, each
coefficient represents the influence of the corresponding factor
on the quality of the tensile strength expressed by the
optimization parameter. Parameter optimization was carried
out using factorial design of experiments [10].

III. RESULTS AND DISCUSSION

A. Tensile Tests
The ruptures, taken place at tensile tests, were occurred
apart from the welding zone at parent metal and detailed
photographs were given in Figure 5.

Fig. 6. Hardness Values of Top Side – Type A, B, C

Fig. 5. Tensile tests

After the tensile tests, “tensile tests – unit elongation
diagrams” were drawn, examined and these diagrams were
compared with steels properties. The obtained yield and tensile
strength values were above St 44.2 steel’s minimum strength
values. This had showed that welding seams’ strength values
were in approach to the parent metal.
As a result of tensile tests, determined yield strength values
stand in line descending as Type A, Type B and Type C and
tensile strength values descending as Type B, Type A and Type
C.
Obtained tensile and yield strength values of different
branded electrodes were given in Table 3.
TABLE III
TENSILE TEST RESULTS

Electrode
Brand /
Specimen

Yield
Strength
(MPa)

A/1

370.00

A/2

353.00

Yield
Strength
Average
(MPa)

Tensile
Strength
(MPa)

Tensile
Strength
Average
(MPa)

490.00
362.33

485.00

A/3

364.00

479.00

B/1

358.00

498.00

B/2

352.00

B/3

333.00

479.00

C/1

334.00

474.00

C/2

332.00

C/3

336.00

347.67

334.00

483.00

475.00

484.67

Fig. 7. Hardness values of root side – Type A, B, C

Considering mean Vickers hardness values, it was seen that
welding metal zone hardness values were higher than the other
zones for all three different brand electrodes as stated in
literature. The reason for this was martensitic structure
formation during cooling after high heat input at welding zone.
Hardness values were highest for the weld metal and lowest for
coarse grains.

C. Statistical Analysis
In the study; hardness test results were chosen as example
models. Distance from welding center and hardness values
were chosen as the two factors. Then, the data obtained from
the tests were subjected to statistical analysis to understand the
influence of individual effects of the factors. Regression
equation was obtained from this analysis.

486.67

475.33

477.00

B. Hardness Tests
“Distance from welding center – hardness value” diagrams
for hardness tests were given detailed in the following figures.

Fig. 8. Regression Equation Results for Top Side Hardness Results – 1

y = - 7,525 + 0,041.x1

(2)

IV. RESULTS AND DISCUSSIONS
In this study, spiral welded pipes of 1016 mm diameter and
8.80 mm thickness made of St 44.2 general structural steel
commonly used for drinking water pipelines, were joined
successfully by coated electrodes with arc welding method and
mechanical properties of welded joints were investigated.
Based on the results and discussions of the study, the following
conclusions can be drawn:


Maximum values for yield strength in Type A and
tensile strength for Type B were obtained at the end of
tensile tests.



When yield strength values were compared, it was in
a sequence Type A, Type B and Type C respectively,
also in a sequence Type B, Type A and Type C
respectively for tensile strength values.



The hardness values for HAZ and parent metal were
obtained close but higher for weld metal. Furthermore,
higher values for Type A, similar values for Type B
and Type C were obtained in surface zone hardness
tests. It was observed that similar values were
obtained for all types in root zone hardness tests.
The resulting equations for hardness values of welded
parts were obtained with SPSS packaged software.

Fig. 9. Regression Equation Results for Top Side Hardness Results – 2

The resulting equation for hardness values of top side of welded
parts was obtained as;
y = - 5,593 + 0,030.x1

(1)
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Abstract— Diesel engines are the most efficient thermal engines
with thermal efficiencies reaching about 40%. Various studies are
being carried out with the aim of increasing the efficiency of diesel
engines and at the same time reducing the environmental
pollution. Efforts to improve the combustion process constitute
the most important part of these. As is known, by improving the
combustion process; the efficiency of the engine is increased and
the environmental pollution is reduced. For this reason, in recent
years, in order to improve the combustion process in diesel
engines, work on both structural (conscientious) work and fuels
continues. Structural studies include exhaust manifold designs,
improvement of the shape of the combustion chamber, increase in
the number of valves and valve cross section, regulations and
improvements in the injection system, widespread turbocharging
application, and so on. . Fuel related studies; more economical use
of existing fuels and studies on different alternative fuels can be
given as examples.
In this study, bioethanol produced from sugar beet was used.
Biodiesel is produced by transesterification from aspirate oil. 20%
volumetric ratio of biodiesel fuel was used in all blends. The
bioethanol fuel ratios on the other hand were used as 20%, 30%
and 50%. Eurodiesel fuel was selected as the reference fuel. Diesel
engines with common-rail fuel system were used in the
experiments. The results of the tests were compared with the
emission values of CO, CO2, HC, O2 and NOx with Eurodiesel
fuel values.
Keywords— Biodiesel, bioethanol, Eurodiesel, Emissions, Diesel
Enigine

I. INTRODUCTION
We are inadequate in terms of fossil fuel sources and are
increasing the importance of new and renewable energy sources
for our country. Due to the high proportion of diesel engines
commonly used in road transport and agriculture, the use of
motor biodiesel and bioethanol as a mixture has been on the
agenda. Studies have shown that biodiesel and bioethanol are
renewable alternative fuels for diesel engines. They can be used
as fuel and lubricant in diesel engines instead of motorized or
mixed in motor at different ratios[1].
Reducing dependence on oil and thinking about future oil crises
to be overcome with minimal disruption has led to search for
alternative fuels and their use as engine fuels. In addition to the
inadequate supply of oil resources and high prices, emissions
from vehicles have a detrimental effect on the environment and
the ecological balance. The most harmful and dense ones are

carbon monoxide (CO), unburned hydrocarbons (HC) and
nitrogen compounds (NOx) [2].
The use of alcohol-gasoline mixtures in gasoline engines is a
rather old idea. Alcohol and diesel fuel use is not very common.
When the literature is examined, there is a limited amount of
information about the effect on the combustion characteristics
(cylinder gas pressure, combustion yield) of alcohol-gasoline
mixtures with the same proportions [3]. Ethanol is a good
alternative fuel advantage because it is a renewable energy
source, it can reduce carbon dioxide emissions to a large extent,
can be produced forever in the environment when appropriate
conditions are met, and the energy value is the desired
efficiency [4].
Transport in modern life is both a vital and a strategic sector.
The automotive industry accounts for more than 10% of the
gross national product of most countries and has a large share
of consumer spending. Today, fossil-based fuels are the cause
of pollution of residential areas as well as of the atmosphere.
The fuel and automotive industry has to solve technical, social,
political and financial problems, adverse effects on human
health and environmental problems [5]. Renewable,
environmentally friendly clean fuels of biological origin are
needed for a clean environment. Bioethanol has a wide
potential to be produced from any biomass, and can be
produced at affordable prices in large or small plants[7].
In this study, fuels were obtained at various ratios by mixing
bioethanol and Eurodiesel fuel at various ratios with aspirate
biodiesel. Exhaust emission values were compared with those
obtained with Eurodiesel as comparative fuel.
II. MATERIAL AND METHOD
Biodiesel used in this study is aspirated biodiesel produced by
using transestrification method from aspirin. Bioethanol was
obtained from the Bioethanol plant located in the Çumra county
of Konya, which belongs to Anadolu Birlik Holding. E20-B20D60 (Bioethanol content 20%, biodiesel content 20% and
Eurodiesel ratio 60%), E30-B20-D50 and E50-B20-D3w0 ere
obtained from these fuels obtained. These mixtures were then
compared with Eurodiesel fuel.
The experiments used a diesel engine with a four-stroke, fourcylinder, electronic fuel injection system with a common-rail
fuel system. The test setup used in the study is shown in Fig.

Technical characteristics of the engine used in the survey In
Table 1, the characteristics of the engine dynamometer are
given in Table 2.

volume were used E20-B20-D60 (Bioethanol ratio 20%,
biodiesel ratio 20% and Eurodiesel ratio 60%), E30-B20-D50
and E50-B20-D30 mixtures respectively. The bioethanol used
in the study was obtained from sugar beet.
III. CONCLUSIONS AND DISCUSSION

Fig.1. Schematic view of the engine test rig

The main reason for the presence of CO among combustion
products is the inadequacy of oxygen or the absence of
complete combustion. Figure 2 shows the variation of CO in
the exhaust gases with respect to engine devine in the use of
bioethanol-biodiesel-Eurodiesel fuels mixtures. When the
figure is examined, it is seen that the amount of CO increases a
little as the cycle increases. The use of E50-B20-D30 fuel
seems to reduce CO2 by more than 42%. This reduction is due
to the presence of oxygen in the contents of bioethanol and
biodiesel.

TABLE I.
TECHNICAL SPECIFICATIONS OF THE ENGINE USED IN THE
STUDY
1.9 MULTIJET
4, a single row of the front transverse
1910

Compression ratio

5.18: 1

Maximum power hp - d / d

105 - 4000

Maximum torque Nm (kgm)
- d/d
Fuel

200 - 1750

Ignition
Bore x Stroke (mm)

82 x 90.4

TABLE II
TECHNICAL SPECIFICATIONS OF THE ENGINE DYNAMOMETER
Model
BT-190 FR
Capacity

100 kW

Maximum speed
Maximum torque

6000 rpm
750 Nm

A Bosch BEA 350 emission device was used to measure
emissions of exhaust gases. Technical specifications of the
emission device are given in Table 3.
TABLE III
TECHNICAL SPECIFICATIONS OF THE EXHAUST EMISSION DEVICE

E30B20D50

0,5
0

E50B20D30

0

2000
4000
Engine Speed (rpm)

6000

Fig.2. CO changes depending on engine speed
Figure 3 shows the variation of CO2 values in the exhaust gases
with respect to engine dynamics. The increase in the amount of
CO2 in the exhaust gases shows a good combustion. With the
use of bioethanol, biodiesel and Eurodiesel mixtures, CO2
emissions have been reduced by up to 15%. This decrease can
be explained by the impoverishment of the mixture due to the
presence of bioethanol and biodiesel in the content of O2.
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Before starting measurements, the engine is warmed
up to the operating temperature. Experiments were carried out
at full throttle, at different engine speeds. First, the experiment
was carried out using Eurodiesel fuel. Then the other fuels in
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Fig.3. Change of CO2 according to engine revolution
HC means unburned fuel. In Figure 4, the use of bioethanolbiodiesel-Eurodiesel mixtures shows a change in HC values
relative to different engine revolutions. The lowest HC value is
measured in E30-B20-D50 fuel use. In the use of Eurodiesel
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fuel, HC values decreased by more than 50%. This shows that
you are better off.
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Fig.4. Change of HC according to engine speed
In Figure 5, the use of bioethanol-unleaded gasoline mixtures
shows a change in NOx values relative to different engine
revolutions. The highest NOx value was measured in the use of
E50-B20-D30 fuel. The use of this fuel has shown that NOx
values increase by more than 10%. This is an expected situation
because of the presence of oxygen in the bioethanol and
biodiesel.and biodiesel.
1800
1600
NOx (ppm)

1400

Eurodiesel

1200

E20B20D60

1000

E30B20D50

800

E50B20D30

REFERENCES
[1] Imrag H., Benzinli Motorlarda Biyoetanol Kullanımının Motor
Karakteristik Değerlerine ve Egzoz Emisyonlarına Etkilerinin
Araştırılması, Balıkesir Üniversitesi Fen Bilimleri Enstitüsü Makine
Mühendisliği Anabilim Dalı, 2006
[2] Yamık, H., “Dizel Motorlarında Alternatif Yakit Olarak Yağ Esterlerinin
Kullanılma İmkanlarının Araştırılması”, Doktora Tezi, Gazi Üniversitesi
Fen Bilimleri Enstitüsü, Ankara, (2002).
[3] Park, S.H., Yoon, S.H., Lee, S.C., HC And CO Emissions Reduction By
Early Injection Strategy In A Bioethanol Blended Diesel-Fueled Engine
With A Narrow Angle Injection System, Applied Energy,
Volume:107,July2013,Pages:81-88
[4] Barabás, I., Todoruţ, A., Băldean, D., Performance and Emission
Characteristics of an CI Engine Fueled With Diesel–Biodiesel– Bioethanol
Blends, Fuel, Volume 89, Issue 12, December 2010, Pages 3827-3832
[5] Aytaç, Ş., “Küçük Güçlü Bir Dizel Motorunda Motorin ve Bitkisel Yağların
Oransal Karışımlarının Yakıt Olarak Kullanılmasında Bazı Performans
Değerlerinin SaptanmasıÜzerine Bir Araştırma”, Doktora Tezi, Trakya
Üniversitesi Fen Bilimleri Enstitüsü, Edirne, (1997).
[6] Acaroğlu M., Oğuz H., Ünaldı M., 2004. Türkiye İçin Alternatif Bir
Yakıt:Biyoetanol, Yakıt Olarak Kullanımı ve Emisyon Değerleri,
Biyoenerji 2004 Sempozyumu, 20-22 Ekim 2004 Ege Üniversitesi, İzmir.

600
400

IV. CONCLUSION
In this study, changes in engine performance and emissions
were investigated in the use of bio-ethanol-biodieselEurodiesel mixtures with a common-rail fuel system. The use
of mixture fuels E20-B20-D60 (bioethanol ratio 20%, biodiesel
20% and Eurodiesel 60%), E30-B20-D50 and E50-B20-D30
mixture fuels showed a 15% decrease in CO, CO2 and HC
values . When the test results are examined, it is seen that the
bioethanol can be used without changing any of the diesel
engines with Common-rail fuel system up to the E50-B20-D30
ratio and can contribute to the reduction of harmful emissions.

0

2000

4000

Engine Speed (rpm)

6000

Fig.5. NOx change according to engine speed

[7] H.Aydogan, An Experimental Study of the Effects of Bioethanol-Unleaded
Gasoline Blends on Engine Performance and Emissions, Energy Education
Science and Technology, Volume 28, Issue 2, January 2012, Pages 623-630

Computer Simulation of Turbulent Recirculating
Flow Through Circular-Sectioned Sudden Expansion
Pipes
Tahir Karasu*
*

Department of Mechanical Engineering, Eskişehir Osmangazi University, Meşelik, 26480 Eskişehir, Turkey
tahirkarasu26@gmail.com

Abstract— This original paper presents the results of an extensive
study of computer simulation of steady, incompressible, complex
turbulent recirculating flow through circular-sectioned sudden
expansion pipes for three different Reynolds numbers. Employing
the finite-volume method with a hybrid scheme, a computer
program based on the SIMPLE (Semi-Implicit Method for
Pressure Linked Equations) algorithm has been developed.
Computer solution of the conservation equations of mass and
momentum, together with the standard k- turbulence model, are
obtained using an iterative numerical solution technique. Near the
solid boundaries, wall-functions are employed. Computer
simulations for radial profiles of axial velocity, turbulence kinetic
energy, turbulence kinetic energy dissipation rate, effective
viscosity, axial variation of centre-line velocity, locus of flow
reversal, wall static-pressure coefficient, wall-shear stress and
friction coefficient distributions along top wall of the
axisymmetric sudden expansion pipe flow geometry are presented
and compared with experimental measurements. The results of
computer simulations show generally very good agreement with
experimental data.
Keywords— Flow, Turbulence, Sudden Expansions, Simulations

I. INTRODUCTION
The separated turbulent flow field downstream of an
axisymmetric sudden expansion in a circular-sectioned pipe is
a complex phenomenon characterised by flow separation,
recirculation and reattachment. As illustrated in Figure 1, such
a flow field may be divided by a dividing shear-layer surface
into two main regions, one being the region of recirculating
flow, the other being the region of main flow. The point at
which the dividing shear-layer surface strikes the wall is called
the reattachment point. In the recirculation region, the high
adverse pressure gradient results in reverse flow and promotes
instability and turbulence. Eddies generated in the recirculation
region and in the vicinity of the reattachment point can be
considered as a highly concentrated source of turbulence. The
subsequent convection, diffusion, and decay of the turbulent
eddies have a dominant influence on the characteristics of mean
flow. Turbulent flow through an axisymmetric sudden
expansion in a pipe is relevant to a large number of important
engineering applications, such as hydraulic and fluidic devices,
heat exchangers, combustors, mixing equipment and air
conditioning ducts. Considerable experimental and theoretical
works on turbulent flow through circular-sectioned sudden

expansions and pipes have been reported in the literature.
Among the most interesting ones are the works of [1-39]. In the
present computer simulations, the experimental measurements
of [8,15] have been used for comparison with the numerical
computations. The main objective of this original investigation
is to obtain numerical predictions of steady, incompressible,
complex turbulent recirculating flow through circularsectioned sudden expansion pipes using the standard k-
turbulence model [40] with a wall-functions boundary
condition, and to compare the results of computer simulations
with available experimental measurements in the literature for
validation.
II. MATHEMATICAL AND PHYSICAL MODEL
A. Governing Equations and Turbulence Model
With reference to Figure 1, the mathematical and physical
model employed in the computer simulation of steady,
incompressible, complex turbulent recirculating flow through
circular-sectioned sudden expansion pipes, requires the
simultaneous solution of the governing equations, together with
the turbulence model equations. The transport equations
representing the conservation of mass, momentum, turbulence
kinetic energy and its dissipation rate in steady state
axisymmetric cylindrical coordinate system are cast into the
following general form:

u  1  rv        1   r    S (1)
x
r r
x  x  r r 
r 

This equation represents a transport equation for a general
variable ϕ. The variables u and v are the local time-averaged
velocity components in the axial (x) and radial (r) directions,
respectively,  is the fluid density and Γϕ is the transport
coefficient. The final term, Sϕ, is the source term. The variables,
ϕ, necessary in this computer simulation are u, v, k and . Here,
k and  stand for the kinetic energy of turbulence and its
dissipation rate, respectively. The turbulence model employed
in the present study is the k- model of [40]. If ϕ is set equal to
unity and Γϕ and Sϕ to zero, equation (1) reduces to the equation
of continuity. Pressure is derived from the pressure correction
equation [41,42]. The transport equations, coefficients and the
source terms are summarised in Table 1.

diameter pipe at the entrance of the larger one and R is the
radius of the larger diameter pipe. The outlet plane was located
sufficiently far away from the recirculation region so that fullydeveloped conditions could be assumed to prevail at the outlet;
that is, all the axial gradients of the dependent variables vanish
at the outlet plane and the radial velocity is assumed zero. At
the sudden expansion pipe axis, symmetry is assumed: (  /  r )
= v = 0, where  can be any of u, k or . At the top and step
solid walls, velocity components u, v and turbulence quantities
k and  are set to zero. The values of k and  at the near-wall
grid points are calculated using the wall-functions of [40].
Initial field values throughout the computational domain were
specified properly so as not to cause numerical divergence.
C. Numerical Solution Procedure
In this numerical investigation, employing the finite-volume
approach, a computer program based on the SIMPLE algorithm
of [41] has been developed. The partial differential equations
(1) are discretised by a control-volume-based finite-difference
method with a hybrid scheme. The finite-volume forms of the
partial differential equations coupled with the boundary
conditions are solved iteratively using a line-by-line solution
procedure in conjunction with a tridiagonal matrix form [43].
D. Computational Details

Fig. 1 Axisymmetric cylindrical coordinate system and geometry of sudden
expansion pipe flow

B. Boundary Conditions
With reference to Figure 1, the boundary conditions for
steady, incompressible, complex turbulent recirculating flow
through circular-sectioned sudden expansion pipes studied are
given below. Four different boundary conditions were used:
inlet plane, outlet plane, symmetry axis and solid walls. At the
inlet to the sudden expansion pipe either axial radial velocity
distribution or a uniform axial velocity distribution from the
experimental measurements is specified, while the radial
velocity is set equal to zero. Empirical relationships are
employed to assign uniform entrance values to turbulence
2

quantities k and ; that is, k = (0.002-0.003) u b and  = C  k
3/ 2

/ 0.03R, where ub is the bulk velocity in the smaller

The numerical computations were carried out on a Pentium
4 CPU 1.60 GHz personal computer. The computational grid
distributions for all of the axisymmetric sudden expansion pipe
flows studied are depicted in Figures 2 and 13. All the
computational grids employed were non-uniformly distributed
with dense grid-line concentrations in the recirculation zone
and near the walls of the axisymmetric sudden expansion pipe
configuration. Staggered control volumes were used for axial
and radial velocity components. All other quantities of interest
were calculated at the grid points. The line-by-line method was
used to obtain converged solutions iteratively. Underrelaxation
factors were employed to procure numerical stability with
values of 0.3,0.3,0.8,0.8,0.5 and 0.5 for u, v, k, ε, P and µe,
respectively. The convergence criterion adopted in the present
computations was that the summation of the absolute values of
the mass residual in the entire computational domain be less
than a prescribed value of 10-5. Grid tests were performed with
different grid sizes to obtain an optimum grid-independent
solution for each flow case studied. All the computations
presented in this study are grid-independent. Table 2
summarises details of computational requirements for all flow
cases investigated. In this table, N is the number of iterations
performed to obtain a converged solution, T is the time in cpu
seconds, and T/N is the time per number of iterations.

Table 2. Flow case, Reynolds number, grid size, cpu time and
number of iterations.
Flow case of

Re

Grid Size
(x)  (r)

T, cpu time
(secs)

N

T/N

Escudier and
Smith [15]
Ahmed and
Nejad [8]
Escudier and
Smith [15]

26 000

40  30

4.984375

348

0.01432

118 000

40  30

5.09375

356

0.01430

152 000

40  30

5.0625

350

0.01446

III. PRESENTATION AND DISCUSSION OF RESULTS
With a 50% by weight aqueous solution of glucose syrup
used as the working fluid in the axisymmetric sudden
expansion pipe, the experimental measurements of [15] are first
selected as the comparison basis for this computational study.
The axisymmetric sudden expansion pipe configuration has an
expansion ratio of D/d=1.538. The Reynolds number of the
flow at the inlet is Re = 2.6x104 (Re = ρ ub d / μ, where ub is the
bulk inlet velocity at inlet to the sudden expansion and d is the
inlet diameter). The computational domain is extended to an
axial distance of x=15d downstream from the inlet plane of the
axisymmetric sudden expansion pipe. The computational grid
distribution for the axisymmetric sudden expansion pipe flow
geometry of [15] is displayed in Figure 2. The predicted radial
profiles of axial velocity along the sudden expansion pipe in
dimensionless form u/ub, and radial distance r/R, at axial
locations ranging from x/d=0.15 to 15 across the sudden
expansion pipe have been compared with experimental
measurements of Escudier and Smith [15] in Figure 3. As can
be seen from the figure, there is a good agreement between the
predicted radial profiles of axial velocity and the corresponding
measured ones. This figure also shows that how the predicted
radial profiles of axial velocity develop along the sudden
expansion pipe. Figure 4 reveals the predicted axial variation of
dimensionless centre-line velocity (uc/ub) along the sudden
expansion pipe axis, normalised to bulk inlet velocity (ub), and
plotted as a function of downstream distance (x/d). As seen
from the figure, starting from the inlet plane, the predicted
centre-line velocity decreases until it attains its fully-developed
value downstream at about x/d=13.5.

Fig. 2 Computational grid distribution for axisymmetric sudden expansion
pipe flow of Escudier and Smith [15]

Fig. 3 Comparison of predicted radial profiles of axial velocity along
axisymmetric sudden expansion pipe flow with experimental data of [15]

The predicted locus of flow reversal (u=0) for the axisymmetric
sudden expansion pipe flow is depicted in Figure 5. The normal
distance y measured from the top wall is normalised to step
height (h) and plotted as a function of downstream distance
normalised to step height (x/h). In this figure, the axial velocity
(u) is zero on the circles, positive above the circles and negative
below the circles. As can be seen from the figure, the predicted
flow reattachment length is found to occur at about xr/h=7.428
downstream of the inlet plane, while the experimental flow
reattachment length is reported to occur at xr/h=9.7.

In Figure 6, the predicted axial distribution of dimensionless
turbulence kinetic energy k0.5/ub along symmetry axis of sudden
expansion pipe flow is presented. As seen from the figure, the
turbulence kinetic energy decreases until it attains its minimum
value at x/d=4, and thereafter increases rapidly along the
sudden expansion pipe axis until it reaches its maximum value
at x/d=8.5, and then decreases again until x/d=15. Figures 7, 8
and 9 display the predicted radial profiles of turbulence kinetic
energy, dissipation rate of turbulence kinetic energy and
effective viscosity, respectively, along the sudden expansion
pipe at the same downstream locations as in Figure 3. Here, the
predicted profiles are normalised, respectively, with respect to
2

square of bulk inlet velocity u b , maximum values of turbulence
kinetic energy dissipation rate εmax and effective viscosity μe max
in the flow field. These figures indicate how the predicted
turbulence kinetic energy, dissipation rate of turbulence kinetic
energy and effective viscosity profiles develop along the
sudden expansion pipe flow configuration. In Figure 10, the
predicted variation of wall-shear stress along the sudden
expansion pipe top wall in dimensionless form of  w /  wd , as

Fig. 4 Predicted axial variation of dimensionless centre-line velocity along
axisymmetric sudden expansion pipe flow symmetry axis of [15]

a function of downstream distance x/h, is given. Here, the wallshear stress has been normalised with respect to its value at the
outlet plane (  wd ). As can be seen from the figure, starting
from the inlet plane of the sudden expansion pipe untill at about
x/h=6.96 the wall-shear stress is negative. This is due to the
negative axial velocities (-u) in the recirculation region. The top
wall-shear stress, as it takes negative values, increases rapidly
until it reaches its maximum negative value, and then decreases
sharply to its zero value at about x/h=6.96, after which it takes
positive values and increases until it attains its fully-developed
value downstream at about x/h=37. The computed distribution

of friction coefficient (Cf = 2 τ w / ρ u b ) along the sudden
2

expansion pipe top wall, as a function of downstream distance
x/h, is plotted in Figure 11. As seen from the figure, the top wall
friction coefficient exhibits the same trend as the wall-shear
stress shown in Figure 10. Finally, the predicted axial variation
of wall static-pressure coefficient (Cp=  P/0.5ρu b ) along the
2

Fig. 5 Predicted locus of flow reversal (u=0) for axisymmetric sudden
expansion pipe flow of Escudier and Smith [15]

Fig. 6 Predicted axial distribution of dimensionless turbulence kinetic energy
along axisymmetric sudden expansion pipe flow symmetry axis of [15]

sudden expansion pipe top wall with experimental data of
Escudier and Smith [15], as a function of downstream distance
x/d, is compared in Figure 12. The predicted shape of axial
variation of wall static-pressure coefficient with experimental
data is nearly identical, and the predicted static-pressure
recovery occurs well downstream of flow reattachment length
at about x/h=31.57.

Fig. 7 Predicted radial profiles of normalised turbulence kinetic energy along
axisymmetric sudden expansion pipe flow of Escudier and Smith [15]

Fig. 8 Predicted radial profiles of normalised turbulence kinetic energy
dissipation rate along axisymmetric sudden expansion pipe flow of [15]

Fig. 10 Predicted variation of dimensionless wall-shear stress along
axisymmetric sudden expansion pipe top wall of Escudier and Smith [15]

Fig. 11 Computed distribution of friction coefficient along axisymmetric
sudden expansion pipe top wall of Escudier and Smith [15]

Fig. 12 Comparison of predicted axial variation of wall static-pressure
coefficient (Cp) along axisymmetric sudden expansion pipe top wall with
experimental data of Escudier and Smith [15]

Fig. 9 Predicted radial profiles of normalised effective viscosity along
axisymmetric sudden expansion pipe flow of Escudier and Smith [15]

The second flow configuration corresponds to axisymmetric
sudden expansion pipe flow experimental study of Ahmed and
Nejad [8] with air used as the working fluid. The axisymmetric
sudden expansion pipe has an expansion ratio of D/d=1.5. The
Reynolds number of the flow at the inlet is Re=1.18105 (Re =
uref d / ν, where uref is the reference velocity at inlet to the
sudden expansion and d is the inlet pipe diameter). For this flow
situation, the calculation domain is extended to an axial
distance of 35 step heights (h) downstream from the inlet plane
of the sudden expansion pipe. The numerical grid distribution
for the sudden expansion pipe flow of [8] is shown in Figure
13. The predicted radial profiles of axial velocity and their
comparison with experimental measurements of [8] along the
sudden expansion pipe in dimensionless form u/uref, and radial
distance r/R, at axial stations ranging from x/h=0.38 to 35, are
depicted in Figure 14. As can be seen from the figure, there is
a very good agreement between the predicted axial velocity
profiles and the corresponding measured ones. In addition, this
figure also reveals how the predicted radial profiles of axial
velocity develop along the sudden expansion pipe. Figure 15
gives a comparison between the predicted and experimental
dimensionless centre-line velocity (uc/uref) variation along the
sudden expansion pipe axis, normalised to reference velocity
(uref) at inlet to the sudden expansion, and plotted as a function
of downstream distance normalised to step height (h). As seen
from the figure, the predicted axial variation of centre-line
velocity is in excellent agreement with the experimental one.
Also, starting from the inlet plane, the predicted centre-line
velocity attains its fully-developed value downstream at about
x/h=33. The computed locus of flow reversal (u=0) for the
sudden expansion pipe flow is presented in Figure 16. In this
figure, the axial velocity (u) is zero on the circles, positive
above the circles and negative below the circles. As seen from
the figure, the predicted flow reattachment length is found to
occur at about xr/h=7.75 downstream from the inlet plane. In
Figure 17, the predicted axial distribution of dimensionless
turbulence kinetic energy k0.5 / uref along symmetry axis of the
sudden expansion pipe flow is indicated. As seen from the
figure, the turbulence kinetic energy decreases slowly until it
attains its minimum value at x/h=13, and thereafter increases
rapidly along the pipe axis until it reaches its maximum value
at x/h=26, and then decreases again until x/h=34.

Fig. 13 Numerical grid distribution for axisymmetric sudden expansion pipe
flow of Ahmed and Nejad [8]

Fig. 14 Comparison of predicted radial profiles of axial velocity along
axisymmetric sudden expansion pipe with experimental data of Ahmed and
Nejad [8]

Figures 18, 19 and 20 exhibit the predicted radial profiles of
turbulence kinetic energy, turbulence kinetic energy dissipation
rate and effective viscosity, respectively, along the sudden
expansion pipe of Ahmed and Nejad [8] at axial locations
ranging from x/h=0.38 to 35. Here, the predicted profiles are
normalised, respectively, with respect to square of reference
2

velocity at inlet to the sudden expansion u ref , maximum values
of turbulence kinetic energy dissipation rate εmax and effective
viscosity μe max in the flow field. These figures show how the
predicted turbulence kinetic energy, turbulence kinetic energy
dissipation rate and effective viscosity profiles develop along
the sudden expansion pipe. In Figure 21, the computed
variation of wall-shear stress along the sudden expansion pipe
top wall in dimensionless form τw/τwd, as a function of
downstream distance x/h, is displayed. Here, the wall-shear
stress is made dimensionless with respect to its value at the
outlet plane (τwd). As can be seen from the figure, starting from
the inlet plane of the sudden expansion pipe untill at about
x/h=7.75 the wall-shear stress is negative. This is due to the
negative axial velocities (-u) in the recirculation region. The top
wall-shear stress, as it takes negative values, increases rapidly
until it reaches its maximum negative value, and then decreases
sharply to its zero value at about x/h=7.75, after which it takes
positive values and increases continuously. The computed
2

distribution of friction coefficient (Cf =2τw/ρ u ref ) along the

Fig. 16 Computed locus of flow reversal (u=0) for axisymmetric sudden
expansion pipe flow of Ahmed and Nejad [8]

Fig. 17 Predicted axial distribution of dimensionless turbulence kinetic energy
along sudden expansion pipe symmetry axis of Ahmed and Nejad [8]

sudden expansion pipe top wall, as a function of downstream
distance x/h, is plotted in Figure 22. As seen from the figure,
the top wall friction coefficient reveals the same trend as the
wall-shear stress shown in Figure 21. Finally, the predicted
axial variation of wall static-pressure coefficient [Cp=(P-Pref) /
0.5 ρ u ref ] along the sudden expansion pipe top wall, as a
2

function of downstream distance x/h, is presented in Figure 23.
As seen from the figure, the top wall static-pressure coefficient
takes negative values just from the inlet plane of the sudden
expansion pipe, and due to the recirculating flow, it increases
continuously up to downstream location x/h=30. Beyond this
location, it remains nearly constant.

Fig. 15 Comparison of predicted axial variation of dimensionless centre-line
velocity along axisymmetric sudden expansion pipe flow symmetry axis of
Ahmed and Nejad [8]
Fig. 18 Predicted radial profiles of normalised turbulence kinetic energy along
axisymmetric sudden expansion pipe flow of Ahmed and Nejad [8]

Fig. 19 Predicted radial profiles of normalised turbulence kinetic energy
dissipation rate along axisymmetric sudden expansion pipe flow of Ahmed
and Nejad [8]

Fig. 20 Predicted radial profiles of normalised effective viscosity along
axisymmetric sudden expansion pipe flow of Ahmed and Nejad [8]

Fig. 21 Computed variation of dimensionless wall-shear stress along
axisymmetric sudden expansion pipe top wall of Ahmed and Nejad [8]

the sudden expansion and d is the inlet diameter). For this flow
case, the computational domain is extended to an axial distance
of x=15d (x=55.714h) downstream from the inlet plane of the
axisymmetric sudden expansion pipe. The computational grid
distribution used for this flow situation is exactly the same as
the one indicated in Figure 2. The predicted radial profiles of
axial velocity along the sudden expansion pipe in terms of u/ub,
and radial distance r/R, at axial positions ranging from x/d=0.15
to 15 across the sudden expansion pipe are shown in Figure 24.
This figure reveals how the predicted radial profiles of axial
velocity develop along the sudden expansion pipe. In Figure 25,
the predicted axial variation of dimensionless centre-line
velocity (uc/ub) along the sudden expansion pipe axis, as a
function of downstream distance (x/d), is depicted. As seen
from the figure, the predicted centre-line velocity decreases
along the symmetry axis until it reaches its fully-developed
value downstream at about x/d=13.5. The predicted locus of
flow reversal (u=0) for the axisymmetric sudden expansion
pipe flow is displayed in Figure 26. In this figure, the axial
velocity (u) is zero on the circles, positive above the circles and
negative below the circles. As can be seen from the figure, the
predicted flow reattachment length is found to occur at about
xr/h=6.96 downstream from the inlet plane, whereas the
experimental flow reattachment length is reported to occur at
xr/h=8.54. Finally, the computed axial variation of wall staticpressure coefficient (Cp =  P / 0.5ρu b ) along the sudden
2

Fig. 22 Computed distribution of friction coefficient along axisymmetric
sudden expansion pipe top wall of Ahmed and Nejad [8]

Fig. 23 Predicted axial variation of wall static-pressure coefficient (Cp) along
axisymmetric sudden expansion pipe top wall of Ahmed and Nejad [8]

With water used as the working fluid in the axisymmetric
sudden expansion pipe, the experimental study for turbulent
flow conducted by Escudier and Smith [15] is thirdly selected
as the test case for this computational study. The axisymmetric
sudden expansion pipe has an expansion ratio of D/d=1.538.
The Reynolds number of the flow at the inlet is Re = 1.52x105
(Re = ρ ub d / μ, where ub is the bulk inlet velocity at inlet to

expansion pipe top wall with experimental data of Escudier and
Smith [15], as a function of downstream distance x/d, is
compared in Figure 27. The computed shape of axial variation
of wall static-pressure coefficient with experimental data is
nearly identical, and the predicted static-pressure recovery
occurs well downstream of flow reattachment length at about
x/h=35.28.
IV. CONCLUDING REMARKS
The main concluding remarks from the numerical
investigation of the present original research work can be
summarised as follows. Steady, incompressible, separating and
reattaching complex turbulent recirculating flow through
circular-sectioned sudden expansions in pipes at three different
Reynolds numbers has been computed numerically employing
the standard k- turbulence model. Using the finite-volume
approach, a computer program based on the SIMPLE algorithm
of Patankar [41] has been developed. The performance of the
standard k- turbulence model has been investigated for three
different axisymmetric sudden expansion pipe flows. Computer
simulations for radial profiles of axial velocity, turbulence
kinetic energy, turbulence kinetic energy dissipation rate,
effective viscosity, axial variation of centre-line velocity, locus
of flow reversal, wall-shear stress, friction coefficient and wall
static-pressure coefficient distributions along axisymmetric
sudden expansion pipes are presented and, wherever availlable,
compared with experimental measurements reported in the
literature. The results of computer simulations are generally in
very good agreement with experimental measurements.

Fig. 25 Predicted axial variation of dimensionless centre-line velocity along
axisymmetric sudden expansion pipe flow symmetry axis of [15]

Fig. 26 Predicted locus of flow reversal (u=0) for axisymmetric sudden
expansion pipe flow of Escudier and Smith [15]

Fig. 27 Comparison of computed axial variation of wall static-pressure
coefficient (Cp) along axisymmetric sudden expansion pipe top wall with
experimental data of Escudier and Smith [15]
Fig. 24 Predicted radial profiles of axial velocity along axisymmetric sudden
expansion pipe flow of Escudier and Smith [15]
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Abstract— This original research work presents the results of an
extensive study of numerical investigation of steady,
incompressible, two-dimensional, complex turbulent recirculating
flow in double-sided planar sudden expansions in channels at two
different Reynolds numbers. Employing the finite-volume method
with a hybrid scheme, a computer program based on the SIMPLE
(Semi-Implicit Method for Pressure Linked Equations) algorithm
has been developed. Numerical solution of the conservation
equations of mass and momentum, together with the standard k-
turbulence model, are obtained using an iterative numerical
solution technique. Near the solid boundaries, wall-functions are
employed. Numerical computations for local streamwise velocity,
turbulence kinetic energy, turbulence kinetic energy dissipation
rate, effective viscosity, locus of flow reversal, streamwise
variation of centre-line velocity, wall static-pressure coefficient,
wall-shear stress and coefficient of friction distribution along top
wall of the planar sudden expansion flow geometry are presented
and compared with experimental measurements. The results of
numerical investigation show generally very good agreement with
experimental data.
Keywords— Flow, Turbulence, Double-Sided Planar Sudden
Expansions, Computations

I. INTRODUCTION
The separated turbulent flow field downstream of a doublesided planar sudden expansion in a channel is a complex
phenomenon characterised by flow separation, recirculation
and reattachment. As illustrated in Figure 1, such a flow field
may be divided by a dividing shear-layer surface into two main
regions, one being the region of recirculating flow, the other
being the region of main flow. The point at which the dividing
shear-layer surface strikes the wall is called the reattachment
point. In the recirculation region, the high adverse pressure
gradient results in reverse flow and promotes instability and
turbulence. Eddies generated in the recirculation region and in
the vicinity of the reattachment point can be considered as a
highly concentrated source of turbulence. The subsequent
convection, diffusion, and decay of the turbulent eddies have a
dominant influence on the characteristics of mean flow.
Turbulent flow through a double-sided planar sudden
expansion in a channel is relevant to a large number of
important engineering applications, such as hydraulic and
fluidic devices, heat exchangers, combustors, mixing
equipment and air conditioning ducts. The number of

investigations of turbulent flows through plane symmetric
sudden expansions in channels reported in the literature is
surprisingly very limited. Among the most interesting ones are
the works of [1-24]. In the present numerical investigation, the
experimental measurements of [8] have been used for
comparison with the numerical computations. The main
objective of this original investigation is to obtain numerical
predictions for steady, incompressible, two-dimensional,
complex turbulent recirculating flow through double-sided
planar sudden expansions in channels using the standard k-
turbulence model [25] with a wall-functions boundary
condition, and to compare the results of numerical
computations with available experimental measurements in the
literature for validation.
II. MATHEMATICAL AND PHYSICAL MODEL
A. Governing Equations and Turbulence Model
With reference to Figure 1, the mathematical and physical
model employed in the numerical computation of steady,
incompressible, and two-dimensional complex turbulent
recirculating flow through plane symmetric sudden expansions
in channels, requires the simultaneous solution of the governing
equations, together with the turbulence model equations. The
transport equations representing the conservation of mass,
momentum, turbulence kinetic energy and its dissipation rate in
the cartesian coordinate system are cast into the following
general form:
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This equation represents a transport equation for a general
variable ϕ. The variables u and v are the local time-averaged
velocity components in the horizontal (x) and normal (y)
directions, respectively,  is the fluid density and Γϕ is the
transport coefficient. The final term, Sϕ , is the source term. The
variables, ϕ , necessary in this numerical investigation are u, v,
k and . Here, k and  stand for the kinetic energy of turbulence
and its dissipation rate, respectively. The turbulence model
employed in the present study is the k- model of [25]. If ϕ is
set equal to unity and Γϕ and Sϕ to zero, equation (1) reduces to
the equation of continuity. Pressure is derived from the pressure

correction equation [26,27]. The transport equations,
coefficients and the source terms are summarised in Table 1.

could be assumed to prevail at the outlet; that is, all the axial
gradients of the dependent variables vanish at the outlet plane
and the normal velocity is assumed zero. Computations were
carried out with the outlet plane located 45 step heights
downstream from the inlet plane of the channel. At the axis of
the channel, symmetry is assumed: (∂ϕ/∂y) = v = 0, where 
can be any of u, k or . At the channel top and step walls,
velocity components u, v and turbulence quantities k and  are
set to zero. The values of k and  at the near-wall grid points
are calculated using the wall-functions of Launder and Spalding
[25]. Initial field values throughout the computational domain
were specified properly so as not to cause numerical
divergence.
C. Numerical Solution Procedure
In this numerical investigation, employing the finite-volume
approach, a computer program based on the SIMPLE algorithm
of Patankar [26] has been developed. The partial differential
equations (1) are discretised by a control-volume-based finitedifference method with a hybrid scheme. The finite-volume
forms of the partial differential equations coupled with the
boundary conditions are solved iteratively using a line-by-line
solution procedure in conjunction with a tridiagonal matrix
form, Spalding [28].
D. Computational Details

Fig. 1 Cartesian coordinate system and geometry of double-sided planar
sudden expansion channel flow

B. Boundary Conditions
With reference to Figure 1, the boundary conditions for twodimensional complex turbulent recirculating flow through a
double-sided planar sudden expansion in a channel studied are
given below. Four different boundary conditions were used:
inlet plane, outlet plane, symmetry axis and solid walls. A
uniform profile is assumed for all quantities at the inlet plane
of the sudden expansion channel: the velocity in the horizontal
(x) direction is assigned the experimental bulk value ub and the
velocity in the normal (y) direction is assumed zero. Empirical
relationships are employed to assign uniform entrance values
2

to turbulence quantities k and ; that is, k=(0.001-0.003) u b
and  = C  k

3/ 2

/ 0.03h, where ub is the bulk velocity

calculated from the volume flow rate and h is the step height of
the channel. The outlet plane was located sufficiently far away
from the recirculation region so that fully-developed conditions

The numerical computations were carried out on a Pentium
4 CPU 1.60 GHz personal computer. The computational grid
distribution for the double-sided planar sudden expansion
channel flow geometry of Poole and Escudier [8] is depicted in
Figure 2. The computational grid employed was non-uniformly
distributed with dense grid-line concentrations in the
recirculation zone and near the walls of the plane symmetric
sudden expansion configuration. Staggered control volumes
were used for streamwise and normal velocity components. All
other quantities of interest were calculated at the grid points.
The line-by-line method was used to obtain converged
solutions iteratively. Underrelaxation factors were employed to
procure numerical stability with values of 0.3,0.3,0.8,0.8,0.5
and 0.5 for u, v, k, ε, P and µe, respectively. The convergence
criterion adopted in the present computations was that the
summation of the absolute values of the mass residual in the
entire computational domain be less than a prescribed value of
10-5. Grid tests were performed with different grid sizes to
obtain an optimum grid-independent solution for each flow
case studied. All the computations presented in this study are
grid-independent. Table 2 summarises details of the
computational requirements for the flow cases investigated. In
this table, N is the number of iterations performed to obtain a
converged solution, T is the time in cpu seconds, and T/N is the
time per number of iterations.

Table 2. Flow case, Reynolds number, grid size, cpu time and
number of iterations.
Flow case of

Re

Grid Size
(x)(y)

T, cpu time
(secs)

N

T/N

Poole and
Escudier [8]
Poole and
Escudier [8]

4 000

40  30

5.1875

385

0.013474

40 000

40  30

6.421875

440

0.014595

III. PRESENTATION AND DISCUSSION OF RESULTS
Numerical computations were conducted for a steady,
incompressible and two-dimensional complex turbulent
recirculating flow through double-sided planar sudden
expansions in channels at two different Reynolds numbers, and
the results of computations were compared with experimental
measurements of Poole and Escudier [8]. With water used as
the working fluid in the plane symmetric sudden expansion
channel, the experimental measurements of Poole and Escudier
[8] are first selected as the comparison basis for this
computational study. The plane symmetric sudden expansion
channel has an expansion ratio of R=D/d=1.428. The Reynolds
number of the flow is Re = 4x103 (Re = ρ ub h / μ, where ub is
the bulk velocity at inlet and h is the step height). The
computational domain is extended to a streamwise distance of
45h downstream from the inlet plane. The computational grid
distribution for the double-sided planar sudden expansion
channel flow geometry of Poole and Escudier [8] is depicted in
Figure 2. The predicted local streamwise velocity profiles along
the channel in dimensionless form u/ub, and normal distance
y/h, at streamwise locations ranging from x/h=1 to 45 across
the two-dimensional plane symmetric sudden expansion
channel have been compared with the experimental
measurements of Poole and Escudier [8] in Figure 3. As seen
from the figure, there is a pretty good agreement between the
predicted streamwise velocity profiles and the corresponding
measured ones. This figure also shows that how the predicted
streamwise velocity profiles develop along the channel. Figure
4 reveals the predicted streamwise variation of dimensionless
centre-line velocity (uc/ub) along the channel axis, normalised
to bulk velocity (ub), and plotted as a function of downstream
distance (x/h). As seen from the figure, starting from the inlet
plane, the predicted centre-line velocity first decreases sharply
and then slows down until it attains its fully-developed value
downstream at about x/h=18, afterwhich it remains constant
along the channel axis.

Fig. 2 Computational grid distribution for double-sided planar sudden
expansion channel flow of Poole and Escudier [8]

Fig. 3 Comparison of predicted local streamwise velocity profiles along the
two-dimensional plane symmetric sudden expansion channel with
experimental data of Poole and Escudier [8]

The predicted locus of flow reversal (u=0) for the plane
symmetric sudden expansion channel is presented in Figure 5.
The normal distance y measured from the top wall is
normalised to step height (h) and plotted as a function of
downstream distance normalised to step height (x/h). In this
figure, the streamwise velocity (u) is zero on the circles,
positive above the circles and negative below the circles. As
can be seen from the figure, the predicted flow reattachment
length is found to occur at about xr/h=3.75 downstream from
the inlet plane, whereas the experimental flow reattachment
length is reported to occur at xr/h=5. The source of this problem
is a limitation of the present k-ε turbulence model. The model
does not account for the time lapse between extra turbulent
energy being supplied and the effect being felt in the dissipating
motions. Figures 6, 7 and 8 exhibit the predicted profiles of
turbulence kinetic energy, turbulence kinetic energy dissipation
rate and effective viscosity, respectively, along the channel of
Poole and Escudier [8] at the same downstream locations as in
Figure 3. Here, the predicted profiles are normalised,
respectively, with respect to square of bulk velocity u

2
b

,

maximum values of turbulence kinetic energy dissipation rate
εmax and effective viscosity μe max in the flow field. These
figures indicate how the predicted turbulence kinetic energy,
dissipation rate of turbulence kinetic energy and effective
viscosity profiles develop along the channel.

Fig. 4 Predicted streamwise variation of dimensionless centre-line velocity
along the channel symmetry axis of Poole and Escudier [8]

Fig. 5 Predicted locus of flow reversal (u=0) for plane symmetric sudden
expansion channel flow of Poole and Escudier [8]

Fig. 6 Predicted dimensionless turbulence kinetic energy profiles along the
two-dimensional plane symmetric sudden expansion channel of Poole and
Escudier [8]

Fig. 7 Predicted dimensionless turbulence kinetic energy dissipation rate
profiles along the two-dimensional plane symmetric sudden expansion
channel of Poole and Escudier [8]

Fig. 8 Predicted dimensionless effective viscosity profiles along the twodimensional plane symmetric sudden expansion channel of Poole and
Escudier [8]

In Figure 9, the predicted variation of wall-shear stress along
the channel top wall in dimensionless form of  w /  wd , as a
function of downstream distance x/h, is displayed. Here, the
wall-shear stress has been normalised with respect to its value
at the outlet plane (  wd ). As can be seen from the figure,
starting from the inlet plane of the channel untill at about
x/h=4.25 the wall-shear stress is negative. This is due to the
negative streamwise velocities (-u) in the recirculation region.
The top wall-shear stress, as it takes negative values, increases
rapidly until it reaches its maximum negative value, and then
decreases sharply to its zero value at about x/h=4.25,
afterwhich it takes positive values and increases continuously.
The computed distribution of friction coefficient (Cf = 2 τ w / ρ
2

u b ) along the channel top wall, as a function of downstream
distance x/h, is plotted in Figure 10. As seen from the figure,
the friction coefficient reveals the same trend as the wall-shear
stress shown in Figure 9. Finally, the predicted distribution of

Fig. 9 Predicted variation of dimensionless wall-shear stress along the plane
symmetric sudden expansion channel top wall of Poole and Escudier [8]

wall static-pressure coefficient [Cp = (P - Pref) / 0.5 ρ u b ] along
2

the plane symmetric sudden expansion channel top wall, as a
function of downstream distance x/h, is given in Figure 11. As
seen from the figure, the top wall static-pressure coefficient
takes negative values just from the inlet plane of the sudden
expansion channel, and due to the recirculating flow, it shows
sudden increase up to downstream location x/h=10. Beyond
this location, it remains nearly constant.
The second flow configuration corresponds to the twodimensional double-sided planar sudden expansion channel
flow experimental study of Poole and Escudier [8] with water
used as the working fluid again, and as in the previous case, the
channel has an expansion ratio of R=D/d=1.428 again. Here,
the Reynolds number of the channel flow is based on the bulk
velocity ub at inlet and the step height h; that is, Re = ρ ub h / μ
= 4x104. For this flow situation, the calculation domain is
extended to a streamwise distance of 45h downstream from the
inlet plane of the channel. The numerical grid distribution used
for this flow situation is exactly the same as the one indicated
in Figure 2. The predicted local streamwise velocity profiles for
the plane symmetric sudden expansion channel flow in terms
of u/ub, and transverse distance y/h, at streamwise positions
ranging from x/h=1 to 45 across the channel are presented in
Figure 12 and compared with experimental data of Poole and
Escudier [8]. As seen from the figure, the predicted streamwise
velocity profiles are in very good agreement with the
corresponding experimental ones. In addition, this figure also
shows how the predicted streamwise velocity profiles develop
along the channel. In Figure 13, the predicted streamwise
variation of dimensionless centre-line velocity (uc/ub) along the
channel symmetry axis, plotted as a function of downstream
distance (x/h), is given. As seen from the figure, at the
beginning the predicted centre-line velocity first decreases
rapidly and then slows down until it reaches its fully developed
value at about x/h=20.8, and thereafter it remains constant
along the channel axis.

Fig. 10 Computed distribution of friction coefficient along the plane
symmetric sudden expansion channel top wall of Poole and Escudier [8]

Fig. 11 Predicted distribution of wall static-pressure coefficient (Cp) along the
plane symmetric sudden expansion channel top wall of Poole and Escudier [8]

The predicted locus of flow reversal (u=0) for the twodimensional plane symmetric sudden expansion channel is
depicted in Figure 14. In this figure, the streamwise velocity (u)
is zero on the circles, positive above the circles and negative
below the circles. For this flow case, as seen from the figure,
the predicted flow reattachment length is found to occur at
about xr/h=4.25 downstream from the inlet plane, while the
experimental flow reattachment length is reported to occur at
xr/h=6.5. The source of this problem is a limitation of the
present k-ε turbulence model. The model does not account for
the time lapse between extra turbulent energy being supplied
and the effect being felt in the dissipating motions. Figures 15,
16 and 17 reveal the predicted profiles of turbulence kinetic
energy, turbulence kinetic energy dissipation rate and effective
viscosity, respectively, along the channel of Poole and Escudier
[8] at the same downstream locations as in Figure 12. Here, the
predicted profiles are normalised, respectively, with respect to
2

square of bulk velocity u b , maximum values of turbulence
kinetic energy dissipation rate εmax and effective viscosity μe max
in the flow field. These figures show how the predicted
turbulence kinetic energy, dissipation rate of turbulence kinetic
energy and effective viscosity profiles develop along the twodimensional plane symmetric sudden expansion channel.

Fig. 13 Predicted streamwise variation of dimensionless centre-line velocity
along the channel symmetry axis of Poole and Escudier [8]

Fig. 12 Comparison of predicted local streamwise velocity profiles along the
two-dimensional plane symmetric sudden expansion channel with
experimental data of Poole and Escudier [8]

Fig. 14 Predicted locus of flow reversal (u=0) for plane symmetric sudden
expansion channel flow of Poole and Escudier [8]

Fig. 15 Predicted dimensionless turbulence kinetic energy profiles along the
two-dimensional plane symmetric sudden expansion channel of Poole and
Escudier [8]

Fig. 16 Predicted dimensionless turbulence kinetic energy dissipation rate
profiles along the two-dimensional plane symmetric sudden expansion
channel of Poole and Escudier [8]

The predicted wall-shear stress distribution along the channel
top wall in terms of  w /  wd , as a function of downstream
distance x/h, is shown in Figure 18. Here, the wall-shear stress
has been made dimensionless with respect to its value at the
outlet plane (  wd ). As can be observed from the figure, starting
from the inlet plane of the channel untill at about x/h=4.75 the
wall-shear stress is negative. This is due to the negative
streamwise velocities (-u) in the recirculation zone. The top
wall-shear stress, as it takes negative values, increases rapidly
until it attains its maximum negative value, and then decreases
sharply to its zero value at about x/h=4.75, afterwhich it takes
positive values and increases continuously. The computed
distribution of friction coefficient (Cf = 2 τ w / ρ u b ) along the
2

channel top wall, as a function of downstream distance x/h, is
plotted in Figure 19. As seen from the figure, the friction
coefficient exhibits the same trend as the wall-shear stress
shown in Figure 18. Finally, the computed distribution of wall
static-pressure coefficient [Cp = (P - Pref) / 0.5 ρ u b ] along the
2

plane symmetric sudden expansion channel top wall, as a
function of downstream distance x/h, is revealed in Figure 20.
As seen from the figure, the top wall static-pressure coefficient
takes negative values just from the inlet plane of the sudden
expansion channel, and due to the recirculating flow, it shows
sudden increase up to downstream location x/h=14. Beyond
this location, it remains nearly constant.

Fig. 18 Predicted distribution of dimensionless wall-shear stress along the
channel top wall of Poole and Escudier [8]

Fig. 17 Predicted dimensionless effective viscosity profiles along the twodimensional plane symmetric sudden expansion channel of Poole and
Escudier [8]

Fig. 19 Computed distribution of friction coefficient along the channel top
wall of Poole and Escudier [8]

[8]

[9]

[10]

[11]
[12]

[13]
Fig. 20 Computed distribution of wall static-pressure coefficient (Cp) along
the two-dimensional plane symmetric sudden expansion channel top wall of
Poole and Escudier [8]

IV. CONCLUDING REMARKS
The main concluding remarks from the numerical
investigation of the present original research work can be
summarised as follows. Steady, incompressible, twodimensional, separating and reattaching complex turbulent
recirculating flow through double-sided planar sudden
expansions in channels at two different Reynolds numbers has
been computed numerically employing the standard k-
turbulence model. Using the finite-volume approach, a
computer program based on the SIMPLE algorithm of Patankar
[26] has been developed. The performance of the standard k-
turbulence model has been investigated for two different plane
symmetric sudden expansion channel flows. The computed
profiles of local streamwise velocity, turbulence kinetic energy,
turbulence kinetic energy dissipation rate, effective viscosity,
streamwise variation of centre-line velocity, wall-shear stress,
friction coefficient and wall static-pressure coefficient
distributions along the channel top wall are presented and,
wherever
availlable,
compared
with
experimental
measurements reported in the literature. The results of
numerical investigation are generally in very good agreement
with the experimental measurements.
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Abstract— In this study, stress analysis of a laminated composite
plate is investigated under temperature rising with temperature
dependent- physically properties. In the solution of the problem,
Kirchhoff-Love plate theory is used and the Navier method is
implemented for a simple supported plate by using virtual work
principle. The material properties of the laminated plate is a
function of the temperature. In the higher temperature values,
the stress behavior of the laminated composite plate studied for
different orientations, sequences and number of layers. The
obtaining of the numerical results and graphs, MATLAB
program is used. In this study, the effects orientations, sequences
and number of the layers on the stress distribution of the plate
are examined and discussed. Also, the difference between
temperature dependent and independent physically properties is
investigated.
Keywords— Composite Laminates; Plate; Temperature; Stress;
Navier Solution.

I.

INTRODUCTION

Composite materials have properties such as light weight,
fire resistance, non-magnetic, high strength, high durability.
Because of these properties, composite structures are at an
important point nowadays. Different features can be formed
by giving desired features in line with needs. Composite
materials; In plaque-based constructions, parallel to the
development of material and production technologies, it began
to be preferred over isotropic materials. Orthotropic composite
materials do not exhibit the same mechanical properties in all
directions. In layered composite plates formed from
orthotropic materials, the fibbers forming the laminates are
placed at different orientation angles to obtain the desired
property. Layered composite plates, aircraft bodies and wings,
space shuttle bodies, ship and car bodies, building plates, etc.
many areas are used. Laminated composite structures are used
in higher thermal systems. Hence, the temperature effect is
very important issue of the laminated composite structures and
their design.
In the literature, there are many studies about temperature
effects of the plates; Reddy [1] performed static analysis of
plates with one-to one functional graded thickness based on
the theoretical formulas, the Navier solution of rectangular
plates and the finite element model based on third order shear
deformation plate theory. Khezri et al. [2] performed static

analysis using the improved multiplicative kernel particle
method and the finite difference method based on the cavity
method of thick and layered composite plates. Zenkour and
Alkhamdi [3] examined static bending analysis of functional
graded layered plates under thermal and mechanical loads.
Kishore et al. [4] studied nonlinear static analysis of the
magnetostrictive layered intelligent composite plate by using
third order shear deformation theory. Sahoo and Singh [5]
examined the static analysis of layered compact plates using
the new combined hyperbolic zigzag theory. Carrera et al. [6]
performed two-dimensional modelling of static stress
problems in multi-layer plates and performed some static
analysis and obtained some results. Sahoo and Singh [7]
investigated static analysis of layered composite plates by
suggesting a new inverse trigonometric ZigZag theory. Ramos
et al. [8] solved the thermoelastic static problem of simplesupported through composite plates by using a new combined
trigonometric equation. Özakıncı and Karadağ [9] performed
the vibration analysis of rectangular composite plates with
symmetric laminated layers assumed to be in the plane stress
state by Rayleigh - Ritz method using the trigonometric
functions as the comparison function. The results were
compared with Ansys package program using the finite
elements method. Akarsu and Uymaz [10], studied the thermal
stress states at different orientations of a composite plate with
a symmetric array at a uniform temperature with the Ansys
program using the finite element method. Emery et al. [11]
developed a calibration method for thermoelastic stress
analysis of laminated orthotropic composite plates. Sayyad et
al. [12] performed thermoelastic bending analysis of
laminated composite plates using the Navier solution method,
taking advantage of four different plate theories.
In this study, the thermal stress analysis of a composite
laminated plate is investigated under non-uniform temperature
rising by using Navier Method with considering temperature
dependent-physically properties. In the obtaining of governing
equations, the virtual work principle is used. The Navier
method is used the solution of the problem. Effects orientation
angles, sequences and number of the layers on the stress
distribution of the plate are examined and discussed. Also, the
difference between temperature dependent and independent
physically properties is investigated.

II. THEORY AND FORMULATIONS
Consider a simple supported rectangular laminated
composite plate with thickness h in Z direction, the length of
Lx and Ly the in X and Y direction, respectively, as shown in
Figure 1. The laminated composite plate is subjected to a nonuniform temperature rising and uniformly distributed
transverse load (q). The laminated plate is subjected to nonuniform temperature rising with temperature rising values at
the bottom surface ΔTB and top surface ΔTT as seen from
Figure 1. It is assumed that the layers are located as symmetry
according to mid-plane axis. The height of the face sheet
layers is equal to each other.

where, is the fiber orientation angle and the components
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are as follows;
( )

( )=

( )=

( )=

Based on the Kirchhoff-Love plate theory, the straindisplacement relations are expressed as
=

=

=−

(1)

=−

(2)

= −2

( )=

( )

=

( )

( )

( )

( )

( )

( )

( )
( )

( )

( )

−

2

( )
( ) ∆
( )

( )

(4)

The
,

( )=

( )

+ 2( ( ) + 2 ( ))
( )
( )=(
( ) − 4 ( ))
+
)
( )=
( )
+ 2( ( ) + 2 ( ))
+
( )
( )=( ( )−
( ) − 2 ( ))
+ 2 ( ))
+
( )+

( )=(

( )−

( )=

( )+

( )−2
+ 2 ( ))
( )−2
( )(
+

( ))

( )−2
+

( )
)

+
+(

( )−

( )

+(

( )−

( )
(5)

( )

1−

( )

(6)

( )=

( )=

(1 − 0,2 ∗ 10 ∆ )

(1 − 0,2 ∗ 10 ∆ )

(1 + 0,5 ∗ 10 ∆ )/℃

(1 + 0,5 ∗ 10 ∆ )/℃

transformed
thermal
expansion
,
are given as follows;
=

(7)

coefficients

+

=

= 2(

−

+

)

(8)

For the thermal case, the stress resultants of the laminated
plate are as follows;
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Where, N is normal force and M is moment. {
} are thermal force resultants:
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where
̅ij(T) are the transformed reduced material
properties which depends the temperature (T) are as follows:
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where u, v, w are X, Y and Z components of the
displacements respectively. The constitutive expressions of
the laminated plate for kth layer are as follows:
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The material properties of the laminated plate is a function of
the temperature (T) as follows (Shen [14] and Li and Qiao
[15]);.
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Fig. 1. A simple supported laminated rectangular composite plate under temperature rising and
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where
are called extensional stiffness,
the bending
stiffness, and
the bending – extensional coupling stiffness.
Aij, Bij and Dij is expressed as follows:
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In the solution of the problem, the Navier solution is used
for simply supported rectangular composite laminated plate.
In the Navier solution, the displacement fields and boundary
conditions of the plate are expressed as follows:
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The stress expressions of the laminated plate under
temperature effects are as follows,
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Where, k =mπ/LX, l=nπ/LY. The uniform distributed load
and the uniform thermal distributed load are defined as
follows in the Navier solution;
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III. NUMERICAL RESULTS
In the numerical results, thermal normal stresses of the
simply supported laminated plate are investigated for different
fiber orientation angles, the stacking sequence of laminates
and number of layers under non-uniform temperature rising in
both temperature dependent physical properties and
temperature independent physical properties. The difference
between the temperature dependent and temperature
independent physical properties of the laminated plate is
examined investigated. The mechanical properties of
manufactured using graphite epoxy the laminated plate are
taken as E1=150 GPa, E2=9 GPa, E3=9 GPa, G12=7,1 GPa,
G23=2,5 GPa, G13=7,1 GPa, ν12= ν21=0.3
= 1,1. 10 ,
=
25,2. 10 at 30 ̊C [13]. The laminated plate is subjected to
both temperature rising and uniform distributed load in the
numerical study. In the uniform distributed load is selected a
constant value as q0=4.106 N/mm. Also, the temperature rising
of the bottom surface is considered as constant value 30 ̊C.
The temperature rising is increased at the top surface. The
dimensions of the plate are considered as follows: LX=LY=4m,
h=0.3 m. In the obtaining the numerical results and figures,
MATLAB program is used.
In figures 2 and 3, normal stress distributions along the height
at the midpoint of the plate are plotted for different
temperature rising for the stacking sequence [0/0] and [0/90],
respectively in both temperature dependent and independent
physical properties. It is seen from figure 2 and 3, increasing
the temperature yields to increasing the results of the
difference between the temperature dependent and
temperature independent physical properties.
In figures 4 and 5, normal stress distributions along the height
at the midpoint of the plate are presented for three layers for
temperature rising at top surface ΔTT=100 ̊C and ΔTT=500 ̊C ,
respectively in both temperature dependent and independent
physical properties. As seen from figures 4 and 5, the stacking
sequence, orientation angles and the number of layers play
important role on the thermal stress distribution of the
laminated plates. With increase the temperature, the difference
between the temperature dependent and temperature
independent physical properties increase significantly. In

higher temperature values, the temperature dependent physical
properties must be considered in the laminated composite
structures.

Fig. 4. Normal stress distributions along the height at the midpoint of the plate under ΔT =10 C and
B
ΔT =100 for the stacking sequence a) [0/0/0] b) [0/90/0] and c) [90/0/90].
T

Fig. 2. Normal stress distributions along the height at the midpoint of the plate for the stacking
sequence [0/0] under ΔT =10 C and a) ΔT =100 C and b) ΔT =500 C.
B
T
T
Fig. 3. Normal stress distributions along the height at the midpoint of the plate for the stacking
sequence [0/90] under ΔT =10 C and a) ΔT =100 C and b) ΔT =500 C.
B
T
T

Fig. 5. Normal stress distributions along the height at the midpoint of the plate under ΔT =10 C
B
and ΔT =500 for the stacking sequence a) [0/0/0] b) [0/90/0] and c) [90/0/90].
T

IV.

CONCLUSIONS

In this study, the thermal stress analysis of a composite
laminated plate is studied by using Navier Method with
temperature dependent-physically properties. In the obtaining
of governing equations, the virtual work principle is used. The
effects orientation angles, sequences and number of the layers
on the thermal stress distribution of the plate are examined
and discussed for different temperature values. Also, the
difference between temperature dependent and independent
physically properties is investigated. It is seen from numerical
results that the stacking sequence, orientation angles and the
number of layers play important role on the stress distribution
of the laminated plates. With increase the temperature, the
difference between the temperature dependent and
temperature independent physical properties increase
significantly. In higher temperature values, the temperature
dependent physical properties must be considered for safe
design of the laminated composite structures.
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Abstract— Multi-legged robots in mobile robots are widely used
in various fields such as defense and space industry, places that
are harmful to human health, earthquake zones. The main
advantage of legged robots is their ability to access places that
are impossible for wheeled and palette robots. It is possible to
improve the performance of mobile robots by modeling the
physical structure of legged animals. In this study, a robot with
increased leg cross section was designed in the SolidWorks
program according to the previous robot, which had been
manufactured based on the scorpion walk. The connecting rod
curves of the Klann linkage type walking mechanism was drawn
by using the geometric analysis program (Cinderella). The
kinematic and strength analyzes of the mechanism links were
carried out. According to the previous model, the strength and
working range of the newly manufactured robot have been
improved.
Keywords— Scorpion robot, walking mechanism, connecting rod
curve, kinematic analysis, strength analysis.

The first published work on the mechanism of walking
belongs to Joe Klann in 1994 [4], [5]. Multi legged robots are
widely used in industrial applications, especially in the
military and space science industries for various purposes [6][15]. In this study, kinematic and strength analyses of an eight
legged robot were carried out. The robot is designed, modeled,
geometrically analyzed with the hardware components and
softwares used. The torque required for the drive is calculated,
compared to the previous model, and the working range is
extended.
II.

THE EIGHT LEGGED SCORPION ROBOT AND
PARTS
The robot designed and manufactured in this study
consists of parts such as walking mechanism, battery, gear
wheel, bush, ring, DC motor and sound sensitive sensor. The
design of the eight legged scorpion robot shown in Fig. 1 was
done in the SolidWorks program.

I. INTRODUCTION
In places where the ground is uneven, the progress of
wheeled robots is difficult and often impossible. The walking
mechanisms such as the Klann linkage is used for the robots
to move easily on uneven grounds.
a) These mechanisms have the ability to walk more
efficiently.
b) The area of use is considerably wider since the areas of
contact of the legs with the ground are small.
c) It is used as a means of communication in war zones, in
unmanned robots that are sent to planets, in legged mobile
robots, in tanks in defense industry, in transporting of
dangerous materials for human health like radioactive from
one place to another [1].
d) In these mechanisms, unlike the wheeled mechanisms, the
torque taken from the drive shaft is transmitted to the
moving leg instead of the wheels, and the same walking
movement is obtained.
e) Although the speed of progress is lower than that of
wheeled robots, it can move more easily in sandy, muddy,
snowy, icy, and rocky areas [2].
f) There is insufficient information in the literature on sizing
and manufacturing. Therefore, a special design is made
according to the use of the mechanism [3].

Fig. 1 General view of the eight legged scorpion robot

The walking mechanism of robot schematically shown in
Fig. 2 has six link and the drive is made from the crankshaft-2
of the mechanism. The walking movement is performed with
link 5. In the walking mechanism, while four legs are in
contact with the ground, the other four legs remain in the air
by moving synchronous.
The links are hinged together with the pernions at the joint
points to the main body (A, B and F). The links 2, 3, 4, 5, and
6 form a leg of robot. The link 1 is the fixed link and forms
the body. The robot has a total of eight legs. The mechanism
designed in this study is similar to the eight legged scorpion
walk.

Fig. 3 The connecting rod curve of the H point in the walking mechanism
Fig. 2 A schematic illustration of the walking mechanism

GEOMETRIC ANALYSIS AND DIMENSIONS OF
WALKING MECHANISM
The walking mechanism of robot has come to be a
combination of two four-bar mechanisms. The trajectory
(connecting rod curve) of the H point located on link 5 is
shown in Fig. 3. H point is the point contact with the ground
of the legs in the walking mechanism. The position of this
point continuously changes on curve depending on the
movement of the legs.
The trajectory shown in Fig. 3 was obtained as the optimal
solution by adjusting the dimensions in the geometric analysis
program (Cinderella). Assuming that the robot's speed is the
same as human walking speed, its speed is taken as 7.72 cm/s.
Accordingly, the angular velocity of the drive link is
calculated as -5.69 rad/s. The optimum dimensions for the
walking
motion
are
given
below:
III.

BC=r2=2.45cm
AD=r4=3.45cm
FG=r6=6cm
EH=13.1cm

CE=r3=4.95cm
EG=r5=9.95cm
CE=10.01cm
GH=20.98cm

In order to find the angular velocities and angular
accelerations of the links 5 and 6 in contact with the ground,
the four bar mechanisms shown in Fig. 4 were separated to the
polygons.
If |AB|+|BC|+|CE|+|EA|=0 from 1st polygon and the
lengths showing the links are defined as vector, the result
𝐫𝟐 + ⃗⃗⃗
𝐫𝟑 + 𝐫⃗⃗⃗𝟒 = 0. If these vectors are written in unit
is ⃗⃗⃗⃗
𝐫𝟏 + ⃗⃗⃗
vectors of the direction of μ(θ) = cosθi + sinθj
r2μ(θ2) + r3μ(θ3) + r4μ(θ4) + r1μ(θ1) = 0

(1)

happens. If similar operations are performed to 2nd polygon
for |BC|+|CG|+|GF|+|FD|+|DB|=0
r2µ(θ2) + CEµ(θ3) + r5µ(θ5) + r6µ(θ6) + 𝑟1′ 𝛍(𝜃1′ ) =0

(2)

𝐫H = −r6 𝛍(θ6 ) + |𝐹𝐻|𝛍(θ5 + 208.3°)

(3)

is obtained. The position vector of point H is written as

IV. KINEMATIC ANALYSIS of WALKING
MECHANISM
A. Position Analysis
In Fig. 3 at the contact position with the ground of point H,
the angular positions of the links according to the horizontal
position 0º reference are given below:
θ2=9.5º, θ3=169.1º, θ4=229.6º, θ5=52.9º, θ6=283.5º
Fig. 4 Vector representation and parameters of the walking mechanism

B. Velocity Analysis
In consideration of the r1, r2, r3, r4, r5, r6 lengths and θ1 angle
are fixed if equations (1), (2) and (3) is derived with respect to
time, including d𝛍(𝜃)/𝑑𝑡 = 𝜔𝛔(𝜃); the velocity equations
are obtained as;
𝑟2 𝜔2 𝝈(𝜃2 ) + 𝑟3 𝜔3 𝝈(𝜃3 ) + 𝑟4 𝜔4 𝝈(𝜃4 ) = 0
(4)
r2 ω2 𝛔(θ2 ) + CEω3 𝛔(θ3 ) + r5 ω5 𝛔(θ5 ) + r6 ω6 𝛔(θ6 ) = 0

(5)

(6)

Here, the σ(θ) is the directional unit vector perpendicular
to µ(θ) . If the equation (4) is multiplied scalarly with µ(θ4) to
obtain ω3 , and the dimensional and angular parameter values
are placed in the obtained equation; ω3 = -2.08 rad/s is found.
If the equation (4) is multiplied scalarly with µ(θ3) and the
values obtained from the foregoing equation are put into their
places, the result is calculated as ω4 = -1.61 rad/s.
If µ(θ6) is multiplied scalarly with the equation (5); the
parameter values of the dimensional and angular parameter
values are are placed in the obtained equation ω5 = -0.66 rad/s
is found. Also if µ(θ5) is multiplied with the equation (5); and
the found values are written in the obtained equation, it is
obtained as ω6 = -1.97 rad/s.
By take into account as 𝛔(θ) = −sin θ𝐢 + cosθ𝐣 in the
equation (6), the velocity of point H is obtained as 7.01 cm/s.
The leg link can not rotate 360 °. The velocity of the H point
obtained by changing the angle value between 0º and 180º is
shown graphically in Fig. 5.
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Fig. 6 Angle acceleration graph of H point

V. DETERMINATION of DRIVE TORQUE
The force is analyzed in the pressed position on the ground
of the mechanism leg and the torque generated in the drive
link is calculated as T = Fr = 0.226 Nm.
The determination of the drive torque is an important
criterion for shaft diameter. The required drive torque at the
position where the legs contacts the ground is very large
compared to other positions. Thus the torque at this position is
only found.

60
50
Velocity (cm/s)

from equation (9). The acceleration of the H point obtained by
changing the angle value between 0º and 180º is shown
graphically in Fig. 6.

Acceleration (cm/ s2)

𝑽𝐻 = −𝑟6 𝜔6 𝝈(𝜃6 ) + 𝐹𝐻𝜔5 𝝈(𝜃5 + 216°)
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Fig. 5 Angle velocity graph of H point

C. Acceleration Analysis
If the equations (4), (5) and (6) are derived with respect to
time, the acceleration equations are obtained as

−r2 ω2 2 𝛍(θ2 ) + r3 α3 𝛔(θ3 ) − r3 ω3 2 𝛍(θ3 ) + r4 α4 𝛔(θ4 ) −
r4 ω4 2 𝛍(θ4 ) = 0

(7)

−r2 ω2 2 𝛍(θ2 ) + r2 α2 𝛔(θ2 ) − CEω3 2 𝛍(θ3 ) +

CEα3 𝛔(θ3 )−r5 ω5 2 𝛍(θ5 ) + r5 α5 𝛔(θ5 ) − r6 ω6 2 𝛍(θ6 ) +

r6 α6 𝛔(θ6 )=0

𝐚H = r6 ω6 𝛍(θ6 ) − r6 α6 𝛔(θ6 ) − FHω5 𝛍(𝜃5 + 216°) +
2

FHα5 𝛔(𝜃5 + 216°)

2

ANSYS ANALYSIS with FINITE ELEMENT

(8)

(9)

To find α3 , If the equation (7) is multiplied scalarly
with 𝛍(θ4 ) it is calculated as α3 = -9.52 rad/s2. If the equation
(8) is multiplied with 𝛍(θ6 ), it is found as α5 = -12.35 rad/s2
and also multiplying with µ(θ5), it is obtained as α6 = -12.42
rad/s2. The acceleration of point H is obtained as 185 cm/s2

A. Finite Element Method
Complex engineering problems involve the same
complexity of solutions. This complexity also removes the
solution phase from sensitivity. The nearest solution to
complex problems can be done by using the finite element
method,[16],[17].
ANSYS Static Structural Analysis tool was used for
structural analysis. Occurred stresses, strains and safety factor
of the robot were found with structural analysis.
B. Boundary Conditions
The boundary conditions shown in Fig. 7 were established
by assuming that the robot carries a camera of approximately
5 kg and entering gravity acceleration parameters.

Fig. 7 Boundry conditions
Fig. 10 Stress at main body connection points

C. Compression and Tensile Stresses
Compression and tensile stresses are shown in Fig. 8. The
regions indicated by blue show the tensile stresses while show
the compression stresses regions indicated by red. The fact
that pressing and pulling stresses in one region are seen at the
same time means that the material is tired. These regions
determine the life of the link.

E. Total Deformation
According to the 50N force applied with total deformation,
it is seen how much the body will descend towards the
ground. The maximum deformation is shown in red color and
the minimum deformation is shown in blue color in Fig. 11.
The maximum total deformation of 3.59 mm appears to form
at the front of the body.

Fig. 8 Compression and tensile stresses

Fig. 11 Total deformation with 50N force

D. Von-Mises Stress
Von-Mises stress is applied and the equivalent tension is
shown in Fig. 9 and Fig. 10 from the different angles, where
the robot has the minimum in the regions shown in red, and in
the regions shown in blue. It has been determined that the
maximum stress values of 0.21 MPa are at joints of the links.

F. Safety Factor
As shown in Fig. 12, the safety factor of the robot is 6.7.
This value is quite sufficient when considering various uses.
Instead of plexiglass material, alternative materials can be
used as appropriate.

Fig. 12 Safety factor
Fig. 9 Stress distribution of the robot

G. Modal Analysis

Resonance is an unwanted condition. It destroys the
system's stability. Modal analysis is performed to see how
high-speed motor can be used in different conditions. The
natural frequency of the system is obtained. The engine
revolutions to be introduced to resonance the robot are found
as (1) 1536rpm, (2) 3473rpm and (3) 3624rpm by multiplying
with 60 rpm = 1Hertz the values in Fig. 13.

cross-sections of the legs, this factor has risen to 6.7 as shown
in Fig. 12.

Fig. 15 Previous scorpion robot’s safety factor

B. Modal Analysis Comparison

Fig. 13 Modal analysis

VII.

COMPARISONS TO PRE RELEASE ROBOT MODEL IN
THE SAME LIMIT RULES
The solid model of the first design of the scorpion robot is
shown in Fig 14. In the next design, the legs are strengthened
by increasing their cross section.
Fig. 16 Modal analysis comparison

While the first resonance of the robot in first model is at
rate of 243 rpm, this value is 1536 rpm in the developed robot
as shown in Fig. 16.
VIII. CONCLUSIONS
The developed scorpion robot is stronger compared to the
previous model by increasing the leg cross section and the
safety factor has been increased four times. By performing
modal analysis of the robot, the resonance transfer is increased
six times and became more stable.

Fig. 14 Previous scorpion robot’s Solidworks model

A. Safety Factor
The safety factor of the first robot is obtained as 1.66 in
Fig. 15. In the next model, which is designed by increasing the
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Abstract—A non-motorized and hydro-mechanical loader that
have five degrees of freedom for fighter jets is designed on the
Pro-Engineer program. The moving tables part of the three
dimensional design with were transferred to the Matlab
Simmechanics program. Later creating a mathematical model of
the design made the necessary connections to the actuator.
Pressure, force, velocity, position and flow rates graphics with
respect to time is achieved by creating mathematical models of
hydraulic systems that the real movement of the loader. The state
of motion of the system and graphics were obtained with
hydraulic actuators which connected to the system. As a result,
no problem observed after movement with appropriate cylinder
and pressures of the manually driven loader.
Keywords— Bomb loader, Pro-Engineer, Matlab, Simmechanics,
hydraulic actuator.

I. INTRODUCTION
Bomb loaders are utilized for loading bomb onto aircraft.
Bombs are transported near of aircraft from the arsenal with
trolleys (Fig. 1). A motorized bomb loader consists of lifting
and driving mechanism (Fig. 2). The lifting mechanism on
bomb loader removes the bomb on the table with hydraulic
system. The table is driven by double-acting hydraulic
cylinder. Table makes horizontal and vertical movements with
rotation and tilt movements. The bomb can reach to desired
angular and linear position by means of the fork attached to
the tab. The movement of the bomb, the installation process is
accurately performed using arms of the hydraulic pumps.
Afterwards, the bombs are fixed to the launcher at the bottom
or end of the aircraft wings and so the loading process is
completed.

Fig. 2 General view of motorized bomb loader

The bomb loader designed in this study has many
advantages according to other bomb loaders, which are
usually motorized. These advantages were given following:
1. A low cost ratio; one per each aircraft can be made due
to the low cost. It can be manufactured more cheaply because
of the reduced number of engine and parts. Repair and parts
replacement costs will be also lower.
2. The failure rate is low; the rate of the failure will be
lower because moving motor parts are removed. So
comparing to the motorized loader in the inventory, the failure
rate is low.
3. Ease of maintenance; the maintenance period will be
longer and easier.
4. The reduction of flight and ground safety risks; when it
is placed one per each aircraft, the continuous displacement of
the loader will not be required. In terms of flight and ground
safety, risks will be minimized and thus the possibility of
failure will decrease.
5. Shortening the duration of the task preparation; in real
situations or in controls it will be installed simultaneously on
all aircraft and so the bomb loading time will be decreased.
Eventually the number of ready aircraft will increase because
of the task preparation time will be shortened.

Fig. 1 Bomb trolley

6. Ergonomic, working efficiency is high, the risk of an
accident is low; it is very ergonomic. Communication between
staff will be easier and so the risk of accident probability will
decrease. At the same time the performance of staff will also
increase.

7. Ensure to use healthy; since it does not release a gas that
will pollute the air and noise, working in the shelter will not
adversely affect the health of the staff.
8. Advantage of spare parts; spare parts can be found
easily from industry because the parts cost is low.
9. The lack of fuel costs; the cost of motor fuel will not be
same as used in motorized bomb loader.
10. Staff savings; additional staff won’t be needed to
operate the loader.
11. Transfer is easy; in transfer situations space and weight
saving will be provided. Thus, desired number of bomb loader
will be transferred.

A. Parts of Five Degrees of Freedom Bomb Loader
The bomb loader must have five degrees of freedom to
enable the bomb to be picked up from the transport vehicle
and to provide linear and angular movements on different axes
for loading/unloading on the aircraft. If the coordinate axes
shown in Fig. 3 are referenced for these degrees of freedom,
the bomb loading device must have linear motion in X, Y and
Z axes and angular motion in Y and Z axes. General
characteristics of the bomb loader are given in Table 1[12].
The general view of the lifting mechanism is given in Fig.
4, and the part names and number of pieces are given in Table
2.

II.

FEATURES and DESIGN of FIVE DEGREES of
FREEDOM BOMB LOADER
Studies in the literature is related to linear motion
mechanisms [1], hydraulic power transmission systems [2],
[3], rotary and linear bearings [4], the high-performance sixdegrees of freedom a wrist programmable [5], the Stewart
platform mechanism [6], a system design has to five degrees
of freedom with planar motions [7], design [8], control [9],
simulation [10] and Matlab analysis [11].

Fig. 4 The general view of lifting mechanism
Table 2. The part names and pieces of lifting mechanism

PART NUMBER
1
Fig. 3 The coordinate axes and general view of bomb loader
Table 1. General characteristics of the bomb loader

Length
Width
Closed height
Open height
Lifting capacity
Wheel diameter
Wheel load capacity

1432 mm
645 mm
922 mm
2010 mm
1000 kg
152 mm
1580 kg

Wheel number
Table X axis mobility

4 pieces

Table Y axis mobility

± 100 mm

Table Z axis mobility

1088 mm

Table Y-axis movement for tilt

± 15°

Table Z axis rotational

± 30°

± 100 mm

B.

PART NAME
Hydraulic Pump

PIECES
3

2

Main Carrier Table

1

3

Lift Arm -01

3

4

Lift Arm-02

3

5

Hydraulic Cylinder

1

6

Foot Pump

1

7

Main Table

1

8

Wheel

4

B. The Features of Main Carrier Table
Main carrier table is the most important part of the bomb
loader. The loading mechanism that will load the bomb on the
aircraft is located in this section. Four degrees of freedom of
loader is provided with main carrier table. Main carrier table
parts are given in Fig. 5.
Table is designed to provide the movement to carry out the
loading process. It is controlled by hydraulic system and a
rotary table bearing. There are two large and two small
hydraulic cylinders on the table. 4 small hydraulic cylinders
provides to make rotational movement around joint point of
the table. Thus angular motion for rotating the bomb is

obtained. Large cylinders (8 and 11) provide the linear
movement in the X and Y axes of the table. The intermediate
tables (5, 9, and 12) can be move easily by applying a small
force with connected to the linear guideways (7 and 10) and
rotary table bearing (13). Installation process is done through
30º angular movement by means of 360º swivel rotary table
bearing. The bottom table (14) provides connection of the
rotary table bearing to the main carrier table. Also it is used to
couple the carrier table. The part names and pieces of main
carrier table are given in Table 3.

III.

MATLAB MODEL and ANALYSIS of CARRIER
TABLE
A. Matlab Model of Hydraulic Cylinders for Linear and
Angular Motion
There are four degrees of freedom in the carrier table of
the bomb loader with five degrees of freedom. These
movements are provided by hydraulic cylinders. The pressure
control in a system working with a closed hydraulic cylinder
system is shown in Fig. 6. Depending on the time, the pressure
control at a value of 70 PS (physical signal) ensures that the
hydraulic cylinder works properly.

Fig. 6 Time dependent pressure control indication

The numerical values and units of the double acting
hydraulic cylinders are shown in Fig. 7.
Graphs of pressure, force, velocity, position and flow
values obtained by working the system in Matlab model are
obtained as shown in Fig. 8. In the graphs obtained according
to the time, the piston rod was moved by 0.1 m. With this
movement, the upper table of the bomb loader can be moved
0.1 m to the right and left. This value is the maximum value
that the bomb loader can work with.
Fig. 5 Main carrier table parts
Table 3. The part names and pieces of main carrier table

PART
NUMBER
1
2
3
4
5
6
7
8
9
10
11
12
13
14

PART NAME
Setting apparatus appropriate to
the diameter of the bomb
Upper table
Small hydraulic interconnection 01
Small hydraulic cylinder
Intermediate table-01
Small hydraulic interconnection 02
Linear guideway-01
Large hydraulic cylinder -01 and
connecting apparatus
Intermediate table -02
Linear guideway -02
Large hydraulic cylinder -02 and
connecting apparatus
Intermediate table -03
Rotary table bearing
Bottom Table

PIECES
4
1
2
2
1
2
2
1
1
2
1
1
1
1

Fig. 7 Double acting hydraulic cylinder parameters

Fig. 8 Time dependent pressure, force, velocity, position and flow graph of
the double acting hydraulic cylinder

The "Double Acting Rotary Actuator 2" parameters in the
subsystems of the Matlab model are shown in Fig. 9 and the
"Sequence Block" parameters are shown in Fig. 10.

Fig. 9 Double acting rotary cylinder parameters

Fig. 11 Time dependent rotation angle graph of the double acting rotary
cylinder

B. Simmechanics Model of Carrier Table
The three dimensional drawings of the upper table are
simplified and converted by the interface program of the
Matlab so that it can be read with Simmechanics module. This
converted data is loaded into the Matlab program and
transferred to the Simmechanics module. The mathematical
models prepared by this feature are defined according to the
angular and linear motion properties with three dimensional
data. When it is started, the movements obtained on the
Matlab program can be observed in 3D. The graphs generated
during the working are obtained at the same time as the three
dimensional data are moved.
In the Matlab model of the carrier table, time dependent
position/velocity and angular position/angular velocity values
of the upper table, intermediate table-01, intermediate table-02
and intermediate table-03 moving parts were obtained. The
obtained graphs are shown in Fig. 12, Fig. 13, Fig. 14 and Fig.
15.

Fig. 10 Sequential parameters

In Matlab model, the rotation angle obtained by working
the system is as shown in Fig. 11. An angular motion of 15º
was obtained on the time dependent graph. This value is the
maximum value that the bomb loader can work.

Fig. 12 Time dependent angular position and angular velocity graph of
the upper table

Fig. 13 Time dependent position and velocity graph of the intermediate
table-01

Fig. 14 Time dependent position and velocity graph of the intermediate table02

Fig. 15 Time dependent position and velocity graph of the intermediate table03

C. Analyses of Matlab Model
Matlab models of carrier table with four degrees of
freedom of bomb loader were created. Hydraulic systems
providing linear and angular motions of the table and
Simulink models were obtained separately. Graphs of
pressure, force, velocity, position and flow values obtained by
working the system in Matlab model of linear hydraulic
cylinder were obtained.
It can be seen on the position graph that the piston can be
moved 0,1 m at 0,05 m/s for about 2 seconds with the pressure
given at 70 ps. Due to the high load carrying capacity and
linearity of the linear slides, the 500 N force value obtained on
the graph is sufficient. The hydraulic cylinder is capable of
easily moving a load of up to 1000 kg which can occur on the
linear carriages. Thus, 100 mm movements in the X and Y
axes are realized by hydraulic cylinders.
The rotation angle is obtained by working the Matlab
model of the hydraulic cylinder which provides angular
motion. The double acting rotary cylinder provides an angle of
rotation of ± 15 ° in the upper table of the bomb loader. The
cylinder can perform a 15 ° rotation angle around the Y axis in
about 3 seconds.
The upper table, intermediate table-01, intermediate table02 and intermediate table-03 , which is the moving parts of the
carrying table, is moved separately during the actual use. In
the Matlab Simmechanics model, all moving parts were
moved at the same maximum values in the same time, such as
100 mm in the X axis, 100 mm in the Y axis, 15 degrees in the
Y axis and 30 degrees in the Z axis.
IV. CONCLUSIONS
The graphs show that the Matlab Simulink model provided
the working criteria for the linear and rotary hydraulic systems
used in the design. The three dimensional representation of the
upper table is integrated into the Matlab Simmechanics
program. It seems that the system works mechanically in a
consistent manner from obtained graphics and three
dimensional animation as a result.
In this study, a bomb loader was designed for effective and
efficient use when manufactured. The actuators used in this
design can be operated using different systems and control
methods (PD, PID and Fuzzy). Additional features can be
integrated in the direction of needs depending on the
development of aviation technologies (unmanned aerial
vehicles, aircraft carriers, etc.). In particular, the upper table
with four degrees of freedom in the bomb loading process can
be used by placing it on any desired platform.
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the poles and an underground, indicating how much fresh
water is available for humans [5].
The distributions of water resources on the earth are not
equal, and even water resources are not evenly distributed.
North America, North America, Australia and Central Europe
are among the most affluent places, while North Africa, the
Middle East and Southeast Asia are poor places [6].
Water use food, agriculture, energy, industry, domestic use
and ecosystem water needs [7]. Globally, about 70% of the
world's water resources are used for agriculture, 19% for
industrial purposes and 11% for domestic use [8]. Table 1
shows the amount of water withdrawal in different countries
and the amount of sectoral use.
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Although the water on the earth is constantly in a cycle, the
acquisition of agricultural, industrial, drinking and potable
water for various natural and artificial reasons; it has become
increasingly difficult for countries [1]. In particular, the
declines in water levels due to unconscious use, coupled with
the decline in water quality resulting from insufficiently
protected water resources, are inevitable in the water cycle
[2].
The total amount of water in the world is 1 billion 400
million km3 and covers 3/4 of the earth's surface. There is a
water problem despite this amount which seems quite high.
The reason is that 97.5% of the total amount of water in the
world is in the oceans and seas as salt water. The fresh waters
we can use constitute 2.5% of this amount [3]. 69.5% of the
fresh water is in the frozen soil layer or in the glaciers in the
poles. The rest of the fresh water is approximately 30.1%
groundwater, 0.4% surface and atmospheric water in fresh
water lakes, surface waters, wetlands, atmospheres, soil and
aquifers [4]. With the calculations made it is seen that the total
amount of fresh water on Earth is only 35.2 million km3. More
than 90% of these so few freshwater resources are trapped in

Fig 1 Water distribution in the World [5]

TABLE I
FRESHWATER SHOOT AND SECTORAL USAGE BY COUNTRIES [9]

Total fresh
water (km3/
year)

Country
India
China
USA
Japan
Russia
Egypt
Australia
Brazil
Canada
#
France
UK
Israel
Angola

761
578.9
482.2
88.4
76.7
68.3
59.8
58.1
45.1
33.2
11.8
2
0.4

Per person
fresh water
(m3/personF
year)
627
425
1,518
696
546
809
2,782
297
1,330
(
529
190
268
18

Domestic
use (%)

Industrial
use (%)

Agricultural
use (%)

7
12
13
20
19
8
15
28
20
(
16
22
36
23

2
23
46
18
63
6
10
17
69

90
63
41
62
18
86
75
55
12
)
10
3
58
60

Fig 2 Water distribution by continents and population [4]
The shooting freshwater situation in Turkey is as Table 2
demonstrates. Table 2 according to the total amount consumed
in Turkey's 1990F2010 Fresh 40%, an increase of 5 percent.
TABLE II
FRESH WATER USAGE AND SECTORAL BREAKDOWN IN
TURKEY [10]

Year
1990
2004
2010
2023

Total fresh
water (km3)
30.6
40.1
43
112

Freshwater catch by sector
(km3)
Irrigati
Dome
Indus
on
stic
try
22
5.1
3.4
29.6
6.2
4.3
32
6
5
72
18
22

Water scarcity is commonly expressed as a function of
population with available water resources. In this regard,
Falkenmark index has been developed by water scarcity.
According to this most commonly used index, countries with
an average annual amount of usable water per person less than
500 m3 Countries with absolute water shortage, countries with

74
75
6
17

2010
population
(million)
1.214
1.362
318
127
140
84
22
195
34
)*
63
62
7
19

500F1000 m3 Countries with water shortage, countries with
1000F1700 m 3 countries with water stress, countries with
more than 1700 m 3 water stress is regarded as a living
country [11].
The presence of water in sufficient quantity and good
quality, as well as freshwater ecosystems, food security and
sustainable development, therefore, is the basic condition of
humanity's future [12]. The pressure on this vital value is
increasing day by day. At present, nearly one in five of the
world's population (about 1.2 billion people) live in waterF
stressed regions, and this ratio is expected to rise to twoFthirds
by 2025 [8]. On the other hand, 1.6 billion people suffer from
water shortages due to lack of adequate infrastructure and
financial resources for it [6]. Although our country has an
annual precipitation of 449.6 billion m3, there is a total of 116
billion m3 of water available, 98 billion m3 of which is
overland and 18 billion m3 of groundwater, and is located in a
country with a total water consumption potential of 1500 m3
per person. By the end of 2015, the total amount of water used
is 44 billion m3. Of these, 40 billion m3 are used in water
(74%), 7 billion m3 are used in drinking water (13%) and 7
billion m3 are used in industry (13%) [14]. According to
forecasts, in 2030, Turkey's population will reach 100 million
and annual water potential will be reduced to 1,120 m3 per
person. Turkey will be among the countries experiencing
water shortages and resources will be in a position to monitor
policies aimed at more effective use [5].
The amount of water that exists on earth is fixed, it does
not change. Various factors have led to some difficulties with
regard to access to fixed and limited fresh water and
freshwater quality. These factors can be listed as follows [12]:
In the next 40 years, 2.5 billion people are expected to be
added to the world population [15]. Research shows that
demand for water is higher than population growth. For
example, while the world population has tripled in the past
century, demand for water resources has increased sevenfold.

Total water consumption in the world was 1,000 billion m3 in
1940, doubling in 1960 and 4,130 billion m3 in 1990 [16].
Approximately 70% of freshwater resources are used in
agriculture. Increasing population as well as rising income and
consumption levels and increasing demand for food products
are adding additional pressure on water resources. According
to experts, the amount of water used in agricultural irrigation
may need to double to 2050 to meet this demand increase
[17].
One of the main reasons for the increase in demand for
water is the diversification of water usage areas. Today, water
is one of the most important inputs for many economic
activities, including energy and food production. Not only in
hydropower production, but also in the production processes
of new energy sources such as fossil fuels or rock gasses,
water is used intensively.
The global climate change affects the hydrological
system (evaporation and recycling of water through
precipitation), leading to floods in some places, and drought in
some places. This situation causes troubles in water access in
terms of time and space.
Due to urbanization and industrialization, increasing
water pollution and the gradual decrease of clean water
resources are important problems. Contamination of restricted
freshwater resources with industrial, domestic and agricultural
wastes has further increased the pressure on freshwater
resources. Recycling and rehabilitation of wastewater is a very
costly process. For example, eight liters of clean water should
be used to clean one liter of waste water [18].
Many countries are often making temporary, unsustainable
practices such as finding new water resources, using ground
waters, bringing water from another region to waterFscarce
areas as a solution when facing water problems [19].Countries
that want to find effective solutions with a sustainability point
of view on water problems; oriented towards more efficient
use of water in all areas and concentrated on sustainable water
management activities on water efficiency [19].
In this study, a comprehensive literature survey was
conducted on sustainable water management, including water
harvesting, and methods to ensure efficient use of water in
agriculture and urban areas. Thus, various approaches have
been put forward in order to make sustainable water
management more effective and it has been aimed to
encourage the efficient use of water by the most appropriate
approach and method determined.
&*
Today's developments have brought about new approaches
and concepts in the development of water resources, water
management, and the need to manage resources with the most
rational policies. Sustainable water resources management
aims to meet the present water needs of the community in a
way that will enable all life as long as the Earth exists with
effective methods. Sustainability of water resources can be
achieved with a view that includes social, environmental and
economic dimensions. The work to protect, monitor and

improve the quality and quantity of water must be carried out
by organizations and individuals with sufficient knowledge
and experience in water management and supervision. The
development of water resources for various purposes involves
many stages and a very long process. These stages and
processes consist of planning and project studies in which the
effects of technical aspects and socioFeconomic activities are
determined on a sectoral basis, followed by monitoring the
interaction of the implementation and the operation of the
project with the natural environment of the operation and
management activities during the economic life of the project
[14].
When you look at the sectors, the area where water is
consumed most is agricultural irrigation. If we can use water
wisely in agriculture, we can more easily solve water
problems in other areas, especially in domestic use. For this
reason, in this study, water efficiency in agriculture has been
widely mentioned.
I. WATER EFFICIENCY IN AGRICULTURE
One of the points to be noted in sustainable water
management studies in agriculture is water pricing.
Substantial changes must be made to water pricing in order to
achieve efficient and more environmentally sustainable water
use patterns. The water shortage that occurs in many areas is
due to a much lower wage than water value. This leads to the
misconception that water is abundant and wasted [20].
One of the points to be emphasized in order to increase
productivity in agriculture is the planning of irrigation
periods. Effective use of water resources should include
studies on soil, climate, plant, topography, irrigation system,
irrigation method, irrigation efficiency, and planning
irrigation times for farmers' requests [19].
Another issue that will provide significant contributions to
water productivity in agriculture is the choice of efficient
irrigation methods in agriculture. These methods should have
systems that will allow reFevaluation of treated wastewater in
agricultural areas. However, it is necessary to develop systems
that will enable the return of agricultural irrigation water to be
used again in the water. Existing pipeFcontrolled irrigation
systems can meet these needs. These systems provide
significant contributions to the prevention of soil loss, to the
conservation of soil quality and to the conservation of water,
and to the quality of the crop. Due to these positive effects,
piped and controlled irrigation systems are recommended in
compulsory, global good agricultural practices in organic
farming standards [19]. The most effective irrigation systems
implemented with existing technologies are as follows:
Sprinkler Irrigation Systems: In this method, irrigation
water is conveyed to the sprinkler heads located on the ground
with closed pipes, sprayed atmospheres with specific pressure
to reach the soil surface. Thus, water reaching the soil surface
leaks into the soil and the plant is stored in the root zone [19].
Sprinkler irrigation systems;
/
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are applied in 4 different ways.

Drip Irrigation Systems: In this method, the irrigation
water is taken from the wastewater or overhead water source
and the motopump is delivered to the filters in the control unit
with low pressure. If fertilization is to be carried out, fertilizer
is mixed with the fertilizer tank where watered fertilizer is
placed and irrigation water. Side piping and lateral piping are
used to distribute the irrigation water on the ground. Irrigation
water comes out of the drippers on the lateral pipeline with
very low pressure and reaches the soil surface in drops [19].
Drip irrigation provides the following benefits to the user:
Provides higher efficiency and quality with more water
saving than other methods.
Supports the protection of soil and water resources and
contributes to its sustainability.
Less energy is used in the irrigation.
Easier to apply to a variety of areas than other methods.
Less labor and agricultural combat costs are required.
Can be used in accordance with today's technology.
Operation and control is easy.
Under Wood Micro Sprinkler Systems: It is the system
used for irrigating fruit trees under the condition that
sufficient humidification rate can not be obtained with drip
irrigation method. The elements of this system are the same as
drip irrigation systems except that there is a small sprinkler
head under each tree instead of the drippers [19].
In addition to the above methods, one of the most important
steps to be taken in water efficiency is to apply water damage
applications.
)& *
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The applications of the water harvest were first developed
by H. J. Geddes as a technique to demonstrate that agricultural
water used for agricultural purposes can be used for a second
time [21]. There are many techniques and methods that have
been applied in the past for more efficient use of water. For
example, Israel's Negev Desert is built in a structure that dates
back 4,000 years or more before the waterFharvesting
techniques [22]. Water harvesting practices using first runoff,
the yields of flood plains for the growth of plants using water
was performed [23]. Over the last 1000 years, waterF
harvesting techniques have been used in various desert
ecosystems (New Mexico, Arizona) [24].
In water harvesting methods, it is aimed to develop a
strategy that will provide maximum benefit from rainfall
water. By making water harvesting, it is ensured that the water
necessary for plant and animal production is provided by
collecting and accumulating the waters passing through the
rainwater and the surface in agriculture. In water harvesting
method, it is the main objective to provide water in areas
where underground and surface water resources are not
available or where development is not economical [25].
Water harvesting methods have been used for a long time
to reduce soil erosion and sedimentation, to store water in the
soil and to increase soil productivity. In addition to a wide
range of socioFeconomic benefits, water harvesting reduces
dependence on groundwater and reduces water costs [26].

In the literature, different types of water harvesting are
done. There are two types of water harvesting techniques,
micro and macro water harvesting systems, according to the
most commonly used classification systems [27].
&*
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: This technique
is applied for trees where annual rainfall is 200 mm and for
annual plants with 300 mm / year rainfall [25]. In these
techniques, surface flow waters collected from micro and
medium sized basins are collected in a tank or collected in the
root region of the infiltration basin at the end. The most
common microFbasin water harvesting techniques are as
follows:
Contour Ridges: These are the systems used in areas
with an annual rainfall of 300F600 mm and slope values
between 1F25%. Basin area dimensions are 50F100 m2,
planting area sizes are 10F20 m2. These areas are gauges built
along the sideFbyFside contour line at intervals of 5 to 20 m.
The rest on the ridge is reserved for vegetative production, the
remainder for water harvesting. This technique is an
appropriate technique for forage crops, grass and durable trees
in less steep steps, and sorghum, rye, beans and cowpea in
semiFarid climates. [27].
SemiFcircular / Trapezoidal Bunds: These are the
systems used in areas where annual precipitation is greater
than 300 mm and inclination is 0.5F5%. The soil ridges, which
are about 0.5 m in height, form slightly semiFcircular
depressions that are stored down to the surface (infiltrate)
along the soil profile of the rainfall. SemiFcircular
constructions can be made 1F8 m wide so that they do not
touch each other on the contour [28]. It is commonly used in
the improvement of meadow and pasture areas, in shrubs and
vegetable cultivation, and in the removal of water needs of
almond tree, apricot, olive and pomegranate trees [27].
Eyebrow Terraces: Constructed with stones in a semiF
circular slope direction, which can be applied in areas with an
annual rainfall of 200F600 mm. Basin sizes are 5F50 m2 and
planting area is 1F5 m2. For this technique to be applied, the
slope should be between 1 and 50%, not perpendicular. This
system can only provide trees or runFofFtheFmill water [29].
Small Pits (Zay System): Pits are opened 5F15 cm deep
in the field. The fertilizer and some plant wastes are poured
into these pits and water and soil are absorbed by these pits. In
this way, the inefficient soil is activated. This technique can
be used effectively in singleFyear plant cultivation [27].
Negarim (Small Runoff) Basins: It is a small diamond or
rectangular shaped grid set of soil surrounded by lowland
ridges that can be made in any precipitation basin [31]. In
general, the negarim basins are made with dimensions ranging
from 100 to 400 mm of annual rainfall and 1 to 5% of the
slope. 15F90% of precipitation can be harvested. This system
is used to meet the water needs of fruit trees such as pistachio,
pomegranate, olive and various other tree species [29].

Fig 3 Peer elevation heddes and semiF circular / trapezoid heddes [27].

Fig 4 Small troughs and browFshaped terraces [30].

Fig 5 Negarim and meskat systems [30]

Fig 6 ContourFbench terraces and interFrow systems [30].

Meskat Systems: These systems, which are specific to
Tunisia, are suitable for areas where the annual rainfall is 200F
400 mm and the slope is between 2F15%. The water collection
area is about 500 m2 and the planting area is 250 m2. The
whole system is surrounded by a 20 cm tall ridge, and full
sluices accompany the ridges, allowing the surface water to
flow into the sowing area and allow the overflow to go off the
ground. This method is used to grow trees. Tunisia is also
applied in the cultivation of olive trees [27]. Khushkaba is a
similar method to the Meskat System, which was used in the
production of field crops in Pakistan in Balochistan
settlement. The parcels of 1000F5000 m2 are divided into two
parts, the water collection area at the higher level and the
production area at the lower level are used. Khushkaba is used
in the production of wheat and barley in places where the
system is very dry (less than 250 mm/ year rainfall) [31].
ContourFbench Terraces: In areas where the annual
rainfall is 200F600 mm and the slope is 20F60%, the basin /
sowing ratio is 1: 1F 1:10, which is often applied by
handcrafting in many countries. The sloping terrain is
transformed into a series of stairs. These terraces show
drainage very often. It is commonly used to grow plants in the
form of trees and bushes [29]. With this technique, the
collection of water is provided, applied at very steep
inclinations to make water and soil conservation. The areas
where the apex terraces are applied are also watered from the
steep areas that are not afforested between the terraces. The
negative side of this technique is the high cost of construction
and maintenance [31].
InterFrow Systems: It is the system applied in areas
where rainfall is not suitable for efficient plant cultivation.
The cultivated area is given a fuzzy and hard shape. The rain
water is directed towards the vegetation through the furrows
[27]. Depending on the amount of rainfall, the severity, the
grown plant and the soil characteristics and mulch are applied.
It is the best technique applied on plain land. Triangular and
crossFshaped sheds with 2F10 m intervals and 40F100 cm
height are built along the slope of the site. When production
of high economic value products such as fruit trees and
vegetables is desired, saddles are compressed to obtain more
surface flow, or plastic sheets are partially coated or processed
with waterFrepellent materials [31].
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" In macroFbasin
method, there is a large basin collecting flood water of
temporary rivers and rivers outside the planting area.
Precautions are taken to increase the surface flow coefficient
of the basin area. The collected water is mostly accumulated
in the soil and excess water is removed. The slope of the basin
area is between 5F50%. The area in which the sowing is done
is in terraces or flat (<10%) [25]. With this technique, macro
scale water harvesting is done with valley bed and nonFvalley
systems. The valley bed is made up of small farm reservoirs,
valley bedrocks (Jesseour) and water valley in the valley bed.
Outside the valley; slope water collection channels, water
spreading systems, tanks and cistern systems.

WadiFbed Systems $

78

5
* 6,
are widely applied in

three different ways.
Terrace (Jesseour) System: The terrace system consists
of small dams constructed in the form of soil, rock or cage
built between the slopes or between seasonal stream channels
[29]. The Jesseour system is a hydraulic unit consisting of a
barrier, a terrace and a gathering area. The barrier holds
sediment and surface runoff water. Main and lateral full
sluices are used to provide excess water drainage. Near the
barrier, fruit trees such as olives, figs, almonds and dates are
grown and legumes such as peas, chickpeas and lentils are
grown [27].
WadiFbed Cultivations: This technique is widely used in
low slope wadiF bed. As a result of the low water velocity, the
sediment transported usually precipitates to the bottom of the
valley and fertile agricultural areas come into play. This event
can happen spontaneously. It can also be obtained artificially
by constructing small sets or dentures that will reduce the
velocity of the water and precipitate sediment bottoms. The
construction of these structures as a permeable stone wall and
the strengthening of the water cage against water flooding are
even more effective. The distance between the walls along the
wadiF bed is determined by the height of the wall and the
inclination of the valley bottom. High fruit trees of economic
value such as fig, olive and date are the most common
products used in this technique applied on the valley bottoms
which are fertile and watery. However, the built walls also
increase the range of products that can be grown in these
areas. [19]. The negative aspects of the technique are the cost
is high, and the walls are restored with loss of function over
time [28].
Small Farm Reservoirs: These systems are simple
systems in which precipitation water is collected by opening
pits in a suitable size to the appropriate area. It is very
effective for steppe fields. Reservoirs can provide water for all
agricultural products, increase production, contribute to
stabilization of production. In order to maximize the water use
rate and pond capacity and at the same time to keep the losses
caused by infiltration and evaporation at the lowest level, care
should be taken to transfer the collected water to the plant root
zone as soon as possible [31].
OffFwadi Systems are applied in three different ways as
/
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Slope Flow Systems: Systems that direct water from
long slopes to hillFtop planted areas with the help of small
transport ducts in areas where the annual rainfall is 200F600
mm and the field slope is over 10%. This technique requires
good construction and planning [29]. The surface runoff is
directed through straight cropland, small grooves or arches
immediately below the sloping surface. In order to discharge
the excess water to be directed, full bunkers are used. When
all the fields are filled in, water is released again to the valley
[29].
Water Distribution (Water Fountain Deflection)
Systems: A part of the water flowing from the valley is

directed to the planting area near the natural flow field, thus
watering the crops is provided. The stream is guided by small
water arches, which are located slightly outside the curve of
the valley, far from the contour lines. The structure must be
strong enough to carry the water stream and at a height
sufficient to distribute the necessary portion of the stream
[31].
Water Tanks (Pools): These systems are water
accumulation structures made from soil which are usually
obtained by excavating from sloping areas, which are
deflected from the surface or from a large water collection
area. These pools were built extensively in North Africa,
India, Sudan, Jordan and Syria [31].
All of the above methods are used according to their use, it
can also be collected under the main titles of *
2
3
1
*
2
1
*
2
*
2
.

Fig 7 Water harvesting techniques [31]
Fig 8 Distribution of water usage by usage areas [19]

II. WATER EFFICIENCY IN URBAN AREAS
Water users in urban areas varies according to the kinds of
and numbers, but the amount of water are similar. In general,
water users in the cities; residential buildings, schools,
hospitals, tourist facilities, offices, restaurants and industrial
facilities [19].
When water users in urban areas and water usage areas are
examined, it is observed that water is mostly used in kitchens,
bathrooms, toilets and landscape works (Fig 8).
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governments are very important for effective water
productivity in urban areas. For sustainable water
management, municipalities should develop local sustainable
water management policies to identify local consumption
characteristics and adapt them accordingly. In many countries,
a water efficiency plan is being prepared so that specific
targets and programs can be implemented in order to protect
and effectively use water resources at local and global scale.
This plan also includes how the water consumption, water
losses and the amount of wastewater generated will be
reduced, while at the same time continuing to meet the water
needs of the city. This plan sees both a comprehensive
inventory and action plan for guidance and water conservancy
work in the municipal water decisionFmaking process [2]. The
basic issues of an exemplary Urban Water Efficiency Plan
consist of the following headings [19]:
i. Water efficiency objectives, strategies and objectives,
ii. From what sources the city receives drinking water,
iii. The existing water system,
iv. The existing water network infrastructure,
v. Information on the city's drinking water resources,
vi. Estimated amount of water usage in the city and
estimated use of water in determined years,
vii. Knowledge of wastewater treatment plants,
viii. Urban water use profile including consumption data in
all sectors,
ix. The studies planned to be done on water,
x. Measures to be taken with regard to water problems,
xi. The application calendar in which they will be held in
the Short, Medium and Long Term,
xii. Guides on which sample information is available for
public awareness raising.
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" Water pricing can be used as a
tool for safer use of water. Gradual tariffs can be applied to
obtain low wages for low usage and high wages for most
users. Research shows that there is a relationship between the
increase in water prices and the exchange of water use habits.
For example, in Spain, water prices were 1 Euro / m3 in 2004,
while in 2009 prices were 1.5 Euro / m3. Daily water
consumption per capita was 180 liters / day in 2004 and 180
liters / day in 2009 [19].
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efficiency labeling and certification studies are being
conducted in various countries such as WaterSense (USA),
Waterwise (UK), WELS (Australia), WELS (New Zealand)
and WELS (Singapore). In everyday life, labels are placed on
the most used waterFconsuming products, including the
amount of water and water efficiency ratings. Thus, the
environmentally conscious individuals are choosing the
product they will be paying attention to these labelling
practices. Such an application is not yet implemented in our
country. However, it is in the middle of the practice countries
that they benefit from this work. This practice needs to be
done in our country. The WELS system in Australia can be
used to make labeling work [19].
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" The green building evaluation system is based on
sustainable designs based on minimal and environmentally
friendly consumption. In these certification systems, the main
purpose is to consume, reuse or recycle all sources in the most
effective way instead of consuming resources unconsciously
in the buildings. Each implementing country has established
an evaluation system with various names taking into account
the specific characteristics of the country and obliged it to be
applied at the buildings.
From a water perspective, ın these evaluation systems,
water efficiency is emphasized and high points are given to
water and credit. Within the scope of evaluation, there are
different credits such as landscape, use of rainwater,
purification and reuse of gray and waste water, health
rehabilitation and efficient flow equipment that reduces water
at the healthcare facility scale and reduction of water
consumption. Certificates are not given to applicants who do
not fulfill these loans properly, and even in some countries the
building license is not granted or is subject to high taxation.
Although there is no such evaluation system in our country
yet, the process of establishing a national green building
certificate has been started with the "Regulation on
Certification of Sustainable Green Buildings and Sustainable
Settlements" published in the Official Gazette No. 29199 on
December 8, 2014 and recent studies have been carried out
intensively in this scope. BREAM used by the UK and LEED
systems used by the US are implemented in our country [19].
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Urbanization systematically becomes impermeable. The
increase in impermeable surfaces makes the natural cycle of
water deteriorate and water quality to fall, making it difficult
to utilize rainwater. For these reasons, rainwater management
should be assessed in a holistic approach [32]. Rainwater
management systems are divided into
, systems.
5
: The purpose of these systems,
which consist of crabs and pipelines, should be to remove
rainwater quickly from the environment. These systems,
which are not considered for use in any treatment process, are
used in the transmission of water to receiving medium [32].

5
,
" These systems, which are
established with the latest technologies, are systems used to
prevent negative impacts of extreme precipitation, to protect
underground and surface waters and to create alternative
water resources [32]. Sustainable systems are implemented in
six different ways:
Green Roof: It is a system built on roofs. The bottom
floor is the area where the most suitable plant cover can be
grown in the water user's taste. In this system, a green roof is
created by adding a system in which a lot of rain water can be
drained [33].
WaterFpermeable surface coatings: Surface water is a
means to reduce the flow rate and velocity, to remove urban
contaminants in the water, to temporarily store rainwater and
to reinforce groundwater. These systems are used to reduce
impermeable surfaces in urban areas [33]. These systems are
divided into porous coatings consisting of hollow concrete or
asphalt with grass or gravel surface and permeable coatings
composed of concrete blocks. The application of these
coatings results in a reduction in surface flow of up to 42%
[34].
Infiltration systems: These systems are a drainage
method that allows water to be stored and controlled to reduce
flood and flood risk, to provide water pollution control, to
create an alternative water source, and then to permeate the
soil surrounding the ground to natural aquifer. Infiltration
applications of rainwater have been used for years to prevent
floods and floods and to improve water quality [19].
Cisterns: Cisterns are a very old way of storing
rainwater, which dates back to the previous years in order to
meet people's own water needs [19]. The most famous
examples of cisterns are 336 columns of Emperor Cistern
(Yerabatan Palace), 224 columns of Pileknus Cistern (One
Thousand Mast) and Acı Musluk Cistern. In addition to these,
the basements of historical peninsula houses or palaces in
Istanbul especially cisterns were used as cisterns [1].
Rain gardens: These systems form a rainwater
impermeable membrane layer from surrounding areas to
enhance water quality. A layer of kata on it is prepared, which
can remove excess water to help plant growth. Above the
second layer is placed the constructions where the selected
water is sucked in accordance with local conditions and flow.
Unlike other methods, this method collects rain water and
reduces the flow. Rain gardens require plants that provide
water to a region where water is collected and infiltrated.
These plants provide infiltration with their roots and increase
soil durability. By their respiration, they return the water they
have in their body to the atmosphere [32].
Treatment of Domestic Wastewater: Wastewater
generated from the needs and uses of people in daily life
activities in urban settlements is defined as domestic
wastewater. Domestic wastewater is evaluated in two streams,
grey water and black water. Generally, the water coming from
shower, basin, sink, washing and dishwashing machines is
defined as grey water while the remaining toilet water is
defined as black water [35]. Domestic wastewater can be used
in garden water or toilet reservoirs after passing through

physical, biological and chemical incremental stages. Physical
treatment is the process in which the floating and precipitated
materials in wastewater are removed by sedimentation and
filtration. Biological treatment is the removal of pollutants
dissolved in wastewater and colloidal structures by aerobic or
anaerobic conditions and the destruction of organic
substances. Chemical treatment is the process of chemical
precipitation and destruction of harmful microorganisms
under normal conditions [36].
+
*
" Grey water can be evaluated in two
different ways as slightly dirty grey water and very dirty grey
water. The wastewater from the shower, bath and wash basin
contains very dirty grey waters and the wastewater from the
kitchen and washing machine contains very dirty grey waters
[35]. Grey water contains salt, nutrients, household detergents,
soap or chemicals, bacteria and diseaseFcausing microbes.
Grey water constitutes the largest percentage of domestic
waste water by volume (75%) [37]. Grey waters can be reused
in two different ways without being treated or treated:
Use of grey water without treatment: The grey water
from the bubble has been used directly for garden irrigation
for centuries. Grey water is used directly in Australia, in Syria
and South Africa in garden and landscape irrigation, and in
Israel, fruit trees are used directly in irrigation [38]. This
application often requires an additional sanitary installation
and irrigation piping, while at the same time an electric pump
may be needed to transfer the water to the exterior. This can
be solved in some simple systems by transferring water from
the outside to the outside by means of gravity force instead of
electric pump. Both applications are low cost and no
additional land is needed. The disadvantage of this
embodiment is; grey water is used directly for long term
irrigation purposes, causing salt, surfactants, oil and grease to
accumulate in water. In this context, it affects the plant health
and soil structure negatively and causes the pollution of
groundwater [35]. In addition, gray water can be used directly
in reservoirs without being treated. The disadvantage of this
applet is that it stains on the toilet bowl. This situation forces
the consumers to use toilet cleaner more [35].
Purification using gray water: Important gray water
treatment technologies for gray water reuse; Artificial
Wetlands, Rotary Biological Reactors, Sequencing Batch
Reactor,
Membrane
Bioreactors,
Electrocoagulation,
Photocatalytic Oxidation. Purified gray waters with these
technologies can be used in toilet reservoirs, laundry, garden
watering, ornamental pools if they provide the standard of use
[35].
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Water losses are usually caused by water leaks and
unauthorized connections in the pipes. The amount of these
losses: $3
/
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[19]. With good
operation these losses can be controlled and reduced. The
most important point in operation is to pressurize the system
as needed. High pressure makes it difficult to control the

closing elements such as valves and taps. NonFclosing control
elements cause leakage [19]. According to 2012 Municipal
Water Statistics the lossFtoFloss ratio in our country is over
40% [39]. This rate is very high when compared to the
developed countries. This lossFtoFrun ratio is due to the fact
that the water networks are very old and the water systems are
not operated well [19]. This is benefiting from a study
conducted by statistics with Turkey to withdraw 25% of the
current year loss ratios in general will be prevented waste of
approximately 900,388.78 m3 of water [19].
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Water is also a very important resource for energy
production, as many energy systems require water in the
production process. The hydroelectric and geothermal energy
sectors in particular use water as a direct input. Hydropower
and geothermal energy, considered as a renewable energy
source, are local energy sources that do not cause emissions of
greenhouse gases that cause global climate change during the
production process [12].
Energy and Natural Resources Ministry of Electricity
Energy Market and Supply Security Strategy Document’s by
Turkey, until 2023, hydropower, wind, solar, aims to increase
the share of renewable energy have components such as
geothermal 30%. In this direction, it is aimed to maximize the
hydroelectric potential of the country. 1,598 hydroelectric
power plant projects are expected to be passed down, and as
of 2014 443 hydroelectric power plants have been taken into
operation; 173 hydroelectric power plant construction and 982
hydroelectric power plant are in the planning stage. Similarly,
it is aimed to use all of the 600 MW geothermal energy
potential until 2023 [12].
On the other hand, a large amount of water is used to
remove natural gas and oil by hydraulic cracking. The amount
of water used changes according to the geological condition of
the petroleumFderived area, it varies depending on the water
and the cost. Newly developed hydraulic cracking methods
are available for removing oil and gas [40].
A lot of water is also used to extract coal. If the coal is very
compact, it is necessary to wash it with plenty of water before
using it in power plants and elsewhere.
Mention briefly, it can make a great deal of water and
energy saving by making electricity production more efficient
[40].
III. CONCLUDING REMARKS
In today's conditions, there are water shortages in the
continent except in a few countries. All countries, including
developed countries, have water concerns. Estimates of future
water availability with current data predict that water stress
will be even more severe. Countries that are aware of this are
in an effort to develop sustainable water management policies
aimed at protecting and effectively using water resources both
locally and locally. These policies are dealt with in two ways,
from technical and managerial perspectives.
The most important step in sustainable water management
is the agricultural sector. Significant progress can be recorded

in water efficiency with a slight improvement in the most
consumed agricultural sector of the water. Effective water
usage can be done by planning irrigation periods in agriculture
and by making efficient water harvesting methods. On the
other hand, drinking water is mostly consumed in the
buildings. One of the methods that will be effective in this
area is to make the buildings +
. With the
increase of these buildings which are built to provide the
highest yield with minimum resource use and waste
production, efficient use of the water can be achieved.
In recent years, especially in developing countries and
countries experiencing water stress, water harvesting is given
more importance. With the developing technologies, more
efficient products can be obtained with less water with rain
water harvesting methods which become more effective. At
the same time, these practices, which are consciously done,
protect the water cycle and soil quality. On the other hand,
with advanced treatment and reuse technologies, the waste of
water is avoided considerably.
In the administrative dimension of sustainable water
management, it is one of the most useful steps for managers to
develop water efficiency labeling and standards. In addition, it
should be ensured that losses and fugitives are attracted to the
least level by focusing on sensitivity and a more effective
policy should be made in water pricing.
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Abstract
About one third of the world's energy is consumed in
buildings. Studies show that CO2 emissions are also higher in
buildings, parallel to energy consumption. The high proportion
of the "green building" concept has emerged in the basis of
energy management. Countries have developed a green building
concept according to their own legislation and have created
various certification systems. To keep energy consumption at a
minimum is a common goal among these systems. When the
energy consumption of buildings is considered, it is observed
that the ratio of energy consumption for heating and cooling
systems is 32$33%. For this reason, the idea of meeting the
heating and cooling systems from natural sources has been put
forward.
In this study, green buildings and certification systems are
mentioned. The "Energy" category is emphasized and it is
aimed to introduce renewable heating and cooling systems to
reduce energy consumption in buildings. The first part of the
paper includes the concept of green building and certification
systems. Different and common aspects of these systems are
presented to the reader in a comparative table. The energy
concept, which is a common category in certificates, has been
addressed. In this context, the importance of renewable heating
and cooling systems is emphasized. In the second part,
renewable heating and cooling systems are introduced. The
operating principles of the heat pumps entering the active
systems category are discussed in detail. Finally, the steps to be
taken in regard to energy management and saving in the
buildings are mentioned.
Key Words: Green Building, Heat Pump, Energy Efficiency,
Zero Energy, Zero Energy Buildings, Heating and Ventilating

I.

GREENBUĐLDĐNGS AND CERTĐFĐCATĐON
SYSTEMS

The concept of "Green Building" began to appear in the
1970s [1]. The concept has been gradually developed with
the researches and applications made in the last 50 years [2].
The development is still continuing today. Purpose of a green
building from construction to demolution in all processes;
use resources such as; energy, land, materials, water in the
most conservative way and to reduce the damage to the
environment to a minimum level [3]. The contents of these
aims are quite extensive. Some of the aims are; minimization

of the wastes, the use of environmental friendly construction
materials, limited impact on the environment (noise, odor
and low emissions), proximity to city centers and public
transports, social capacity, energy savings, providing
comfortable and healthly envronment for house holders [4].
The concept of "green building" can be developed and
improved in many ways within this broad perspective.
Today, developed countries are leading to development of
the “Green Building” concept [5].
Studies have also shown that the amounts of CO2 and
greenhouse gas emissions emitted from buildings are
proportional with the energy consumption [5, 6]. (20I20I20)
Considering the European Union targets, it is aimed to
reduce greenhouse gas emissions by 20% compared to 1990
levels by the end of 2020 (European Commission 2012). To
achieve this result, it will be ensured that both the renewable
energy use rate is increased from 9% to 20% and the
efficiencies of energy systems are increased by 20% [7]. One
of the most important points is to apply sustainable solutions.
The energy performance of buildings must be assessed
from construction to demolution at all stages to ensure
sustainability. However, the assessment of building
performance is a multidimensional study that includes
socioeconomic, environmental and technological aspects [8,
9]. In this evaluation process, standards, regulations and
guidelines are required. Thus, the evaluation criteria can
become more objective and concrete when working on
energy efficiency in the buildings.
The studies on evaluation criteria have begun from the end
of 1980s. Firstly UK established the BREEAM (Building
Research Establishment Environmental Assessment) rating
system in 1990. BREAM has performed a model for many
systems in other countries due to early development.
Evaluation criteria of BREAM are; materials, energy use,
pollution, transportation, water, ecology, transportation,
management, health and wellbeing [10]. Then other countries
started activities in this regard. In 1996, the LEED
(Leadership in Energy and Enviromental Design) rating
system was established in America. Credit categories are;
location and transportation, sustainable spaces, water
efficiency, energy and atmosphere, materials and resources,
indoor environment, innovation and regional priority [11].
Another certification system established in 1996 is HQE

(Haute Qualite Enviromentale) of France. Standard criteria
are divided into two. The primary topic is to manage the
external environment and its effects. This criterion includes
the harmonious relationship between the buildings and the
nearest environment, integrated selection of materials and
methods in construction, improvement of site conditions,
reduction of energy used, minimization of operational waste,
minimization of building maintenance and repair. Another
standard criterion is managing the effects on the internal
environment. This criterion includes improvement of
hydrothermal conditions, acoustic control measures, visual
appeal, elimination of bad smells, hygiene and cleaning of
indoor areas, air quality controls, water quality controls [12]
In 1998, the Sustainable Building Tool (SBTOOL), an
international assessment system in Canada that provides a
general evaluation, was established. . The system evaluates
according to national and regional aspects. The main goal of
the system is to provide a realistic, objective assessment to
the evaluators and to the users in accordance with the
regional conditions. The system consists of 8 categories.
These categories include; environmental burdens, energy and
resource consumption, land choice, service quality, cultural
and perceptual principles, project planning and development,
indoor and environmental quality, social and economic
principles [10].
In 2001, CASBEE (Comprehensive Assessment System
for Built Environment Efficiency) was established. The
system is a detailed evaluation system for the environmental
activities of buildings. This system was prepared not only for
Japan but also for other Asian countries, taking into account
the sustainability principles. The evaluation system is quite
different from the others. The Q and L values in the Table 1
are the total score of the categories. Q / L gives the
environmental activity value (BEE). Depending on this
value, certificates are given at various levels.
TABLE I
CASBEE SCORING SYSTEM [10]

ENVIRONMENTAL
QUALITY AND
PERFORMANCE
(Q)
Interior circumference
Service quality
outer circumference

ENVIRONMENTAL
LOADS (L)
Energy
Sources and materials
Environment outside
the plot

Q/L
environmental
activity
(BEE)

GREEN STAR has developed for the environmental
design and construction of buildings and it was established in
Australia in 2003. The system measures the environmental
impact of design, construction and management processes on
a building's ideal conditions. It has similar categories in other
assessment systems. These are; material, energy, emissions,
land use, transportation, water, ecology, indoor,
environmental quality [13]. Finally, the DGNB (Deutsche
Gesellschaft für Neuromodulation) certification system was
established in Germany towards the end of 2009. The
environmental standards of this system are more advanced

and comprehensive when compared to the US and other
countries. The purpose of the DGNB system is not only to
assess the environmental performance of a building but also
to highlight the technologies and products available for
sustainable buildings in Germany and to create more market
share for them. Scope of the system includes economy,
quality, technical quality, process quality, socioIcultural
quality, land quality [14, 15]. Among these systems, the
world's most widely accepted systems are LEED, BREEAM
and DGNM [16]. The development of the certificate systems
is still going on today [17].
Specific climatic, socioIeconomic, geographical and
demographic differences of the countries have led
certification systems to have different characteristics.
Therefore, the categories of each certificate system are
different. These differences are revealed in the Table 2. But
certification systems have as much commonality as they
have different aspects. For example, the energy category is a
common factor in all certification systems. Moreover, the
studies show a necessity to concentrate on "energy". Such as,
the studies conducted in European Union countries declare
that the share of buildings in final energy consumption was
found to be about 40% [5]. At the same time, CO2 emissions
in parallel to energy consumption are also higher in the
buildings.
The work to be done on energy efficiency in buildings can
be grouped under three main titles. These are; Reducing
building energy losses, efficient use of building energy, and
efficient "production" of building energy [18].
Nowadays, it is possible to reduce the energy losses of the
buildings and efficient consumption of energy can be
achieved by various methods such as using insulation
materials, designing a correct building [19]. In this way, the
energy can be conserved and the heat is benefited from the
losses without consuming energy. But these systems are not
enough to meet all of heat needs. Therefore, the energy of the
building (heat, electricity) must be produced efficiently. In
addition to heat and electricity, cooling the building in areas
where the summer is severely affected is also a basic
necessity. The studies show that heating and cooling of
buildings is about 32I33% of energy consumption [20].
Moreover, due to the energy production of the buildings,
CO2 emissions are also high [5, 6]. The high proportions lead
to research on renewable heating and cooling systems for
green and sustainable buildings [21].
The most common renewable heating and cooling
technologies in buildings are solar energy and heat pump
technology. Solar energy technology creates uncertainty in
the supply/demand balance due to differences in duration of
the sun effect. Also in winter, a building may not be fully
heated with solar energy. GSHP (Ground Source Heat Pump)
ground source heat pump technology is more useful because
it requires less variation of the earth temperature throughout
the year and that the ground source heat pumps are used for
both heating and cooling in different seasons [21].

Country
Name

Foundation year
Respionsible
Instutution

LEED
USA
Leadership in Energy
and Environmental
Design

+
+
+
+

+
+

DNGB
Germany
German
Sustainable
Building
Certificate

TABLO II

HQE
France
Haute Qualité
Environmentale

+
+
+

2009
1996
Ministry of
Association
Housing
pour la HQE
ENERGY
+
+
+
+

+

+
+

2002
iiSBE

SBTool
Canada
Sustainable
Building Tool

+
+
+
+

+
+
+
+

+
+

+

+
+
+

2001

CASBEE
Japonya
Comprehensive
Assessment
System for Built
Environment
Efficiency

+
+
+

+
+
+
+

+
+

+
+

+

+
+
+

2003

GREEN STAR
Avusturalya

+
+

+
+
+

COMPARISONS OF THE MAIN CERTIFICATION SYSTEM FOR DIFFERENT CRITERIA [14]

+

+
+

+
+

WATER
+
+
+
+
+
OUTDOOR CONDITIONS
+
+
+
+
+
+
+
+
CLOSED ENVIRONMENTAL CONDITIONS
+
+
+
+
+
+
+
+
MATERIALS
+
+
+

BREEAM
UK
Building
Research
Establishment
Environmental
Assessment
Method
1990
BRE

+

+
+

1996
U.S. Green Building
Council

+
+

+

+

Recycle
Water Consumption

+

+
+
+

Low emission
Renewable energy
Productivity
Electricity demand
low carbon
Refrigerant
management

Public transport
Settlement
Physical appearance
Bicycle facilities
+
+

+
+
+

Air Quality
Lighting
Acoustic
Thermal Comfort

+
+

Reuse of materials
Waste management
Robustness

Country
Name

Planning
Construction phase
Commission
Costs
Life cycle assessment
Value stability
Flexibility
/
Applicability
Access to disabled
Safety and security
Innovation
Innovation problems
Certificate levels

LEED
USA
Leadership in Energy
and Environmental
Design

BREEAM
UK
Building
Research
Establishment
Environmental
Assessment
Method

+
+

+

DNGB
Germany
German
Sustainable
Building
Certificate

HQE
France
Haute Qualité
Environmentale

MINIMUM REQUIREMENTS
Gold
Basic Level
Silver
High Level
Bronze
Very High level

+
+

PROCESS AND MANAGEMENT
+
+
+
+
ECONOMIC STATUES
+
+
+
FUNCTIONALITY / CONVENIENCE
+

+

+

LEED Certified
LEED Silver
LEED Gold
LEED Platinum

Pass
Good
Very Good
Excellent
Outstanding

+

SBTool
Canada
Sustainable
Building Tool

+
+

CASBEE
Japonya
Comprehensive
Assessment
System for Built
Environment
Efficiency

GREEN STAR
Avusturalya

+
+
+

+

+
+

+
+
+

+

+

+

+

+
+
+

Low
Average
Good
Very good
The best of Australia
Best of the world

+

Minimum
Good Practice
Best Practice

C (lowest)
BI
B+
A
S(highest)

GSHP systems are advantageous in many ways.
According to 1993 Environmental Protection Agency,
GSHP reduces greenhouse gas emissions by 44% compared
to airIconditioning equipment and electricIresistance
heating systems. In addition, GSHPs have 72% lower
energy consumption than airIbased heat pumps [22]. Given
all these features, it may be a good choice to meet the
heating and cooling needs of green buildings with GSHPs.
The use of GSHP has grown considerably in the United
States, Scandinavian and European countries. The European
Union's construction industry estimates that the use of heat
pumps will show a 54% reduction in CO2 emissions [23].
Because the emissions of greenhouse gases and CO2 from
GSHP systems are very low [24]. Focusing on to the
developing countries, it can be seen that the progress period
is very slow. For example, the GSHPs in Turkey are still in
the testing phase [25]. This can be attributed to many
factors, such as nonIstandard system design, high capital
cost, and limited trained human resource.
II.

RENEWABLE
SYSTEMS

HEATING

AND

COOLING

Renewable heating and cooling systems, which are
important under the energy title of green building systems,
are examined in two groups those are passive and active.
A.

PASSĐVE SYSTEMS

Passive systems are environmentally friendly systems
that use energy effectively due to the natural structure of the
system without any external effects (electrical and
mechanical). They have many advantages such as
contributing to the efficient use of heat in the buildings and
to the enhancement of comfort [26]. They have no moving
parts; they do not require power and work 7/24. In the
working process, they require little maintenance or no
maintenance. They have only initial investment cost. The
disadvantages of the system are; investment costs are high
and the benefit from the system is usually fixed [27].
1) Trombone Wall
The system has two ventilation holes as shown in Figure
1 [34]. This wall structure causes solar gain [28]. It absorbs
solar energy and supports natural ventilation. It provides
warming in winter and cooling in summer in all weather
conditions. In the daytime, stores solar energy and release
back in the evening. Thus functions as excellent heat storage
[29]. Trombe walls are mostly prefered in temperate
climates [30]. However, there are many studies related to its
use in arid climates [31].
Many researchers have pointed out that factors such as
size, type of glass, and thermal properties of the black paint
are important in the design of an efficient trombone wall
[32]. A study showed that a well designed trombone wall
can save 53,631 kWh of energy per year, reduce CO2

emissions by 144,267 kg, reduce heating load by 94% and
reduce cooling load by 74% [33].

Figure 1 Working day and night on the trombone wall [34]

2) Solar Chimney
The solar chimney has a simple and practical structure
and can be used for heating and cooling in buildings (Figure
2). It is suitable to be designed together with various cooling
systems to increase the cooling effect in the buildings. The
use of the system provides natural ventilation, thermal
comfort and direct solar heat gain [35]. The efficiency of the
system is based on the temperature difference. The
efficiency of the solarIabsorbing plate varies depending on
such factors as the slope angle, the crossIsectional area of
the inlet and outlet openings, and the ventilation rate [36,
37]. The overall performance of the system depends on the
solar radiation and air flow rate [38]. The application of
solar chimneys is simple and practical. There are 2 types of
applications. In the wall application, the air duck is
positioned so as to be parallel to the outer wall of the
building. Solar surface heating and temperature difference
cause air flow. The airflow is used for heating and cooling
buildings [39]. In roof applications combination of solar
collectors and solar chimneys can be used. When the solar
energy is absorbed better with the collectors, the natural air
flow is provided by the air gaps in the design of the roof
[40].
3) Wind Tower
Wind towers are used to help with heating and cooling in
dry climates. The wind towers are implemented higher from
the building. This design makes it easier to hold the air
better with wind propulsion. So the air is directed into the
building [41]. Due to its simple structure, it has the
advantage of easy installation. Moreover, there is no need
for electricity and there is no harm to the environment. The
system has a chimney that is positioned over the top of the
building to catch the wind better [34].
In the eastern countries where air temperatures are very
high, the cooling and ventilation requirements are mostly
provided by mechanical and electrical systems. The wind
tower is a very useful method for these countries. But their
talent is limited due to their simple design. For this reason it
is necessary to cool the air in summer with an additional
system to reduce the heat load of the building and to provide
thermal comfort. [42].

B. ACTIVE SYSTEMS

Figure 2 Solar Chimney (cooling / heating) [38]

Figure 3 Wind Tower [36].

4) Phase Change Materials
PCM is an effective method for storing thermal energy.
These materials change the phase with the changing
temperature. The period of heat storage is basically
dependent to the latent heat of the materials. The principle
of latent heat storage can be described as follows: When
PCM receives heat, the phase change from solid to liquid
and from liquid to vapor. The stages are reversed in the
heatIup process and the phase changes to the solid phase.

Figure 4 Phase Change Materials [34]

One of the most important advantages of PCM is that the
thermal energy storage capacity is quite high. Moreover,
they are almost isothermal during charging and discharging
operations [43]. The low temperature fluctuations allow the
interior space temperature to remain within thermal comfort
range. In practice, the design of the building varies slightly
and the dimensions of the technical equipment are small
[44]. The negative features of the PCM system are practical
applications and effective use of the system is very difficult.
[45].
There are two various kinds of PCM, organic and
inorganic [46, 47]. Organic and inorganic materials are
classified as compound and eutectics (Figure 4) [36].

Differently from passive systems, active systems
consume energy. Renewable and nonIrenewable
technologies may be used together in these systems. Active
systems support towards efficient and environmentally
friendly systems. These systems generally acquire the
desired the performance and can be locally customized. The
performance of the system can be monitored and controlled.
The negative features of these systems are; initial
investment cost and maintenance costs are high. They are
more sensitive and damageable than passive systems. They
have moving parts. New and different skills are needed in
the development of systems [27].
Commonly preferred and environmentally sensitive
examples of energy efficiency of the active systems are
GCHE (Ground Coupled Heat Exchanger) systems. With
these systems, it is possible to get direct use of energy from
ground source [48, 49]. In addition, some researchers
remark that GCHE systems are better than conventional
HVAC, solar chimney, solar energy, PCM and other
renewable alternatives. GCHE systems are divided into
EAHE and GSHP [34].
1.

EAHE (Earth Air Heat Exchanger)

The constant temperature of the ground is used to heat or
cool the air or other fluids (Figure 6). This system can be
utilised for conventional central heating and air conditioning
systems.
These systems are economical alternatives and do not
require a compressor, burner or chemicals. Only a blower is
required to ensure air movement [50]. In the past, much of
the EAHEIrelated researches have performed in cold
countries of Europe and America. But in line with the
current energy projection, popularity is increasing
worldwide. Factors influencing the performance of the
EAHE systems are; air velocity, thermal conductivity of
buried pipes, pipe length, crossIsectional area, ground
thermal spread, floor temperature change and ground depth
[34].
When we look at the historical development stages of the
GSHP system, the working principle of heat pumps was first
introduced by Carnot in 1824. The idea of feasibility was
first put forward by William Thompson and later by Lord
Kelvin in 1852. The system was developed by Robert
Webberin in the 1940s. In 1960 and 1970, first commercial
applications were seen in Europe and USA. Nowadays it is
widely used in these countries and in Europe, the thermal
efficiency of groundIsource heat pumps is about 3.5 [51].

systems require expensive fuels to generate thermal energy
[21].
3.

Figure 5 Earth Air Heat Exchanger

2.

GSHP ( Ground Source Heat Pump) Systems

Focusing at the development of the groundIbased heat
pumps in the Far East countries; in China, heating areas
nationwide reached 8 million in 2004, 20 million in 2006
and 38 million in 2007 [52]. Building industry is now stable
and does not focus on to the heat pump systems. But
considering that China is one of the world's most energyI
consuming countries, it can be said that China provides a
huge potential area for green building market [51].
In Turkey theoretical and experimental studies have
started in 1980s and applications have started in 1990s [53].
Considering the starting history, GSHP technology is not an
old technology for Turkey [34].
TABLE III
COP VALUES FOR DIFFERENT REGIONS AND METHODS

Results
Author
Kara[56]
HepbaUlı[57]
Esen[58]
Doherty
P.S[59]
Đnallı[60]
Bakırcı
K.[61]

COP
(heating)

Method

2,8

Simülation

1,66

experimental

3.6

experimental

2.8

experimental

2.66

experimental

3.2

experimental

Region
ErzurumI
Turkey
ĐzmirI
Turkey
ElazığI
Turkey
NottinghamI
UK
ErzurumI
Turkey
ErzurumI
Turkey

These systems are technologies that represent passive
systems and can be used as complementary in active
technology. The target is zero energy consumption in
buildings [54]. GSHP systems do not pollute the
environment because they benefit from the earth's natural
energy. Even though the initial investment costs are high,
they provide conderable energy savings and the costs are
amortized in a short time. The conventional heating and

Working Principle of GSHP Systems

Heat pumps have been developed with the principle that
Carnot unveiled in 1824 and today it has been a heat pump.
The working principle of these systems is the same as the
cooling cycles. The GSHP system uses a constant soil
temperature (as hot/cold reservoir) to heat and cool the area.
Its basic components are; evaporator, compressor,
expansion valve and condenser.
In the GSHP cycle a refrigerant is used for heat transfer.
In its simplest terms, the refrigerant receives thermal energy
from hot reservoir and changes its phase from the liquid
phase to the vapor phase. Then the working fluid ejects the
thermal energy to the cold reservoir while its phase changes
back from gas to liquid. These two tasks are performed in
evaporator (from the environment) and condenser (to the
environment). Focusing on to these interactions for a
heating period;
Heat extraction from heat source: The heat exchangers
are set under ground to absorb heat energy which is free in
nature. The absorbed heat reaches to the evaporator,
increasing enthalpy of the refrigerant (low pressure and
temperature).
Pressure increase in compressor: It is the phase in
which we take electrical energy as input from the outside.
The refrigerant must enter the compressor at low
temperature and pressure. The refrigerant fed from the
evaporator in steam phase is compressed in the compressor.
The pressure and the temperature are increased to a higher
level.
Heat transfer to the room: The refrigerant (in
superheated steam phase) reaches the condenser and ejects
heat energy to the outside (room) and the refrigerant returns
to the liquid phase.
Pressure loss on expansion valve: The passes through
the expansion valve to provide pressure reduction. After this
process, the refrigerant cycle is ready to perform again [34].

Figure 6 Heat Pump Working Principle [61]

Heat pumps are classified according to the source from
which heat is absorbed. In addition to groundIsource
systems, air and waterIsource heat pump systems are also
available. However, soil temperatures vary within a small

range, as it is seen in Table 4 and Table 5 over a year. This
property makes the ground source heat pump advantageous.
The operating conditions of heat pump devices change
throughout the year as follows;
Air varies from I20 ° C to +50° C.
•Water varies from +8 ° C to +30 ° C
Soil varies from +10 ° C to +20 ° C [62].

floor space required and water can be used easily.
Moreover, open loop systems have lower costs than closed
loop GSHP systems. The limited availability of water,
pollution and corrosion are among the negative features of
the system [64].

TABLE IV
AVERAGE CITY TEMPERATURES [62]

A closed circuit consists of pipelines buried under the
ground. The only interaction with the outside of the system
is heat exchanger. The pipes are filled with heat carrier
fluid. The most commonly used fluid is a waterIantifreeze
or or ethileneIglycol mixture. The system needs a
circulation pump to circulate the working fluid. In a closed
system, according to the installation pattern, the groundI
source heat pumps are classified into two groups [63].
a) Horizontal Systems
b) Vertical Systems

Location
Đstanbul
Ankara
Đzmir
Antalya
Adana

Winter ℃
I3
I12
0
3
0

Summer℃
33
35
37
39
38

TABLE V
AVERAGE SOIL TEMPERATURES OF SOME CITIES DEPENDING
ON SEAZON AND DEPTH [62].

Location
Đstanbul
Ankara
Đzmir
Antalya
Adana

4.

January℃
5
50
cm
cm
0.9
4.3
7.8
10.1
8.9
11.4
5.0
8.0
9.6
12.2

100
cm
8.2
12.3
14.5
10.0
13.8

July℃
5
50
cm
cm
27.7 24.4
33.1 31.6
34.8 30.3
28.8 25.6
35.4 29.6

100
cm
20.9
29.8
27.3
21.6
26.8

Application of GSHP Systems

In groundIbased heat pumps, two techniques are used for
exploiting the heat of the soil or groundwater.

Closed Loop Systems

Horizontal Systems
A suitable land is the most important parameter in
horizontal installation type. Spiral or straight pipes can be
used and the pipes should be close to each other. The
technical parameters to be determined in these systems are;
application depth of pipes, the diameter of the pipes and
accordingly the distance between the pipes, ratio of the pipe
length to area (l/m2). The advantages and disadvantages of
horizontal systems are given in Table 6.
TABLE VI
ADVANTAGES AND DISADVANTAGES OF HORIZONTAL
SYSTEMS [63]

Advantages
Initial investment costs
are lower.
It is more convenient to
practice.

Disadvantages
Large space is needed for
pipe installation.
The heat exchanger system
is closer to the surface of the
soil. Therefore, sensitivity to
seasonal
temperature
changes is high.

TABLE VII
ADVANTAGES AND DISADVANTAGES OF VERTICAL SYSTEMS [63]

Figure 7 Open and Closed Loop Systems [65]

Open Loop Systems
The ground water, such as lake, river, wells, is transferred
to the heat pump by a hydroforming system and is drawn to
the system from underground [63]. Heat transfer takes place
with the fluid contained in the system. For this reason they
are called open systems (Figure 7).
Open loop GSHP systems are quite advantageous if
available groundwater is available. Because there is little

Advantages
Less space is enough.
As it is applied deeper
than the soil surface, it is
less sensitive to seasonal
temperature changes.

Disadvantages
Installation costs are
higher.
In terms of the
equipment
needed,
there
is
less
availability
to
practice.

Vertical Systems
The system is applied vertically to the soil. Therefore, it
is very suitable for situations where the application area is

limited. The characteristics of the soil layers should be
determined taking the length of the pipes into consideration
for identification. Accordingly, the resistance of the soil
must be known. Installation of pipes should require a
borehole under the ground. The cost of drilling a borehole is
disadvantageous for vertical systems [66]. Depending on the
specific characteristics of the drilling system, depth of the
bore hole may be between 15I180 m [63].
5.

CONCLUDING REMARKS

The rational provision of increased energy demand is an
important issue. It is important to provide this demand using
renewable technologies. But even more important is the
identification of critical areas where renewable technology
can be used and the development of alternatives. When
critical areas are identifying, the buildings are noteworthy
which constitute 40% of the final energy consumption [5].
This paper was focused on energy consumption rates and
harmful effects on the concept of green buildings. Green
building certification systems are introduced and heating
systems via renewables which are aimed at reducing the
harmful effects of conventional heating systems. The
categories of certification systems have been highlighted.
Comparisons were performed by considering the common
and different characteristics of the most used certificates. As
a result, the importance of the "energy" title was
emphasized. The energy consumption for heating and
cooling of buildings is about 32I33%. This result leads to a
detailed investigation of the heating and cooling systems.
Types of renewable heating and cooling systems are
described. Among these systems, heat pumps having many
advantages over others are discussed in detail. Thus, critical
issues addressed in order to increase energy efficiency based
on energy consumption rates. The technical and economic
features of effective systems that will increase energy
efficiency have been highlighted in the buildings. Basic
information is provided for the readers who will conduct
research and / or practice related to the subject.
In this study, green building and renewable heating and
cooling systems have identified to be open to development
in Turkey and in the world for many years. The
predictability of the results in the implementation of these
systems will increase with the future researches. By this
way, the development of renewable systems will be
accelerated and the concept of sustainability will be applied
to a greater extent.
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Abstract— In this study, spatial and temporal instabilities
are investigated for inviscid shear layer by the linear stability
theory. Utilizing the small and wavy disturbances, Rayleigh
equation was derived from the Helmholtz vorticity equation. For the hyperbolic-tangent velocity profile, the Rayleigh
equation was solved by using space and time amplification
approaches by an in-house Fortran Code involving RK4 and
simplex method algorithms. Eigenvalues of various disturbance
frequencies were calculated for both spatial and temporal
amplification. Results of two theories were compared and the
most strongly amplified disturbance frequencies were evaluated.
Eigenfunctions of spatial theory were plotted for various disturbance frequencies. For the most strongly amplified disturbance
frequency, eigenfunctions were calculated for both theories
and compared. In spatial amplification case, derivatives of
the eigenfunctions were drawn and the vorticity amplitudes
were also calculated for different disturbance frequencies. By
using the vorticity amplitudes, constant vorticity distributions
of spatial amplification case were plotted at different times in
order to demonstrate the mechanism of instability. At the most
strongly amplified disturbance frequency of spatial theory, the
motion of particles at the different locations in the shear layer
were investigated. To investigate the motions of the particles
and the characteristics of the instability clearly, the pathlines
and the streaklines of the disturbed shear layer were calculated
and the streakline patterns were plotted. Results calculated by
the help of the Fortran Code were compared with experimental
and numerical data in the literature and a good agreement was
observed.
Keywords— Fluid flow, Fluid Dynamics, Fluid Flow Control,
Shear Flow, Flow Instability, Linear Stability Theory

I. I NTRODUCTION
Shear layers or the flows involving them appears in various industry applications; for example, widely-used multielement airfoils of passenger aircrafts, still under development scramjet engines, etc. Therefore, they have been
continously analyzed by different researchers, so there have
been different approaches to analyze shear layers or free
boundary layers in terms of their instability characteristics.
Rayleigh [1] showed for inviscid fluids, velocity profiles
having inflection points were unstable when they were exposed to wavy disturbances. Since the shear layer flow at
large Reynolds numbers is almost parallel and instability
mechanism of the shear layer is inviscid, the inviscid linearized stability theory of unidirectional flow can be applied
for shear layers for high Reynolds numbers. Sato [2] verified
this by experiments at high Reynolds numbers, by showing
that viscosity had little effect on the shear layers of a
two dimensional jet. For axisymmetric jets, experiments

conducted by Schade-Michalke [3] and Michalke-Wille [4]
have shown same results with Sato [2].
Sato [5] used artificial disturbances to investigate shear
layers by experiments. To compare the results with the
inviscid linearized stability theory which depends on the
solution of Orr-Sommerfeld equation, Sato [6] used the
disturbance phase velocity. By the help of the phase velocity,
he could manage the temporal to spatial transformation of the
disturbance growth rates. Moreover, Sato [6] experienced a
phase reversal of the flow away from the critical layer.
To explain the formation of vortices in free boundary
layers by the linearized stability theory, many attempts were
made. Michalke [7] used the hyperbolic-tangent velocity profile which was very close to the jet-boundary layer velocity
profiles to explain the phenomena. However, since he used
temporal amplification approach, the results did not agree
well with the experimental ones conducted by Freymuth [8].
To get a better description of shear layer instability, Michalke
[9] later used spatial theory and found that the growth of
disturbances in a free boundary layer can be calculated more
accurately by the spatial theory.
Yang-Zhou [10] stated the initial development of the shear
layer can be predicted from linear stability theory. Results
obtained by Michalke [9] are beneficial to validate the
numerical solvers of the inviscid linearized stability as Liu,
Wang and Piao [11] did.
This study involves development of an in-house Fortran
Code which basically uses RK4 and simplex method algorithms to solve the Rayleigh equation. In order to analyze
the disturbance amplifications of the temporal and spatial
theories, 1-D and 2-D simplex methods were used, respectively. The code is validated by comparing the results with
the theoretical results of Michalke and experimental results
of Freymuth.
II. M ETHODOLOGY
To understand the mechanism of instabilities more deeply,
Rayleigh’s linearized equation is derived based on the small
and wavy disturbances. Helmholtz’s vorticity equation defines the change in the vorticity in two dimensional flow as;
∂Ω
∂Ω
∂Ω
dΩ
=
+u
+v
dt
∂t
∂x
∂y

(1)

Where Ω denotes the vorticity, and u(x,y,t) and v(x,y,t)
are the x- and y- components of the velocity vector c,

respectively. Vorticity is defined as curl of the velocity vector.

φ′ (+∞) = −αφ(−∞)
′

(18)

c = (u, v, 0)

(2)

φ (−∞) = αφ(−∞)

curl c = (0, 0, Ω)

(3)

To solve the Rayleigh equation numerically, the order
of the
R equation should be reduced with the term φ =
exp[ Φdy]. Then Ricatti equation is derived with adapted
boundary conditions.

Ω=

∂v
∂u
−
∂x ∂y

(4)

Assuming an unidirectional steady mean flow, which has
a velocity profile given as U (y). The vorticity distribution of
this mean flow is denoted by Ω0 , where the differentiation
is taken with respect to y.
Ω0 = −U ′

(5)

By superimposing a small disturbance upon this basic
flow Eqs. 6 to 8 are obtained. Substituting these into the
Helmholtz vorticity equation (Eq.1) and neglecting the small
terms, the linearized disturbance equation given by Eq. 9 is
obtained.
u(x, y, t) = U (y) + ǫu1 (x, y, t)
(6)
v(x, y, t) = ǫv1 (x, y, t)

(7)

Ω = Ω0 + ǫΩ1 (x, y, t)

(8)

∂Ω
∂Ω1
+U
− v1 U ′′ = 0
(9)
∂t
∂x
A stream function ψ1 (x, y, t) can be defined satisfying the
continuity equation for the disturbance velocities as follows;
u1 =

∂ψ1
∂y

(10)

∂ψ1
(11)
∂x
If only wavy disturbances are considered, disturbances in
terms of stream and vorticity functions become;
v1 = −

ψ1 (x, y, t) = R{φ(y)ei(αx−βt) }

(12)

Ω1 (x, y, t) = R{ω(y)ei(αx−βt) }

(13)

Where α denotes wave number and β shows the frequency
of the disturbance. By using the Eqs. 10 and Eq.11 and
inserting wavy disturbances equations given above into the
Eq.9 and Eq.4 the following equations are obtained.
−βω + αU ω + αU ′′ φ = 0

(14)

ω = −[φ′′ − αφ]

(15)

Eq. 15 is used to eliminate the ω term in Eq.14; moreover,
by dividing this new equation with α, Rayleigh equation
given below is obtained.
(U − β/α)[φ′′ − α2 φ] − U ′′ φ = 0

(16)

For unbounded velocity profiles, the disturbances must
vanish at infinity. Therefore our boundary conditions are
defined given by Eq. 17. Since the velocity profile is unbounded, by using Rayleigh equation Eq. 18 and Eq. 19 are
obtained.
φ(+∞) = φ(−∞) = 0
(17)

Φ′ = α2 − Φ2 + U ′′ /(U − β/α)
Φ(+∞) = −α

Φ(−∞) = +α

(19)

(20)
(21)

The mean velocity profile investigated by Michalke with
temporal and spatial approaches [7], [9] is shown below. The
wave number α and the frequency β are generally complex
where imaginary parts represent the spatial and temporal
growth rates, respectively.
U (y) = 0.5[1 + tanhy]

(22)

In this study, first spatial approach is conducted to obtain
the eigenvalues of the Ricatti equation. Then by using the
phase velocity c, the eigenvalues of the temporal amplification case are obtained. For spatial amplification case, α
is complex and β is real or βi = 0. In order calculate the
complex eigenvalues by using Eq. 20 with Eq.21, a new
independent variable must be defined as;
z = tanhy

(23)

With this new variable and using Eq. 22, Ricatti equation
and its boundary conditions are re-written;
dΦ′
α 2 − Φ2
2z
=
−
dz
1 − z2
1 + z − 2β/α
Φ(zb ) = −zb α

zb = ±1

(24)
(25)

To obtain eigenvalues of spatial theory, Eq. 24 was integrated for a fixed β value starting from its boundaries
towards z = 0 by forward and backward RK4 procedure
with an integration step | ∆z |= 0.025. At z=0, the
difference between the results of forward and backward RK4
integration was evaluated for different α values. To minimize
the difference 2-D Simplex method was used. The most
challenging point of this integration process was calculating
the Φ values just one step after the boundaries. At these
points, second order Taylor series expansion was used instead
of RK4 since Eq. 24 did not allow to calculate Φ values.
In Taylor series expansion, second and third terms were
calculated with the help of L’Hospital Rule.
For temporal approach, same procedure was applied with
a few changes. The first change was in the Ricatti equation.
In Eq.24 instead of β/α variable, imaginary part of phase
velocity ci is used, due to temporal amplifications. The
second change was integration was evaluated only in one
direction, because of the fact that Φr (z) is an antisymmetric
function and Φi (z) is a symmetric one. Therofere, 1-D
simplex method become suitable for minimizing Φ at z=0.
In the following section, results obtained by the help of
the Fortran Code involving the methods explained above are

shown. To obtain the eigenfunctions, the vorticity amplitutes
and the streaklines some additional post-processing codes
were developed. They are described in the next part just
before related graphs.
III. R ESULTS & D ISCUSSION
For spatial approach the eigenvalues calculated by the
Fortran Code are shown in Fig.1 and Fig.2. Comparing
with the eigenvalues calculated by Michalke [9] -plotted as
diamonds-, the results of the code developed are consistent
with them. When the spatial amplification rates shown in
Fig.2 are investigated, it is clearly seen that at a specific β
value around 0.2, the growth rate of the disturbances becomes
highest.

Fig. 3.

Amplification rates calculated with temporal theory.

rate occurs at β = 0.2067 with a value of −αi = 0.2284. By
temporal aproach, maximum amplification is αi ci /cr = 0.19
occuring at β = 0.2223.

Fig. 1.

Real parts of eigenvalues calculated with spatial theory.

Fig. 4. Comparison of amplification rates calculated with both spatial and
temporal theories.

Fig. 2.

Imaginary parts of eigenvalues calculated with spatial theory.

Since the disturbances grow with time in temporal theory,
α has no imaginary part. Imaginary part of the phase velocity
defines the amplifications of the disturbances. Therefore, in
temporal theory amplification rates are evaluated by αci
parameter. In Fig.3, the amplification rates obtained by the
Fortran Code for different α values are presented. Compared
with the amplification rates calculated by Michalke [7], the
eigenvalues calculated with the Fortran Code are in close
agreement.
As seen from Fig.4 that both temporal and spatial theories
yield same trends for amplification of the disturbances. In
spacewise calculations, the maximum disturbance growth

To decide which approach is more useful to reflect the
disturbance growth rates, the results of both theories were
compared with the experimental ones of Freymuth [8] in
Fig.5. Freymuth [8] used an axissymetric jet (shown with
circle in Fig.5) and a plane jet (shown with square in
Fig.5) while conducting his experiments. To compare the
disturbance amplification factors obtained in experiments
with two teories, he used scale factor for amplification rates
and Strouhal number -defined as f θ/U0 (Where f was the
frequency of sound to produce disturbance, θ was momentum
thickness and U0 was jet velocity). Velocities of axissymmetric and plane jets were 8 m/s while the experiments
were done. Because Rayleigh equation was derived from two
dimensional Helmholtz vorticity equation, both the results of
experiments of plane and axissymmetric jets may be used to
validate the theories.
In Fig.5 it is obvious that spatial approach reflects the
characteristics of the disturbances more precisely than the
temporal approach at lower frequencies. Although at the
higher frequencies the temporal amplification values are
closer to the experimental ones, since the spatial theory
involves some essential features of instability properties of
the free boundary layers -is explained below-, the focus of

this paper is on the spatial amplifications.

Fig. 7. Imaginary parts of eigenfunctions at various frequencies for the
spatial theory.
Fig. 5. Comparison of the spatial and temporal theories with experimental
results.

Eigenfunctions were calculated by the integration of Eq.16
with respect to y. The real and imaginary parts of the
eigenfunctions are depicted for different frequency values
shown in Fig.6 and Fig.7.

Fig. 8. Comparison of the spatial and temporal theories for the eigenfunctions at their maximum disturbance amplification rates.

Fig. 6.
theory.

Real parts of eigenfunctions at various frequencies for the spatial

In Fig.8, the real part of the eigenfunction of the timewise
case shows a symmetric characteristic and the imaginary part
has an antisymmetric function characteristic as mentioned
before. However, this situation changes for the spatial theory.
For the spatial theory, both the real and the imaginary parts
of the eigenfunctions have no symmetric or antisymmetric
features.
When the derivatives of the eigenfunctions are investigated, why the spatial approach reflects the free shear layers
more accurately than the temporal one can be understood
clearly. As Eq.10 indicates, the derivatives of the eigenfunctions with respect to y are related to the disturbance velocity
component u1 . Michalke [9] stated that in the experiments,
a phase reversal was observed outside of the critical layer.
Phase reversal means that the velocity component in the flow
direction becomes zero. For spatial theory, the real and the
imaginary parts of the eigenfunctions become zero at almost
same values of y, shown in Fig.9 and Fig.10. Therefore; a
phase reversal condition is obtained at the negative values of
y by the spatial approach. The temporal theory has symmetric

and antisymmetric trends for the real and imaginary parts of
the eigenfunction derivatives, meaning that φr , φr become
zero at different values of y. This results in the absence of
the phase reversal in temporal approach while it occurs in
experiments. Then, it is not wrong to state that the spatial
approach is more useful than the temporal one to investigate
the free boundary layers.
With the eigenfunctions and their derivatives obtained, the
streamlines, velocity fields and the vorticity distribution of
the flow can also be calculated. To analyze the mechanism
of the instabilities, the vorticity distributions are practical;
therefore, with a post processing code they are evaluated. The
algorithm for the post-process code is described below. First
the expression for the vorticity amplitudes ω is obtained by
re-arranging Eq.14. By using Eq.5, Eq.8 and Eq. 13, Eq.27
is acquired for the total vorticity distribution.
ω(y) = −{U ′′ /(U − β/α)}φ
2

Ω(x, y, t) = −0.5sech y + ǫe

−αi x

(26)

A

A = {ωr (y)cos(αr x − βt) − ωi (y)sin(αr x − βt)}

(27)

Eq.26 and Eq.27 are used to draw constant vorticity lines
at two different times (t = T , t = 1.5T ). Time value T is
equal to 2π/β which is calculated as 30.398s for β = 0.2067.
The disturbance magnitude was chosen as ǫ = 0.0005. The
vorticity distributions at two different times can be seen in

Fig. 9. Real parts of derivatives of eigenfunctions at various frequencies
for the spatial theory.

Fig. 10.
Imaginary parts of derivatives of eigenfunctions at various
frequencies for the spatial theory.

Fig.11 and Fig.12. In these figures two peaks of vorticity
are observed - one is for y > 0 and the other is for y <
0. Because of these peaks of the vorticity distributions, a
rotational motion on the flow occurs.

Fig. 12.
0.0005

Constant vorticity lines at t=1.5T, disturbance magnitude ǫ =

and the velocities the equations below were obtained. The
motions of the particles are governed by Eq.30. By using
Eq.30, pathlines of the particles were calculated for different
t0 values to simulate the release of the particles at different
times from the fixed locations. The coordinates of the fixed
locations were chosen as x0 = 0 and y0 = 0, y0 = ±0.48,
y0 = ±1.03, because clearly seen from Fig.9 and Fig.10
there were undisturbed vorticities. To cover two times of the
wavelength in x-direction, Eq.30 was integrated from t0 to
t = nT and t = n1.5T (where n=1, 2, 3, 4,...) benefited from
the periodicity feature of the disturbances. By connecting the
end points of the pathlines at t = nT and t = n1.5T the
streaklines were drawn in Fig.13.
u(x, y, t) = 0.5[1 + tanhy] + ǫe−αi x B
B = {φ′r (y)cos(αr x − βt) − φ′i (y)sin(αr x − βt)} (28)
v(x, y, t) = ǫe−αi x {[αi φr (y) + αr φi (y)]cos(αr x − βt)
+[αr φr (y) + αi φi (y)]sin(αr x − βt)} (29)
dx
dy
= u(x(t), y(t), t)
= v(x(t), y(t), t) (30)
dt
dt
It is seen from Fig.13 that the streaklines have a tendency
to roll up, since the particles starting originally in y > 0
region move to y < 0 region where they slow down. The
patterns seen from Fig.13 are compatible with Michalke’s
[9] calculations and similar to the results of the experiments
conducted by Freymuth’s [8].

Fig. 11. Constant vorticity lines at t=T, disturbance magnitude ǫ = 0.0005

By using velocity distribution of the disturbed flow, it is
possible to evaluate the motion of the particles. Since we are
interested in spatial theory due to the reasons mentioned, the
streakline patterns of the flow may be investigated. To calculate the streaklines of the flow at different times another post
processing was applied to the calculated eigenfunctions and
their derivatives. Using the relation between the streamlines

Fig. 13.

Streaklines of the flow at two different times.

IV. C ONCLUSIONS
To conclude in this study, an in-house Fortran Code and
its post-processing tools were developed to investigate the
spatial and the temporal amplifications of the shear layer
disturbances as described in previous sections. To verify the
results obtained, they were compared with the theoretical and
experimental results presented in the literature. It was seen
that by the code and the post processing tools developed
accurate results could be obtained. Moreover, the temporal
and the spatial approaches were analyzed in terms of their
capability to reflect the free boundary layer disturbances and
seen that the spatial theory had very beneficial features. Then,
by the help of spatial theory the vorticity distributions and
the streakline patterns of the shear flow were investigated.
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Abstract— In this study, to explain the possibility of hydrogen
transfer paths from manure to coal, oil products analysis with Gas
Chromatography Mass Spestroscopy (GC-MS) performed for
defining products related to fuel oil and chemical raw material
instead of oil refining. Regarding the primary point of the GC-MS
outcomes is the some acquired compound from co-liquefaction
experiments rather of liquefaction alone experiments consisted of
some petroleum fuels, for circumstances when lignite liquefied
with manure the obtained compound which is Eicosane is the
compound in jet fuel, kerosene, and diesel fuel. Nevertheless,
Docosane and Nonadecane discovered in diesel fuels. Additionally,
Nonahexacontanoic acid was found in a grease. Finally, the
outcomes state alternative production of petroleum components
instead of oil refining, and it is the solution of Turkish economy
which is dependent on importing oil.
Keywords— Coal, Hydrogen Transfer, Oil products quality, GCMS analysis

I. INTRODUCTION
To meet future demand in motor fuels, coal will play a key
role in areas with large coal resources and lacking crude oils.
Axens' direct coal liquefaction (DCL) process is available to
produce high-quality distillate fuels using commercially proven
ebullated-bed reactor system. While indirect coal-to liquids
(CTL) technologies are based on Fischer-Tropsch technology,
both DCL and CTL plants should integrate CCS solutions
owing to their higher well-to-wheel CO2 emissions (Fig. 1) [13].
Alternative liquid fuels, i.e., first- and second-generation
ethanol, biodiesel, gas-to-Iiquids (GTL), BTL, CTL and DCL,
represent about 2.5 % (energy content) of the on-road demand.
It is estimated that they could represent up to around 7 % in
2020 and 9 %-10 % in 2030 [4-6].

Fig. 1 Well to wheel CO2 emissions of synthetic fuels in comparison to
petroleum diesel [7]

Clean fuels projects are environmentally driven; thus, no
additional revenue generation is anticipated. Minimizing the

initial investment becomes a very important objective for such
projects [8]. In this study the oil products of Elbistan lignite
with manure which conducted in our previous study
characterized by GC-MS technique to obtain substances for
clean fuels [9].
II. MATERIALS AND METHOD
In this research, in the experiments chosen based upon the
greatest total and oil+gas conversion, the analyses are summed
up in Table 1 and the associated chromatograms offer in Fig.
2(a-c), for the oils and derivatives, azulene, gotten as a result of
the liquefaction procedure performed under various conditions.
Likewise, the G.C.-M.S. system conditions are provided in
Table 2.
Firstly, as it can observe from Table 2 and Fig. 2(a-c), the oils
acquired by the liquefaction of the Elbistan lignite and manure,
under catalytic conditions, using C10H12 as a solvent, are mainly
made up of compounds such as straight chain hydrocarbons like
C10H8 and derivatives. Secondly, C10H12 and derivatives, C6H6
and derivatives, (C6H14, C10H8), methyl-cyclopentane (C6H13),
butylated hydroxytoluene (C15H24O). Upon changing the
liquefaction conditions, a considerable change has not been
observed the composition of the oils.
Finally, regarding the primary point of the GC-MS outcomes
is the some acquired compound from co-liquefaction
experiments rather of liquefaction alone experiments consisted
of some petroleum fuels, for circumstances when lignite
liquefied with manure the obtained compound which is
Eicosane is the compound in jet fuel, kerosene, and diesel fuel
[10] Nevertheless, Docosane and Nonadecane discovered in
diesel fuels [11]. Additionally, Nonahexacontanoic acid was
found in a grease [12]. Finally, the outcomes state alternative
production of petroleum components instead of oil refining,
and it is the solution of Turkish economy which is dependent
on importing oil. All paragraphs must be indented 5.1mm
(0.2’’), and must be fully justified, that is both right and left
justification at a time.
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Fig. 2 G.C.-M.S. chromatograms of oils (a: E1, b: E6, c: E12)
TABLE I
G.C.-M.S. SYSTEM ANALYSIS CONDITIONS

Column
Capillary nominal column
Film thickness
Distance
Diameter
The carrier gas (He)
The amount of gas
Dedector
Dedector temperature
Initial temperature
Final temperature
Heating rate
Solvent

HP-INNOWAX

0.25 μm
60 m
0.25 μm
5 ml/min
1 µL
FID
250 oC
60 oC (1 min isothermal)
250 oC (10 min isothermal)
25 oC/min
C6H14

TABLE II
COMPUNDS FROM THE OPTIMUM EXPERIMENTS (%
ABUNDANCE > 1.00).
Exp. Amount
in Similarity % Probable compound
No
total*
1
14.06
86
Hexane
1
37.12
97
1,2,3,4tetrahydronaphthalene
1
25.79
87
Azulene or Naphthalene
1
6.76
97
Butylated
hydroxytoluene
1
4.81
90
Methyl-cyclopentane
1
2.22
95
2-methyl-naphthalene
1
1.09
91
Cyclohexane
6
3.76
86
Hexane
6
5.67
91
Methyl-cyclopentane
6
36.25
96
1,2,3,4tetrahydronaphthalene
6
1.43
91
Cyclohexane

Azuleneor Naphthalene
Butylated
hydroxytoluene
Eicosane
Eicosane
Docosane or Nonadecane
Nonahexacontanoic acid
3-methyl-hexane
Hexane
Methyl-cyclopentane
Cyclohexane
Hexane
Methyl-cyclopentane
Heptane
Cyclohexane
1,2,3,4tetrahydronaphthalene
Azulene
Butylated
hydroxytoluene

III. CONCLUSIONS
As regards GC-MS analysis describes the benefit of coliquefaction as far as are our discussed previous work that EL
with manure liquefaction enhances fuel variables such as get
the new component for jet fuel, kerosene, diesel fuel as well as
grease. The components present that EL with manure
liquefaction catalyzed by red mud is the way of producing
petroleum to spread out energy selection instead of producing
electricity, nowadays. This outcome likewise validates our
previous works presumption which is hydrogen transfer from
manure to EL.
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Abstract— Meeting the energy demand and reducing high energy
costs are becoming more and more essential for mankind.
Concordantly, increasing scientific studies are trying to provide
new techniques and solutions every day. In the area of
refrigeration technology, which is the cause of a considerable part
of the energy consumption, very significant studies are being done
to increase energy efficiency. Ejector cooling technology, which is
supposed to be able to replace conventional cooling systems, is an
area of research that attracts the attention of researchers and that
various researches are being carried out on them. In this study,
theoretical performance analysis of an ejector cooling system that
is using R123 as refrigerant and designed according to the
constant area model has done. In the cooling system, the ejector is
considered as the substitute of the compressor. The theoretical
analysis of the system was carried out by using a computer
program which is being used for modelling and simulation. All the
data belong to the thermodynamic properties of R123 refrigerant
were processed to the program. By using this data in the prepared
program, it is possible to simulate desired values according to
different situations and conditions. Thus, the effects of using R123
refrigerant on the coefficient of performance (COP) of the cooling
system under various operating conditions are examined and the
findings are presented in graphs.
Keywords— ejector, COP, entrainment ratio, temperature,
simulation, cooling, refrigerant

I. INTRODUCTION
In recent years, many research facilities and companies are
making studies on the purpose of using energy more efficiently.
For cooling machines, this means that Coefficient of
Performance (COP) of these machines have to be increased and
one way to increase COP of cooling machines is using wasted
heat in cogeneration cycles. Refrigeration cycles can use this
wasted heat in absorption cycles or by the use of ejectors [1].
There are lots of studies on the ejector cooling systems
presented in the existing literature.
Yapıcı and Ersoy [2] presented optimised results for R123 in
a study which they investigated the performance characteristics
of the ejector refrigeration system based on the constant area
ejector flow model. They concluded that the optimum COP and
area ratio determined by using the constant area flow model in
this study are greater than the values in the literature that were

obtained at the same working temperatures for the constant
pressure flow model.
Chen et al., [3] investigated recent developments in the
ejector refrigeration technologies and categorized the studies in
several topics including; refrigerant selection, mathematical
modelling and numerical simulation, geometric optimization,
operating conditions and combinations with other refrigeration
systems.
Yılmaz et al., [4] presented a theoretical approach to the
ejector cooling system. They reported that using an ejector
instead of an expansion element reduces the load on the
compressor and increases the system performance.
Yang and Zhao [5] studied on the thermodynamic analysis
of a combined power-ejector refrigeration cycle using zeotropic
mixtures. The presented cogeneration system consists of an
organic Rankine cycle and an ejector refrigeration cycle. They
used various working fluids, including pure working fluids,
R245fa and R600a, and zeotropic mixtures, R245fa/R600a. The
results show that the mixtures generate more refrigeration than
pure working fluids.
Besagni et al., [6] presented an overall literature review on
ejector refrigeration systems and working fluids. They analysed
ejector technology, refrigerant properties and their effects on
ejector performance, with a focus on past, present and future
trends. The review is configured as four sections. First section
designated for the description of the ejector technology. Second
section includes a detailed description of the refrigerant
properties and their effects on ejector performance. In the third
section, a review about the main jet refrigeration cycle is
proposed and the ejector refrigeration systems are categorized.
Finally, in the last section, an overview on ejector technologies
with the relationship among the working fluids and the ejector
performance are presented.
Özen and Tolu [7] made a theoretical study and analysed the
effects of various refrigerants on the performance of an ejector
refrigeration system. They used twelve different refrigerants
and the results show that the refrigerant with the highest COP
value is R717, and the refrigerant with the lowest COP value is
R114.

Ma et al., [8] presented an elaborate study on thermodynamic
modelling method of an ejector for ejector refrigeration system.
In this model, the primary flow in the ejector was assumed to
fan out from the nozzle without mixing with the secondary flow
in a certain downstream distance, so that a hypothetical throat
was formed where the secondary flow reached the sound speed.
They developed empirical correlations of the hypothetical
throat area to aid further modelling.
Thermodynamic analysis of an ejector system using R123 as
the working fluid carried out in this study. In the presented
system, the ejector is used instead of the compressor. Observing
and presenting the changes occurred on the entrainment ratio
(w) and COP of the system at the different working
temperatures of evaporator, condenser and generator was the
main aim of this study. Besides, a simulation program based on
a mathematical model was developed to analyse the
thermodynamic performance of the ejector cooling systems
using different refrigerants.
II. EJECTOR REFRIGERATION SYSTEM
An ejector refrigeration system consists of a generator, a
condenser, an evaporator, an expansion valve, a pump and an
ejector as shown in the Fig. 1. Refrigeration cycle is shown in
the Fig.2.
Cooling and power cycles constituting the system are
described as below;
The power cycle;
 In process 6-1 of Fig. 2, heat is transferred from the heat
source to the working fluid. The working fluid enters the
heat source as compressed liquid and is assumed to be
saturated steam when leaving from the heat source.
 In process 1-b, the pressure drops with the expansion of
the primary flow through the motive nozzle and the
secondary flow is drawn to the secondary nozzle from
the vacuum effect. The two flows merge at point b’.
 In process b'-4, the kinetic energy of the mixture is
converted to static pressure by a diffuser element, and the
pressure of the working fluid is increased to the pressure
of the condenser, which is reduced in advance. Thus, the
ejector operates as a compressor.

 In process 4-5, the working fluid passes through the
condenser at a constant pressure and the senses and latent
heat on it are transferred to the surroundings. It is
assumed that the working fluid is separated from the
condenser as saturated liquid.
 In process 5-6, the cycle is completed by passing through
the fluid pump to raise the pressure of the working fluid
back to the pressure of the heat source.
The refrigeration cycle;
 In process 7-2 of Fig. 2, heat is transferred to the working
fluid as it passes through the evaporator and the fluid is
transformed from wet steam to saturated steam.
 In process 2-b, the secondary flow from the evaporator
to the secondary nozzle is taken at the same time to
ejector by the vacuum effect to mix with the supersonic
flow which is also known the primary flow and then
follows the previously mentioned mixing path in the
power cycle.
 In process 5-7, the cycle is completed by passing through
the fluid expansion valve to lower the pressure of the
working fluid back to the evaporator pressure.

Fig. 2 P-h diagram of the ejector cooling system

The study of Yapıcı et al. [9] which we used as a reference
work, used a constant area model for ejector. Hence, constant
area model for ejector was chosen in this study too. Fig. 3
shows the schematic display of the constant area model.

Fig. 1 Schematic display of the ejector cooling system

Fig. 3 An ejector designed by using the constant area model

III. MATHEMATICAL MODEL
The theory of the ejector cooling system is based upon the
principle of conservation of energy and momentum. According
to this, a mathematical model for the thermodynamic analysis
of the ejector cooling system has been created.
Used equations at the calculations of primer nozzle are given
at equations 1-4:

h1b = (1 - ηpr )  h1 + ηpr  h1b,s
ηpr =

h1  h1b
h1  h1b,s

(2)

u1b =  2  ( h1 - h1b )

1/2

a1b =

(1)

ν1b
 u1b  ( 1+w)

(3)
(4)

The entrainment ratio (w) defined as the ratio of mass flow
rate of the secondary flow (ṁ s ) to the primary flow (ṁ p ) is
displayed as [10]:


w=

msn

(5)



m pr

The equations for the secondary nozzle are given with
equations 6-9:

h 2b = (1 - ηsn )  h 2 + ηsn  h 2b,s
ηsn =

h 2  h 2b
h 2  h 2b,s

(6)
(7)

ν  w
a 2b =  2b  
 u 2b  (1+w)

(9)

The used equations for the mixing chamber are shown below
as:
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u 3 = Pb   a1b  a 2b   
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a 3   a1b  a 2b 

(12)

The equations for the diffuser are shown at equations 13-14:

 h  (w  h 2 ) 
h4 =  1

 (1  w) 
h 4,s = ηd  (h 4 - h 3 )  h 3

(13)
(14)

To find the area of ratio (Ar) following equation must be used:
Ar 

a1b
a1b

a 3  a1b  a 2b 

(15)

Finally, the coefficient of performance (COP) of the system
is calculated with the equation below:


u 2b = 2  ( h 2 - h 2b )

1/2

(8)

COP 

Qe




Qgn  W p

(16)

IV. RESULTS
The data obtained from the mathematical model are
compared to the data from reference study of Yapıcı et al. [9].
Results are graphically displayed in Fig. 4. This method is used
to validate the mathematical model and evaluate the accuracy
of the simulation program.
Effects of the changes at the temperatures of evaporator,
generator and condenser on the entrainment ratio and the COP
were investigated for R123 refrigerant.
At the final stage, the effects of changes at the temperature
of the condenser on the optimum ejector area ratio is examined.

Fig. 5 Graphical display of the correlation between Te and COP

Fig. 4 Comparison of the values of the theoretical study with the
experimental values obtained by Yapıcı et al., [9].

It can be seen that as the evaporator temperature increases
the COP of R123 and the entrainment ratio increases too.
Below the value of 0 °C for the evaporator temperature, the
changes observed are negligible but as the evaporator
temperature increases, increase rate of COP and w is also gets
higher. For the entrainment ratio it can be said that; as the
evaporator temperature increases, evaporator pressure also
increases. This increases directly effects the entrainment ratio
and causes it to increase. The obtained data are in resemblance
with the data obtained from the study of Yapıcı and Ersoy [2].
As a result, it has been observed that, changes at the evaporator
temperature effects the system performance significantly.

According to Fig.4, the minimum difference observed
between the theoretical and experimental results is 0.1% and
the maximum difference observed is 6.5% while working
temperature of evaporator is between 8.9-12.6 °C. If the
working temperature of evaporator is more than 12.6 °C, this
difference increases parallel to the increase at the evaporator
temperature. The maximum difference is 18.9% for the
evaporator temperature of 15.1 °C. It can be seen that; steadier
results are possible at the evaporator temperature below 13 °C
according to the simulation program.

A. The Effects of the Evaporator Temperature on the COP
and the Entrainment Ratio
The effects of the evaporator temperature on the COP values
and entrainment ratio can be seen in Fig. 5 and Fig. 6
respectively.
Fig. 6 Graphical display of the correlation between Te and w

B. The Effects of the Generator Temperature on the COP and
the Entrainment Ratio
The changes at the COP values and the entrainment ratio due
to the changes of the evaporator temperature is presented in Fig.
7 and Fig. 8 respectively.

C. The Effects of the Condenser Temperature on the COP
and the Entrainment Ratio
The effects of the changes at the temperature of the
condenser on the COP values and entrainment ratio is
graphically displayed in Fig. 9 and Fig. 10 respectively.
It can be seen that the changes occurred at the condenser
temperature influence the COP and entrainment ratio different
from evaporator temperature and generator temperature. COP
and entrainment ratio decreases as the condenser temperature
increases. The COP values of R123 and the entrainment ratio
gradually decreases between the condenser temperature of
30-40 °C. At the greater condenser temperatures than 40 °C,
changes observed on the COP and entrainment ratio are minor.
These results are also in resemblance with the results of study
of Yapıcı and Ersoy [2]. As a result, it has been observed that,
changes at the evaporator temperature effects the system
performance significantly.
Fig. 7 Graphical display of the correlation between Tgn and COP

As shown in Fig. 7 and Fig. 8, changes occurred at the
generator temperature effect the COP and entrainment ratio
similar to the changes at the evaporator temperature. Increase
occurred at the generator temperature increases both COP
values of the system and entrainment ratio. At the higher
temperature values than 75 °C for the generator, calculated
changes on the COP and entrainment ratio are significant.
Below that temperature there are no serious changes on these
values. For the entrainment ratio, it can be said that, the increase
at the generator temperature also increases the pressure
difference between the evaporator and the outlet of the nozzle.
This causes an increase on the entrainment ratio. These results
are also in resemblance with the results obtained from the study
of Yapıcı and Ersoy 2005 [2]. By means of these results, it can
be determined that generator temperature has a respectable
effect on the performance of the ejector cooling system.
Fig. 9 Graphical display of the correlation between Tc and COP

Fig. 8 Graphical display of the correlation between Tgn and w
Fig. 10 Graphical display of the correlation between Tc and w
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Abstract— Natural convection in triangular shaped cavities is
numerically analyzed in this study. Streamlines and isotherm
contours are presented for various triangular shaped enclosures
and a range of Rayleigh numbers. The numerical solutions are
obtained for a range of aspect ratios. So, the effect of aspect ratio
on natural convection could be investigated.
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I. INTRODUCTION
Natural convective heat transfer is gaining importance in
different areas, such as triangular roof cases, solar stills,
electronic equipment cooling, and attic spaces. In recent years,
a further increase in the number of studies of natural
convection in triangular enclosures has been seen in the
literature. The first studies about natural convection in
triangular enclosures were carried out by Flack et al. [1–3].
Three cavity shapes were heated/cooled from the bottom wall
and cooled/heated from the upper inclined walls, covering a
wide range of Grashof numbers between 105 and 3 × 106.
After this, in 1982 Akinsete and Coleman [4] analyzed the
natural convection of air in a two-dimensional laminar righttriangular enclosure (half of the isosceles triangular enclosure)
with a cold horizontal base and heat input through the
hypotenuse and insulated vertical wall using the finitedifference method. Steady-state solutions were obtained for
the conditions in which the aspect ratio was between 0.0625
and 1, and Grashof numbers varied in the range of 800 to
64,000. The authors found that a considerable proportion of
the heat transfer across the base wall of the enclosure takes
place near the intersection of the base and the hypotenuse.
Poulikakos and Bejan [5] investigated the fluid dynamics
inside a right-triangular cavity with a cold upper inclined wall,
warm horizontal bottom wall, and insulated vertical wall. The
flow and temperature patterns, local wall heat fluxes, and
mean heat flux rates of the fluid is examined, based on scaling
analysis. Asan and Namli [6] conducted a numerical study of
laminar natural convection in a pitched roof of triangular cross
section, considering an adiabatic mid-plane wall condition in
their numerical procedure, for summer day boundary
conditions, and in another work, winter day heating of an attic
space from the bottom was examined by the same authors [7].
They used the finite-volume method and analyzed cases where
Rayleigh numbers vary between 103 and 106 and aspect ratios
(defined as the height of the roof scaled by half length of base

wall) are between 0.125 and 1. A multicellular structure is
obtained in every enclosure when the Rayleigh number equals
106. As the aspect ratio decreases, multicellular streamlines
are observed at lower Rayleigh numbers. Salmun [8]
investigated the stability of a single cell steady-state solution
in triangular geometries. The calculations are made for
different Rayleigh number values between 102 and 105 and
aspect ratios between 0.1 and 1. Kent et al. [9] examined
natural convection in triangular enclosures via finite element
method for right triangular enclosures. Laminar natural
convection in right triangular enclosures was numerically
analysed via finite volume method by Kent et al. [10]. Natural
convection in a right-angled triangular enclosure was also
studied numerically by Basak et al. [11]. A penalty finite
element analysis with bi-quadratic elements was used for
solving the Navier–Stokes and energy balance equations.
There is also a recent review paper on this subject by Das et al.
[12].
In this study, two-dimensional steady laminar natural
convection in triangular shaped cavities heated from the
bottom, representing conventional air-filled attic spaces of
houses and buildings with sloped roofs and horizontal
suspended ceilings, for wintertime conditions is investigated.
In the wintertime, the isosceles triangular roof is heated at the
bottom base where the inside temperature of the house is kept
hot by any heating system and symmetrically cooled at the
two upper inclined sides where the outside temperature is cold.
The main purpose of this work is to examine numerically the
influence of the base angle and Rayleigh number on the flow
field inside triangular shaped cavities.
In this work, laminar natural convection of air with Prandtl
number of 0.72 is analysed. The change of the streamlines and
isotherms at different Rayleigh numbers ranging from 103 to
105 are obtained numerically and presented as graphics. The
solutions are presented for various aspect ratios and in this
way, the effect of this change on the flow structure and
isotherms are shown. Finite volume method is used to
discretize the Navier Stokes equations. SIMPLE algorithm
and upwind difference methods are applied to the governing
equations.

II. PROBLEM FORMULATION
A long air-filled (Pr = 0.72) isosceles triangular enclosure
of height H and base B is considered such that two-

dimensional flow is assumed to exist as shown in Fig. 1. Any
effects occurring in the third dimension are neglected. This
assumption is reasonable and acceptable for the problem
under study. The gravitational acceleration g acts
perpendicular to the base, pointing downward. The inclined
and base walls are kept at constant temperatures TC and TH,
respectively, with TH > TC representing the wintertime heating
of attic spaces from the bottom. Thermophysical properties of
the fluid in the flow model are assumed to be constant except
the density variations causing there to be a body force term in
the momentum equation. The Boussinesq approximation is
invoked for the fluid properties to relate density changes to
temperature changes, and in this way to couple the
temperature field to the flow field. Viscous dissipation is
assumed to be negligible.

(3)
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   2  2 
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y
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The boundary conditions are as follows:
• u = v = 0 on all the walls.
The thermal boundary conditions are:
• T = TH (at the bottom wall)
• T = TC (at the inclined walls).
The height (H) to full length of base (B) ratio is used as the
aspect ratio (denoted by A),

A

H
B

(5)

III. NUMERICAL RESULTS

Fig. 1 The schematic diagram of the physical system

In the present study, in order to ensure that the Boussinesq
approximation is valid, the temperatures of the hot and cold
isothermal walls are taken as 303 and 283 K, respectively,
giving a temperature difference of 20 K, for all the numerical
simulations performed. Under the approximations just
described, the buoyant air flow is assumed to be steady and
two-dimensional so that laminar conservation equations of
mass, momentum, and energy can be written as:
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The grid structure used in the computations for base angle
of 30o is given in Figure 2.
Figure 3 presents streamlines and isotherms for the base
angle of γ = 75° and Ra = 103, 104 and 105. This angle
corresponds to the value of the aspect ratio of 1.87. The flow
rises in the center of the enclosure and falls along each cold
inclined side walls creating re-circulating eddies. This period
continues by generating two symmetric streamline cells with
right one rotating clockwise and the left one rotating anticlockwise as shown in Figure 3(a). With increasing Rayleigh
numbers, the qualitative shape of the streamline patterns
remain similar to each other. Two symmetrical re-circulating
eddies are preserved for all Rayleigh numbers. Graphics of
temperature distribution reveals that heat transfer mode is
conduction dominant for Rayleigh numbers 103 and 104. As
can be seen from Figure 3 (c), convection effects appear for
Ra=105. For this aspect ratio, the fluid is nearly stagnant at the
vicinity of the upper apex of the triangle and the temperature
gradient is lower on the upper side of the triangular enclosure.
For this high value of aspect ratio, it is seen from the figures
that the air in the upper part of the cavity is nearly isothermal
and its temperature is equal to the temperature of the cold
walls. The lengths of the cold isothermal region on the Y-axis
are 58%, 57% and 43% of the entire height of the triangle,
corresponding to the Rayleigh numbers of 103, 104 and 105,
respectively. In this cold isothermal region, the buoyancy
forces are small, as well as heat fluxes through the inclined
walls. A high temperature gradient occurs in the lower section
of the triangular region, especially near the edges of the
bottom wall. As shown in Figure 3 (c), at the middle section
of the hot bottom wall, the temperature contours are shifted to
the upper vertex for Ra=105.

Fig. 2 Grid used in the computations

The streamlines and isotherms for the base angle of γ =30°
are presented in Figure 4 for Rayleigh numbers 103, 104 and
105. Two symmetrical re-circulating eddies are filled almost
entire of the isosceles triangular enclosure for Ra=103, as
shown in Figure 4 (a). The most significant difference from
the previous cases is the asymmetrical streamline patterns and
isotherms acquired in Figure 4 (c) for Ra= 105. Moreover,
multi-cellular streamline structures are observed. Two main
hot thermal plumes exist. The center cell rotates clockwise,
whereas the cells to the left and right of this center cell rotate
counter clockwise. For this reason, the left plume is greater
than the right one. Between these two hot plumes, there is a
cold plume falling from the upper surfaces. Multi-cellular
streamline pattern increases the mean Nusselt number and the
heat transfer along the walls. The lengths of the cold
isothermal region on the Y-axis are 13%, 7% and 5% of the
entire height of the triangle, corresponding to the Rayleigh
numbers of 103, 104 and 105, respectively.
Figure 5 represents streamlines and isotherms for γ =15°
and Ra = 103, 104 and 105. This angle corresponds to the value
of aspect ratio of 0.13. This is the smallest aspect ratio
investigated in the present work. Two symmetrical recirculating eddies are observed. The multi-cellular and
asymmetrical streamline patterns are acquired for these
Rayleigh numbers. Moreover, the isotherms are also
asymmetrical. Six re-circulating cells are observed in Figure 5
(b). By the inspection of the isotherm contours, three hot
plumes rising up to meet the cold inclined walls are detected.
Among the hot plumes, there are two cold plumes falling from
the upper surfaces. This temperature contours cause nearly
symmetrical multi-cellular streamline patterns. For the highest
Rayleigh number, i.e. Ra = 105 ten circulation cells are
detected as seen in Figure 5 (c). A central circulation cell
rotating counter clockwise exists near the midplane of the
triangular enclosure with clockwise rotating cells to either side.
Five plumes alternately rise and fall throughout the triangular
cavity. The lengths of the cold isothermal region on the Y-axis
are 8%, 4% and 2% of the entire height of the triangle,
corresponding to the Rayleigh numbers of 103, 104 and 105,
respectively.
For Ra=103, conduction dominant heat transfer is seen. For
Ra=104, a transition to convection dominant heat transfer
together with a multi-cellular flow pattern is observed. As

Rayleigh number increases, the number of the cells and the
effect of convection on heat transfer augment.

Fig. 3 Streamline and temperature distribution for γ = 75o
a) Ra = 103 , b) Ra = 104, c) Ra = 105

Fig. 4 Streamline and temperature distribution for γ = 30o
a) Ra = 103 , b) Ra = 104, c) Ra = 105

IV. CONCLUSIONS
In this work, laminar natural convection of air with Prandtl
number of 0.72 in triangular shaped cavities is analysed. The
change of the streamlines and isotherms at different Rayleigh
numbers ranging from 103 to 105 and for various aspect ratios,
i. e. base angles, are examined numerically and presented as
graphics. The effect of aspect ratio on natural convection flow
fields (streamline patterns) and isotherm contours at different
Rayleigh numbers is analysed.

Fig. 5 Streamline and temperature distribution for γ = 15o
a) Ra = 103 , b) Ra = 104, c) Ra = 105
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They disclosed that there was a threshold of shear stress and
below that value little or no particle removal took placed.
One of the other common impinging jet types is annular jet.
Travnicek and Tesar [10] performed an experimental study for
a mass transfer application of annular air jet acoustically
excited. They observed two different regimes as small and
large circular zones. In another study [11], they focused on
hysteresis of impinging annular jets and concluded that small
Reynolds number and small annular nozzle slots increased the
hysteresis. Yang et al. [12] conducted comprehensive
experiments to investigate the impinging annular jet
characteristics with and without swirl. They stated that the
Keywords— Impinging, coaxial jet, dimensionless flowrate ratio, flow shows simple round impinging jet characteristics at
pressure coefficient, nozzle-to-plate distance.
higher nozzle-to-surface distances. At shorter separation
distances, swirling flow leads to more non-uniform wall
I. INTRODUCTION
pressure and heat transfer distribution on the impinging
Impinging jet is one of the most preferred techniques for surface. Terekhov et al. [13] experimentally investigated flow
the thermal management and/or mass transfer applications in and heat transfer features of an impinging annular jet. They
industry. Some well-known usage areas can be listed as concluded that the values of the velocity and turbulent
cooling of turbine blades and electronic equipments [1], pulsations for the annular jet higher than the ones of the round
drying of paper and textiles [2], tempering of glass and metal jet.
sheets [3], anti-icing of aircraft wings [4] and food industry
A more complicated but interesting and promising type of
[5].
the impinging jets is obtained by combining the round and
Due to the wide range of the application areas, there has annular jet, in other words, it is the coaxial type jets. In
been an ongoing research interest on the subject. The most general manner, the regions of a coaxial jet was defined by Ko
known type of the impinging jet flow is the round (single- and Kwan [14] as initial merging region, intermediate region
circular) jet, in other words, the conventional one. Many of and fully-merged region. The initial merging region consists
the articles have been on this jet geometry. Cornaro et al. [6] of primary and secondary mixing regions and potential cores,
experimentally studied flow characteristics of a round jet and especially this region reflects the complex nature of flow
impinging on concave and convex surfaces. They investigated structure. However, as stated by Celik and Eren [15], coaxial
effects of relative curvature, nozzle diameter, nozzle-to- jets enhance potential core region and turbulence intensity at
surface distance and Reynolds number on the flow structure. the nozzle exit owing to the mixing of primary and secondary
Kim and Giovannini [7] experimentally investigated flow and flows. There are many geometrical and thermo-physical
heat transfer characteristics of a round jet flow impinging on a parameters influence flow structure and heat transfer
heated square cylinder. They underlined the relation between characteristics. Some of them may be summarized as nozzle
the flow field and heat transfer distribution. Yakkatelli et al. [8] shape (both inner and outer), dimensionless nozzle-to-plate
experimentally studied flow characteristics of an impinging distance, velocity ratio, impinging plate characteristics, fluid
round jet through smoke-wire flow visualization technique. properties and types, flow features (subsonic or supersonic),
They concluded that increasing nozzle-to-surface distance environment conditions, etc. One of the points to take into
increases the penetration of the flow to the heat sink. Young et consideration is the intended purpose of the jet. For example,
al. [9] investigated the relation between the shear stress and enhancement of the mixing of two different fluids and
the particle removal for an air jet impinging on a planar wall. controlling the flame characteristics are some of the main
Abstract— in this study, flow characteristics of an impinging
coaxial air jet issuing from a nozzle in the form of double-pipe
(outer annular gap and inner circular passage) are investigated
experimentally. Air is impinged on a circular plate. Various
values of the dimensionless nozzle-to-plate distances (H* = 0.2,
0.4, 0.6, 0.8, 1 and 1.2) and the dimensionless flowrate ratio (Q* =
0, 0.2, 0.5, 0.8 and 1) are considered at experimental tests, while
the total flowrate is constant at 1.66 x 10-3 m3 s-1 (100 l/min). The
radial distribution of the dimensionless pressure coefficient (CP)
is obtained. It is disclosed that the dimensionless nozzle-to-plate
distance and dimensionless flowrate ratio considerably affect jet
hydrodynamics.

goals of the available researches with regards to the coaxial
jets. For this purpose, many researchers focused on the coaxial
free jets related to burner design, flame stabilization,
combustion chambers, turbomachinery performance, acoustic
noise, etc. In this context, Champagne and Wygnanski [16]
experimentally studied flow field formed by two coaxial jets.
They changed the area of the inner and outer outlets, and thus
the velocity ratio. Kwan and Ko [17] focused on the initial
region of coaxial jets for three different velocity ratios. They
stated that primary vortices cause high frequency fluctuations
and pressure fluctuations are proportional to the square of the
velocity difference of the two jets. Baranovsky et al. [18]
investigated dynamics of coaxial supersonic turbulent reacting
jets of hydrogen and air at a low initial oxidation temperature.
They stated that combustion is occurred near the edge of the
inner nozzle where the most favorable region for mixing and
ignition. Lee and Mitrovic [19] focused on the flame
stabilization and stated that a coaxial jet flame configuration
provides a stable turbulent premixed structure. They also
concluded that increasing inner jet velocity increases the
turbulence intensity and this gradual increase from outer flame
to the inner flame leads to the stabilization of the flames.
Favre-Marinet and Schettini [20] experimentally investigated
density field of coaxial jets with regards to the large velocity
difference between the inner and outer jets. They underlined
the importance of flow dynamics in the near-field region on
the mixing phenomenon. Schumaker and Driscoll [21]
investigated coaxial turbulent jet flames in which oxygen is
the inner and hydrogen is the outer jet. They stated that the
primary mixing takes place in the near field. Lu et al. [22]
experimentally investigated the influence of particle mass
flowrate and the thickness of annular gap on particle bubbles
through high speed visualization technique. They concluded
that radial growth rate of the bubble is controlled by
superficial air jet velocity. New and Tsioli [23] performed
experimental studies based on inclined coaxial jets (45º and
60º). They stated that relatively wider annular gap can
suppress early self-excited oscillations (in the case of same
inner and outer velocities). Fang et al. [24] morphologically
explored the granular dispersion in a dense gas-solid coaxial
jet. They changed the wall thickness of the inner channel.
They concluded that for the same annular gas velocity the
non-dimensional wavelength increases and the amplitude
decreases with increasing wall thickness. Boualia et al. [25]
focused on a coaxial burner with three jets. They sent oxygen
through the central and outer holes, while fuel between them.
They concluded that the inner core depends on the central jet
displacement.
As it is seen from the above literature survey, the coaxial
jet studies generally focus on the applications related to the
combustion such as burner design, flame stabilization, mixing
of burning and burnable fluids, particle mixing in fluids
(chemical applications), etc. Therefore, they are free jet
studies. However, as also underlined by Spinato et al. [26],
impinging jets are one of the best/novel/influential cooling
techniques. In spite of this reality, there are only a few studies
related to the impinging coaxial air jets. Celik and Eren [15]

investigated heat transfer characteristics of impinging coaxial
air jets, but fluid flow characteristics of the coaxial free jets
(by removing the impinging plate). Celik [27] explored the
effect of surface roughness on the heat transfer in impinging
coaxial jets. As underlined by Yakkatelli et al. [8],
understanding of the fluid dynamics is very crucial for the
optimization of convective flow and heat transfer performance.
To the best of the author knowledge, there is a no detailed
study on the flow aspects of the coaxial impinging air jets in
the existing literature. The main objective of the present paper
is to experimentally investigate the fluid flow characteristics
of impinging coaxial air jet issuing from a double-pipe (outer
annular gap and inner circular passage) nozzle. The radial
variations of the dimensionless pressure coefficient (CP) are
obtained for various values of the dimensionless nozzle-toplate distance and dimensionless flowrate ratio.
II. EXPERIMENTAL SETUP AND TEST PROCEDURES
Figure 1 shows the schematic diagram of the experimental
apparatus. It consists of a screw compressor (1), an air tank
(2), manometers (3), valves (4), a filter and a dryer unit (5),
pressure regulators (6), precision adjusting valves (7),
rotameters (8) and a test section with measurement
instruments. The details of the test section and the nozzle are
given in Figs. 2 and 3, respectively.
There is a precision pressure regulator (FESTO LRP-1/410/159502) in the inlet of each flowline (see Fig. 1). Thus, the
flowrate of annular and round jets can be regulated separately.
After the regulators, sensitive adjusting valves are used for a
more precision setting of the flowrate. The flowrate for each
line is measured with rotameters (Cole-Parmer GY-32461-60).
The impingement plate is circular. Pressure taps with 0.5 mm
diameter were generated by drilling the centerline of the
impingement surface. Firstly, the middle point was drilled.
Then, the second tap on the right and left directions was
placed at 2.5 mm and 5 mm apart from the first one,
respectively. The other holes are placed 5 mm away from the
second taps on each directions. All the pressure taps were
connected to a scanning valve unit has one exit. The exit port
is linked to a high precision manometer (Modus, MA2-0501).
The circular plate is supported in a ball-bearing, and thus, it
can be rotated by 360º. There are twenty holes on the
impingement surface, and by rotating the plate 180º, thirty
nine readings could be performed for each tests with 2.5 mm
separations. Geometrical details for the test section are
presented in Table 1.
In an experimental run, the following steps are applied, as
summary: Nozzle-to-plate distance and flowrate (for each line)
are adjusted to the desired values. The flow is considered to
have reached the steady state condition when the pressure
distribution does not chance any further. Then, pressure
differences are read by the manometer and, another relevant
parameter is changed for the next test condition and the
procedure is repeated.

Figure 1. Schematic representation of experimental apparatus

Figure 2. The photograph of the test section

(a)
Figure 3. The full (a) and sectional view (b) of the nozzle

(b)

TABLE I
GEOMETRICAL DETAILS FOR THE TEST SECTION

Nozzle inner diameter (for round jet exit)

4 mm

Annular gap thickness

2 mm

Thickness of the separation wall
(between the round and annular exit)

1 mm

Impingement plate (surface) radius, ro

50 mm

Round jet exit area, Ar

12.57 mm2

Annular jet exit area, As

50.27 mm2

An uncertainty analysis was conducted according to the
procedure proposed by Kline and McClintock [28]. The
maximum uncertainty for the pressure coefficient, CP, was
found to be less than ± 4.6 %. The uncertainties related to the
measurements were obtained from the manufacturers’
specification sheets (the codes of the devices are given in the
text).
III. DATA REDUCTION
In the present study, two separate flow lines exist. One is
for annular jet and the other one is for round jet. Thus, the
total area and the total flowrate are defined, respectively, as
follows:

Atot  Aa  Ar

(1)

Qtot  Qa  Qr

(2)

where, A is the area, Q is the flow rate, while the subscripts
of tot, a and r represent total, annular and round, respectively.
By using the differential digital manometer, the pressure
difference between the pressure taps (local static pressure) and
the atmospheric air is read directly. Therefore, the pressure
coefficient can be obtained.

Cp 

2 P

 u m2

(3)

where, ΔP is the pressure difference between the pressure
taps and the ambient air, um is the mean velocity and ρ is the
density of air. The mean velocity can be obtained as in the
following equation:

um 

mtot
 Atot

(4)

where, mtot , is the total mass flowrate. Dimensionless
flowrate ratio, dimensionless nozzle-to-plate distance and
dimensionless radial distance are expressed, respectively, as
follows:

Q* 

Qa
Qtot

(5)

H* 

H
ro

(6)

R* 

r
ro

(7)

where, H is the distance between the impingement surface
and the nozzle exit, ro is the radius of the impingement plate
and r is the radial distance between the midpoint of any
pressure tap and the center of the impingement plate.
IV. RESULTS AND DISCUSSION
Experiments have been conducted for various values of
dimensionless nozzle-to-plate distance and dimensionless
flowrate ratio at a constant value of the total flow rate of 1.66
x 10-3 m3 s-1. Six different values are considered for the
nozzle-to-plate distance (H* = 0.2, 0.4, 0.6, 0.8, 1 and 1.2),
while five different values are tested for the dimensionless
flowrate ratio (Q* = 0, 0.2, 0.5, 0.8 and 1). The atmospheric
air is used as the working fluid.
Figures 4a to e show the variation of the dimensionless
pressure coefficient (CP) with the dimensionless radial
distance (R*) as a function of dimensionless nozzle-to-plate
distance (H*) for different values of the dimensionless
flowrate ratios (Q*). In the figures, R* = 0 represents the
center of the impingement surface, and its positive and
negative values represent left and right directions of the
midpoint, respectively. Figure 4a shows the only round jet
condition (Q* = 0). As it is expected, the classical single
circular jet characteristic is clearly seen from the graphs. For
each value of H*, there is only one stagnation point at the
direction of the nozzle axis, which suddenly decreases with
increasing radial distance (for both directions). Then, the local
pressure values approach the atmospheric value. The
maximum local pressure value (at the nozzle axis)
significantly decreases with an increase in the nozzle-to-plate
distance. This can be explained by the fact that the spreading
of the jet leads to a reduction in the kinetic energy at the jet
center [29, 30]. There are subatmospheric regions in the near
field of the impingement plate center. As pointed by Ozmen
[29], subatmospheric data is the evidence of a recirculation
region, and this statement is also supported by the outcomes
of Tummers et al. [31] and Fairweather and Hargrave [32].
However, increasing dimensionless nozzle-to-plate distance
makes the subatmospheric region weakened (decreases its
strength), even, the subatmospheric regions get lost at higher
distances (H* = 1.0 and 1.2). This is due to the decaying of the
fluid velocity caused by the spreading of the jet [29]. Figure
4b shows the results for Q* = 0.2. The plots reflect the similar
trends. However, the magnitude of the peak pressure value
and the strength of the subatmospheric zones decreases

compared to the condition of Fig. 4a. The conditions in Fig. 4c
can be called as the transition step in which secondary
stagnation points appear clearly at nearly R* = 0.2. Significant
variations are observed in Fig. 4d. There are multiple
stagnation points. The maximum local pressure value is
measured in the proximity of the midpoint of the impinging
plate (nearly at R* = 0.1). There are weak subatmospheric
zones at the lower values of the nozzle-to-plate distances
(H* = 0.2 and 0.4). The local pressures approach the
atmospheric value at approximately R* = 0.4. The magnitude
of the stagnation points decrease with increasing nozzle-toplate distance due to the reduction in the kinetic energy as a
result of jet spreading.
The general flow structures of the free coaxial jets
(discharging to the stationary air without any impingement
plate) were described and schematically drawn in the Refs.
[14, 16]. There are two different (primary and secondary)
mixing regions, and potential cores due to the inner and outer
jets in the near field of the jet exit. Then, these regions interact,
and as stated by Champagne and Wygnanski [16], the flow
becomes entirely turbulent and developing in the downstream
direction until the jet becomes identical to the simple
axisymmetrical free jet. The primary and secondary stagnation
points can be prominently seen in Fig. 4. These kinds of peaks
in the pressure can be attributed to the vortices or coherent
structures in the jet flow, and the position of the peak pressure
value is where the vortices convect downstream [14]. Fig. 4e
represents the annular jet condition, in other words, all the
fluid flows inside the annular gap. For H* = 0.2, a typical
annular jet configuration appears with the two maxima [13],
while the situation is a bit different for the other nozzle-todiameter distances. In the other conditions, the primary
stagnation points occur at R* = 0. Also, the pressure
distribution on the impingement surface becomes more
uniform with increasing nozzle-to-plate distance. In other
words, the magnitudes of the pressure values get closer to
each other in the positive pressure region (-0.25 < R* < 0.25).
From Fig. 4a to Fig. 4e, it is seen that a significant
reduction in the maximum value of the local pressures is
obtained as the dimensionless flowrate ratio increases. As it is
noted above, the total flowrate has been kept constant, and it
has been directed to the round exit and annular gap exit in
different ratios. Thus, jet spreads by increasing Q*, which
causes a decrease in the kinetic energy at the jet center.
Therefore, maximum value of the local pressure is decreased
with an increase in Q*. The flowrate ratio, or in a different
form, the velocity ratio of the inner and annular jet velocities
(or vice versa) is one of the most important parameters in
coaxial jets. As it is seen from Figs. 5a to f, in general manner,
up to Q* = 0.8, pressure coefficient peaks at the center of the
impingement surface (R* = 0) as it does for the simple single
round jet. However, nozzle-to-plate distance is a critical
parameter affecting the general trend (see Fig. 5b). Especially
for Q* = 0.8 and 1.0, the experimental results show different
characteristics. In Fig. 5a, primary and secondary stagnation
points are seen clearly. Here, the primary stagnation points do
not occur at the center of the plate. These findings are

compatible with the ones of the Ko and Kwan [14]. They
observed that the probable location of the primary peak values
were inside the primary or inner mixing region. Similarly, the
locations of the secondary peaks were inside the secondary
mixing regions. Therefore, it may be stated that the relevant
conditions correspond to the initial merging zone defined by
Ko and Kwan [14]. With increasing Q*, the primary jet begins
to loss its dominance. This can be attributed to the reduction
in shear in the primary mixing region and the increase in shear
in the secondary one, as it was stated by Ko and Kwan [14].
However, as it is seen from the Figs. 5d to f, more complex
structures are obtained for Q* = 0.8 and 1.0. The magnitudes
of the local pressures are close to each other and the pressure
coefficient distribution is more fluctuating in the range of
-0.4 < R* < 0.4. However, based on the difference between
the magnitudes of the oscillations, the pressure coefficient
distribution is more uniform in the relevant range. Beyond the
mentioned range, the local pressures approach the atmospheric
value. In the present study, the flow physics are more complex
due to the obstacle in front of the flow (compared to the free
jet studies).
Another important issue is related to the subatmospheric
zones. Their strength significantly decreases with increasing
dimensionless flowrate ratio, and also, they get lost at higher
values of the Q*. The behavior of the pressure gradient (being
negative and positive) in the subatmospheric regions is
important for the separation of the flow. The positive pressure
gradient separates the flow from the surface [29, 33].
V. CONCLUDING REMARKS
In this study, flow characteristics of impinging coaxial air
jet issuing from a nozzle in the form of double-pipe are
investigated experimentally. The basic results can be
summarized as in the following:









For the single circular/round jet flow (Q* = 0), the
maximum local pressure value (at the nozzle axis)
significantly decreases with an increase in the
nozzle-to-plate distance, as it is expected.
Increasing dimensionless nozzle-to-plate distance
weakens the subatmospheric region, even, the
subatmospheric regions get lost at the higher
distances (H* = 1.0 and 1.2).
Increasing Q* results in a significant decrease in the
maximum value of the local pressures.
More complex structures have been obtained for
Q* = 0.8 and 1.0. It is observed that the magnitudes
of the local pressures are close to each other and the
pressure coefficient distribution is more fluctuating
in the range of -0.4 < R* < 0.4. However, based on
the difference between the magnitudes of the
oscillations, the pressure coefficient distribution is
more uniform in the relevant range.
It is also disclosed that the strength of the
subatmospheric zones significantly decreases with
increasing flowrate ratio, and, eventually they get
lost at higher values of Q*.
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Figure 4. Variation of the CP with R* as a function of H* for different Q*.
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Figure 5. Variation of the CP with R* as a function of Q* for different H*.
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Abstract— Nowadays, the use of robot technologies have become
widespread. Robots that have been confronted in many sectors
have also been used in surgical operations in recent years. RCM
(Remote Center of Motion) mechanisms take the place of these
robots, which have less space-consuming and specially designed
for operation. The greatest advantage of these mechanisms are
reduced space requirements and lower maintenance costs.
In this study, some of the RCM mechanisms used in surgical
operations are mentioned. A unique surgical robot design that is
not in the literature of robots used for laparoscopic surgical
purposes has been described. Lagrange mechanics was used to
obtain dynamic equations of robot. The robot was designed with a
3D design program and its motion examined. The robot was
controlled using the fuzzy control method. MATLAB software has
been used for robot control. Dynamic equations obtained by
Lagrange were used in fuzzy control. Fuzzy parameters used
during control were optimized using genetic algorithm. The fuzzy
control graphs obtained with MATLAB were given in the result
section.

the working zone. For this reason, it can be said RCM point’s
position is fixed. However, although body structure during
operation assumed to be constant, as a result of very small
movements happen resulting from the organism's liveliness, for
precision surgical applications, researchers tend to develop
mechanisms as RCM point moving. For this purpose, Hybrid
(Serial-Parallel) mechanisms have emerged. In the hybrid
mechanisms, working around the RCM point performed by the
serial module, shift the RCM point is performed by the parallel
module. In this way, requiring very small linear movement and
host rotate around incision point such as eye operations,
surgical success is increases [1].

Keywords— Surgical robot, RCM mechanism, Lagrange motion
equations, Fuzzy control

This kind of RCM mechanisms is usually acted as a basic
component of 2 degree of freedom (DOF) or multi-DOF RCM
mechanisms because of its simple structure. The most familiar
RCM mechanisms in applications are based on a parallelogram
structure, which can easily compose 2-DOF RCM mechanisms.
Fig. 1a-f shows a basic configuration of parallelogram-based
RCM mechanisms. [2].

I. INTRODUCTION
Nowadays, surgical applications, entering the body through
a small incision with laparoscopic procedures are performed
and are expanding the use of robots for these operations. In
existing systems, conventional robots are used for the body.
Surgical procedure is carried out by a separate mechanism
which is attached to the end of the robot and robot is used to
positioning this mechanism. These mechanisms are called
Remote Center of Motion (RCM) mechanism [1].

II. LITERATURE
Surgical robots designed up to the day are examined. Some
of them are given as example.

A. Parallel RCM Mechanisms

The purpose of the RCM mechanism, provide rotating
around the incision point to prevent potential damage of the
body tissue by the robot. Instruments enter through this incision
point into the body with mechanical control and the robot works.
For reasons such as robots in the operation field covering
many places, the difficulty of controlling and maintenance the
robot, focuses on fixing the RCM mechanisms to working area
and direct drive. For this purpose, two different mechanisms
Fig. 1 Parallelogram-based RCM mechanisms [2]
profile as a parallel and spherical are developed. In addition,
the spherical mechanisms are designed in two different profiles
RoboMaster1: In this study, Hadavand at al. studied on a
as serial and parallel. In the aforementioned method, double parallelogram robot called RoboMaster1. A main
mechanism is fixing either end of a robotic arm or directly to

feature of the double parallelogram mechanism which looks
attractive at the first glance is the fact that the center of rotation
is located at a tunable distance from the body of the mechanism.
So, this mechanism can be efficiently transfer the remote center
of rotation to the back of surgeon’s hand without limiting
surgeon’s maneuvers. For having a stable RCM mechanism,
they added another double parallelogram to the mechanism
with some offset from the first one as is illustrated in Fig. 2 [3].

Fig. 4 PROMIS RCM mechanism [5]

Fig. 2 RoboMaster1 [3]

Development of a Novel Mechanism for Minimally Invasive
Surgery: In this paper, a novel robotic system that can assist
minimally invasive surgery is proposed by Wang at al. The
system has two subsystems: a 3-DOF arm part and 4-DOF
instruments. The arm part has a new remote center-of-motion
mechanism, while the 4-dof instruments with the diameter
8mm can increase the dexterity during the surgery. The
structure of the double parallelogram is simple, and it can fulfill
the requirements of the incision point constraints without extra
degree of freedom. So it is adopted in many MIS robot systems
as the arm part (Fig. 3) [4].

Curved RCM Arm: Disclosed is a linkage structure for a
surgical robot arm. The first, second and third axes being
formed such that extended lines of the three axes are
concentrated on a predetermined point of a fore-end of the
instrument. An active type RCM of robot arm according to the
present invention allows a fore-end of an instrument to freely
pivot around an incision point of the instrument without
injuring tissues and to perform precise spherical motion (Fig. 5)
[6].

Fig. 5 Curved RCM robot arm [6]

Fig. 3 Mechanism for MIS robot [4]

The Spherical Laparoscope Holding Robot: The spherical
parallel laparoscope holding robot shown in 4. Its most special
feature is that all three branches move on the surface of a virtual
sphere. In other words, the rotation center is located at the
incision point, where all of the rotational axes coincide. When
the incision point is matched to the center of the virtual sphere,
the laparoscope could rotate about that point without damaging
the incision hole (Fig. 6) [7].

B. Spherical RCM Mechanisms
Promis: Laribi at al. work on developing a compact system
for robot-assisted surgery. A PROMIS (Prime RObot for
Minimally Invasive Surgery) system is designed for
collaborative operation between the surgeon and the robot. The
mechanism under study is member of a class of spherical
mechanism in which all the links rotation axes intersect at a
single point located at the center of the mechanism which
shown in Fig. 4. The pivot point makes the spherical
mechanism a natural candidate [5].
Fig. 6 The schematics drawing of the spherical robot platform [7]

Accurate Linked Mechanism: Yousef and Aiash studied on
designed a compact mechanism to enable manipulation about a
pivot point, different kinds of surgical tools which are
commonly used in minimally invasive surgery such as therapy
laser delivery tools, biopsy and bracytherapy needles. The robot
comprises two arcuate links as shown in Fig. 7 and a sliding
block that is used as a tool adapter. The tool is inserted to pass
through the sliding block. Each arcuate link consists of doublecurved guidance rods parallel to each other [8].

Fig. 7 The proposed robot with a surgical tool [8]

C. Hybrid RCM Mechanisms
Eye Robot 2 (ER2): In this study, Üneri at al. present the
design of a new generation, cooperatively controlled
microsurgery robot with a (RCM) mechanism and an integrated
custom micro-force sensing surgical hook (Fig. 8). A parallel
six-bar mechanism has implemented that mechanically
provides the isocentric motion, which minimizes the translation
of XYZ stages. The resulting robot manipulator consists of four
subassemblies. XYZ linear stages for translation;
b) a rotary stage for rolling
c) a tilting mechanism with a mechanical RCM and
d) a tool adaptor with a handle force sensor. [9]

III. DESIGNED SURGICAL ROBOT
Literature of robots used for surgical purposes has been
scanned and an original surgical robot which is not in literature
has been designed.
Robots to be used in surgical operations must be fixed. The
patient also needs to be fixed to ensure that the required center
of rotation is not moving. In this study, the mechanism has 4
degrees of freedom and the RCM point is designed to be
controlled vertically downwards, and the patient's obligation to
fix has been abolished. All parts of the designed robot were
created with 3 dimensional design program, solid model
assembly of the robot was obtained and animations were
realized.
The designed manipulator has an original design capable of
both serial and parallel motion. It is aimed at achieving a wider
working volume at depth by performing the movements
vertically downward. In the design phase, it is aimed to
expressing both kinematic and dynamic equations in a simple
way, and providing convenience in mathematical operation.
Mathematical expressions of a mechanism with circular joint
are more complex and controllability of the circular
mechanisms is more difficult than mechanism in which has
linear joints. Therefore, linear joints are predominantly
preferred in the designed system.
With this design, the system will not be mounted on the
operating table but will be positioned in the upper areas of the
table, and then the operational manoeuvre area of the health
personnel and the operator working during the operation will
be expanded and the operational capability will be increased.
Mounting state of the designed robot is shown below.
Depending on the robot's limbs and the strokes of the linear
motors to be used, the working space of the robot has been
observed in a 3D environment.
The symbolic design of the mechanism is shown in Fig. 9
and Fig. 10.

Fig. 8 ER2 robot and close up view of its end effector [9]

None of the mechanisms mentioned in the literature except
the hybrid mechanisms, the RCM point cannot set. Especially
the structure of parallel mechanisms does not allow this. In
hybrid mechanisms, the working parallel mechanism is
positioned via a serial manipulator, so that the RCM point can
be shifted. This increases the number of degrees of freedom of
the mechanism and therefore the number of motors and limbs
that need to be controlled.

Fig. 9 Design of the mechanism

The aim of the designed mechanism is to change the angle
made by horizontal rotation of the cannula passing through this
point without losing the center of rotation point, which is
defined as RCM point, and also to rotate the cannula around
this point.
The variables used when moving cannula are the cannula
angle "ϕ", the rotation of the robot about Z axis "q2", the
displacements of the motors that move the holders vertically
"q1" and "q3" and the amount of cannula advance "q4". This
variables are shown in Fig. 12.

Fig. 10 Design of the mechanism

Fig. 9 shows the front view of the mechanism, and Fig. 10
shows the isometric view of the mechanism.
The upper holder is mounted on linear motor No. 3, the lower
holder is mounted on linear motor No. 1. The cannula passes
through the cannula bearings which are mounted in these
holders. The vertical movement of the linear motors 1 and 3
changes the "ϕ" which is the cannula angle. Linear motor
number 3 is mounted on linear motor number 1. The placement
of this component is shown in Fig. 11.

Fig. 12 Schematic representation of the mechanism

IV. KINEMATIC EQUATIONS OF THE ROBOT
The positions of the 4 points specified on the robot are as
follows which are shown in Fig. 12.

A 0, 0, q1  q3  b 

B a  c  cos q 2 , a  c  sin q 2 , q1  q3 

C d cos q 2 , d sin q 2 , q1 
D 0, 0, q1 

The position equations of the robot end point P (x, y, z) are
given below.

Px  d  q 4 cos  cosq 2 

Py  d  q 4 cos  sin q 2 

Fig. 11 Placement of linear motors and cannula holders

Pz  q1  q 4 sin  

4. Motion equation is

The Energy equations of the robot are as follows.

4  m3 q

1cos 
m3 q
1 sin   m3 q

Potential energy of the robot;
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Lagrangian equation is

L  T V

Euler-Lagrange differential equation is

d  L  L


 Fi
dt  qi  qi
The motion equations obtained after the solution with Euler
Lagrange function are as follows.



V. FUZZY CONTROL OF ROBOT
Fuzzy control provides a formal methodology for
representing, manipulating, and implementing a human’s
heuristic knowledge about how to control a system.
Fuzzy systems have been used in a wide variety of
applications in engineering, science, business, medicine,
psychology, and other fields. For instance, in engineering some
potential application areas are Aircraft/spacecraft, Automated
highway systems, Automobiles, Autonomous vehicles,
Manufacturing systems, Power industry, Process control,
Robotics, etc.
The fuzzy controller block diagram is given in Fig. 13, where
shown a fuzzy controller embedded in a closed-loop control
system. The plant outputs are denoted by y(t), its inputs are
denoted by u(t), and the reference input to the fuzzy controller
is denoted by r(t).

1. Motion equation is

m1  m 2  m3 q1  m 2  m3 q 4 cos  q3

 2 m 3 q 4cos   m 3 q 4 q3cos   m 3 q 42 sin 

 m1  m 2  m3 g  F1
2. Motion equation is





2  m 3 q
2 d 2  q 42 cos 2   2 dq 4 cos 
J m q
 m q 2 q q cos 2   2 m q q 2 cos  sin 
3

2

4

4

3

2

4

 2 m 3 q2 d q4 cos   2 m 3 q2 q 4sin    2
3. Motion equation is

m

q  m


 m 3 q 4 cos  q
1
 2 q4
  q 4 q3 q 4
 q1cos  

 m3 q 4 
  q sin 

 1

 m 3 q1 q4 cos 
2

 m 3 q 42

2

3

2

  q22 q42 cos  sin   q22 dq 4 sin  


 sin  
q 42 q1 q4 cos   q1 q 4
 m 3   
  q g cos 

 4

 m 2 g  F3

Fig. 13 Fuzzy controller architecture

The fuzzy controller has four main components: (1) The
“rule-base” holds the knowledge, in the form of a set of rules,
of how best to control the system. (2) The inference mechanism
evaluates which control rules are relevant at the current time
and then decides what the input to the plant should be. (3) The
fuzzification interface simply modifies the inputs so that they
can be interpreted and compared to the rules in the rule-base.
And (4) the defuzzification interface converts the conclusions
reached by the inference mechanism into the inputs to the plant.
Basically, you should view the fuzzy controller as an
artificial decision maker that operates in a closed-loop system
in real time. It gathers plant output data y(t), compares it to the
reference input r(t), and then decides what the plant input u(t)
should be to ensure that the performance objectives will be met.
MATLAB program was used for robot control. After the
Fuzzy control algorithm is written, the differential equation is
solved by the RUNGE KUTTA method. The fuzzy parameters
obtained are optimized by genetic algorithm method. The
parameters of each membership functions are given in Table 1:

Table 1. Membership function parameters

1

2

3

4

5

6

p1

11,8

2142,2

496

6,6

1895,6

1,8

p2

2,8

328,5

886,6

42,4

1988,2

2,4

p3

16,3

100,2

593,6

0,5

1020,5

15,6

p4

0,5

449,2

181,7

8,13

287,7

3,91

The graphs of the control signals (Ui) for the system are shown
in Fig. 17.

The graphic of fuzzy logic control input membership
functions is shown in Fig. 14.

Fig. 14 Input Membership functions

The graphic of fuzzy logic control output membership
functions is shown in Fig. 15.

Fig. 17 Control signals

Fig. 15 Output membership function

Position-settling time graphics for each motor is shown in Fig.
16. As can be seen from the graphs, the longest settling time is
about 0.7 seconds.

VI. CONCLUSIONS
In this study, it has been mentioned a robot which is designed
to be used in laparoscopic surgery. The most important feature
of the robot is that the motions are realized as vertical as
possible and the dynamic loads are reduced. The design was
mostly created using linear joints. The only rotary joint used to
provides the rotation of the robot. That is, the rotation of the
point P (x, y, z) depends only on the rotary motor. Thus the
motion equations are obtained in a very simple way [1].
The purpose of the robot is to turn and orient the cannula
around the RCM point. It is also possible that the RCM point
can be adjusted instantaneously in the vertical axis with the
realized design. This will be especially effective in minimizing
any mistakes that can occur during a surgical operation. The
robot does not take up space in the field of operation thanks to
its structure, so there is more working area for the operation
staff.
As the position graphs were examined, it was seen that the
robot has arrived at the determined position quickly. The
average settling time is 0.5 seconds and the longest settling time
is about 0.7 seconds.
In the control signal (Ui) graphs, it is seen that approximately
0.7 seconds later all torque values are set. Torque values are
shown as about 32 N for motor 1, 0 N for motor 2, 9.5 N for
motor 3, and 1 N for motor 4 at the end of 0.3 second.
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Abstract— The renewable energy consumption of Europe
and Eurasia countries was investigated by using the
multivariate statistical methods. Renewable energy sources
including geothermal, biomass and other resources like waste
were collected during the period of 2006 to 2016. When factor
analysis was used for the renewable energy sources dataset,
three factors which were dependable from the 92.273% of
total variance. Cluster analysis composed eleven years into
three clusters under the relationship of renewable energy
sources consumption. Based on the years, it was observed that
renewable energy consumption has been increasing annually.
Finally, this paper presented that the multivariate statistical
methods in helping result makers in renewable energy
consumption.
Keywords— Renewable energy consumption, Europe and
Eurasia countries, multivariate statistical methods, factor
analysis, cluster analysis

I. INTRODUCTION
Energy is a vital factor in the world. Fossil fuels such as
oil, natural gas and coal are reflect to be the most effective
drivers of financial growth [1]. Social and financial
developments in the last fifty years have speedily increased
the demand for fossil fuels [2-3]. The exhaustion of fossil
fuel, the increased energy require and the necessitate to
achieve the sustainable development goals are the
significant reasons which inspire countries to encourage the
renewable energy sources.
Climate change is one of the complex challenges facing
the world nowadays and preventing will need deep changes
in the way we produce, distribute and consume energy [4].
Many countries seen with energy safety and
environmental challenges are, then, forced to look for
alternative energy to fossil fuels. Renewable energy
sources are currently being measured as alternatives to
fossil fuels, because they are perpetual, environmentally
friendly, and discharge small amounts of greenhouse gases
to the atmosphere [5]. Certain renewable, including
hydropower, geothermal, and biomass are reliable, and so
there is no hesitation about their contribution toward

decrease of greenhouse emissions [6]. Thus, renewable
energy is one of the important issue in the world.
In this paper renewable energy consumption is assessed
by using multivariate statistical analysis method. This study
involves four sections; the subsequent section explains the
material and methods, the third section is about the result
and discussion and the final part represents the conclusion.
II. MATERIAL AND METHODS
A. Data Description
Renewable energy consumption data were obtained from
19 countries for the length of 11 years and these data were
obtained from BP Statistical Review of World Energy. The
countries for the examination of renewable energy
consumption are Europe and Eurasia including Germany,
Czech Republic, Switzerland, France, Italy, Portugal,
Slovakia, Belgium, Turkey, United Kingdom, Poland,
Spain, Denmark, Finland, Austria, Hungary, Netherlands,
Russian Federation and Sweden. The dataset descriptions
were investigated by using the multivariate statistical
techniques.
B. Multivariate Statistical Analysis
In this study, renewable energy consumption dataset
were performed multivariate statistical analysis techniques
including factor analysis (FA) and cluster analysis (CA).
1) Factor Analysis
The aim of factor analysis is to decrease the addition of
less important variables and to shorten of dataset. This aim
can be achieved by turning the axis defined according to
fine constructed system and established new variables.
Accordingly, a small number of factors will computation
for nearly the same amount of knowledge as the original
dataset [7-8]. The factor analysis is given below:

z ji  a f 1f1i  a f 2f 2i  a f 3f3i  ...  a fm f1m  efi

where z is the calculated variable, a is the factor loading,
f is the factor score, e is the residual term, i is the sample
number and m is the total number of factors.
2) Cluster Analysis
Cluster analysis is an important method for solve a
categorization problems. The analysis divides the data set
into useful clusters. Thus, the relationship among members
of the same cluster is strong and the relationship among
members of dissimilar cluster is weaker [9]. In this analysis,
similarities and differences are quantified by Euclidean
distance calculations. The distance between two objects, i
and j, is given below.
m

d    zik  z jk 
2
ij

where

The parameters, loading for three factors from the factor
analysis of the dataset, are given in Table 1. Parameters
were grouped according to factor loadings and the
following factors were given below;
Factor 1: Spain, Italy, Finland, Czech Republic,
Switzerland, Slovakia, United Kingdom, Turkey, Germany,
Portugal, France, Poland, Denmark and Belgium
Factor 2: Sweden, Hungary and Austria
Factor 3: Netherlands and Russian Federation
TABLE I FACTOR LOADING MATRIX

2

k 1

dij2 is the Euclidean distance, z ik and z jk are the

values of k for i and j, and m is the number of variables
[10-11]. Euclidean squared distance and the Ward linkage
method are used to obtain dendrogram.
III. RESULT AND DISCUSSION
Renewable energy consumption of Europe and Eurasia
countries were grouped by using the factor analysis.
According to factor analysis results, majority of the total
variance of the dataset has been investigated by the first
three factors. Three factors were explaining 92.273 % of
the variance in the dataset.
The scree plot is given by Figure 1.

Spain
Italy
Finland
Czech Republic
Switzerland
Slovakia
United Kingdom
Turkey
Germany
Portugal
France
Poland
Denmark
Belgium
Sweden
Hungary
Austria
Netherlands
Russian Federation

Component
1
2
0.966
0.926
0.899
0.895
0.879
0.873
0.862
0.850
0.839
0.813
0.806
0.769
0.700
0.686
0.857
0.833
0.822

3

0.914
0.823

The renewable energy consumption years of Europe and
Eurasia countries were analyzed by using cluster analysis
in this paper to determinate similarities between countries.
The cluster analysis result can be seen in Table II. This
dendrogram were given in Figure 2.
The figure 2 was illustrated that three groups of objects
has similarities. Based on the results of cluster analysis, it
was concluded that: Cluster-1: 2006, 2007, 2008 and 2009;
Cluster-2: 2010, 2011 and 2012; Cluster-3: 2013, 2014,
2015 and 2016. Based on the years, it was observed that
renewable energy consumptions has been increasing
annually (Figure 3).
Figure 1. Scree plot

Figure 3. Renewable energy consumption according
to years
Figure 2. Dendrogram of years

IV. CONCULUSION

TABLE II CLUSTER ANALYSIS RESULTS

Step

Number
of
Clusters

Similarity
Level

Clusters
Joined

1
2
3
4
5
6
7
8
9
10

10
9
8
7
6
5
4
3
2
1

99.5074
99.1180
99.1012
97.8841
97.4045
93.7966
92.3007
82.6278
56.9837
-89.3103

10
2
5
8
2
5
1
8
1
1

11
3
6
9
4
7
2
10
5
8

New
Cluster

Number
of Obs.
New
Cluster

10
2
5
8
2
5
1
8
1
1

2
2
2
2
3
3
4
4
7
11

In this paper, renewable energy consumption of
Europe and Eurasia countries were grouped by using the
factor analysis. According to factor analysis results three
factors were determined. After, the renewable energy
consumption years of Europe and Eurasia countries were
analyzed by using the cluster analysis. Cluster analysis
results were determined three groups of the years. Based on
the years, it was observed that renewable energy
consumptions has been increasing annually.
[1]

[2]
[3]
[4]
[5]

[6]

[7]

[8]
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Abstract— New methods that provide low cost and high efficiency
are being developed day by day to meet increasing energy
consumption all around the world. Transesterification of fatty
acid methyl ester (FAME) is the most known production method
of biodiesel which has a growing popularity in the renewable clean
energy sector. Various catalysts are being developed to increase
conversion efficiency of transesterification process. There are lots
of studies are being carried about using waste materials as an
alternative energy source that is an efficient way to reduce energy
costs and protect environment. Among the heterogeneous
catalysts obtained by various methods, calcium (Ca) based
catalysts are highly preferred in the transesterification reaction
because of their high catalytic activity and easy accessibility. Egg
is one of the most over-consumed foodstuff across the world and
has an egg shell that is rich in terms of Ca. Calcium oxide (CaO)
catalyst which is synthesized by calcination of egg shells is used to
evaluate waste shells and increase the quality of reaction. In this
study efforts have been taken to review the studies that are about
the biodiesel production from vegetable oil using CaO, a bio-based
catalyst. Conversion efficiencies, catalyst synthesis and reaction
conditions that were obtained from reviewed studies are
investigated and optimum experimental conditions were
determined.
Keywords— Biodiesel, Egg Shell, Calcium oxide, CaO, Bio-based
catalyst

I. INTRODUCTION
Nowadays, researchers have focused on biofuels such as
biodiesel and bioethanol as an alternative to conventional fossil
fuel [1]. Among lots of renewable energy sources (such as
hydrogen, solar, wind and others), biodiesel is one of the most
well-known alternative fuels due to its clean, renewable and
environmet friendly nature [2]. Besides, biodiesel presents
many advantages such as a high cetane number, high flash point,
quality lubricity, low viscosity, biodegradability and
environmentally friendliness [3], [4]. Although there are many
methods in biodiesel production, the easiest and most costeffective
method
is
transesterification
[5]-[7].
Transesterification is the reaction of vegetable or animal fats
with a short chain alcohol in the presence of catalyst to form

FAME and glycerol [8], [9]. The purpose of this reaction is
produce less viscose and more volatile fuel [10], [11]. The
transesterification process has some difficulties due to presence
of free fatty acids (FFA) and water. Thus requires high quality
raw materials to avoid side reactions and saponification [11],
[12]. Transesterification can be catalyze with alkali, acid or
enzyme catalysts. Each has various advantages and
disadvantages so, it will be correct to choose according to raw
materials and working conditions [13]. These are basically
divided into two classes as homogeneous and heterogeneous
catalysts [9]. The conventional catalysts are alkali metal
hydroxides and alkoxides namely homogeneous strong bases
and homogeneous acids such as H2SO4 [11], [14]. Alkalicatalyzed transesterification is much faster than acid-catalyzed
[15]. Homogeneous base catalysts generally cause to corrosion
in the equipment and also leading to the formation of undesired
by-products that requires separation steps. This extra separation
step increases the cost. Homogeneous acid catalysts are
difficult to recycle and operate at high temperatures. They also
cause corrosion and serious environmental problems. Novel
technologies that cope with problems such as corrosion and
toxicity related to homogeneous catalysts are based on the use
of heterogeneous catalysts in the transesterification process [4],
[14], [16]. In this study efforts have been taken to review the
studies that are about the biodiesel production from vegetable
oil using CaO, a bio-based catalyst.
II. HETEROGENEOUS CATALYSTS
Solid catalysts can be examined in two titles, acidic and basic.
Basic catalysts are metal oxide, mixed oxide and hydrotalcite
[13], [17]. On the other hand, transition metal oxide, ion
exchange resin, carbon based catalyst and zeolites are among
the acidic catalysts [18]. Although the preparation of high-yield
solid catalysts is complex and costly, the benefits of being
environmentally friendly, reusable in continuous processes,
either directly or as a result of additional processing, and long
catalyst life can be counted as advantages [7], [9], [14]. These
catalysts neither dissolve nor deplete in the reaction mixture,
which makes it easier to leave the product after

transesterification [19]. The recovered catalyst can be reused in
the reaction so that the cost associated with catalyst
consumption is reduced [1]. As a result, purification of the
products is simplified because no washing with water is
necessary to separate the catalyst, and a very high ester yield is
obtained near the theoretical value [13]. Thus, glycerol is
produced directly in high purity (at least 98%) and does not
contain any salt contaminants [4], [20].
Catalyst manufacturing cost can be a critical factor in
industrial applications. In order to make the biodiesel
production process economically and ecologically suitable, an
efficient and cheap catalyst production is required. In this way,
it is demanded that the price of the final product be reduced to
a level that can compete with petroleum diesel [21]-[23]. The
presence of three unmixed phases in the use of solid catalyst
(solid catalyst-alcohol-oil) limits the mass transfer efficiency,
thereby reducing the reaction rate [3]. In addition, most of the
solid catalysts have problems such as a small number of active
sites, micropores, high cost, non-renewable sources and not
being environmentally friendly [1], [24]. Therefore, it would be
beneficial to produce a low cost solid base catalyst having an
active surface area and a large pore diameter in order to
eliminate all these disadvantages [1], [25].

A. Bio-based CaO Catalyst
Bio-based catalyst is defined as a type of catalyst derived
from natural sources such as biomass. Recent studies have
shown that biological source such as calcium and carbon
becomes a potential heterogeneous catalyst for biodiesel
production process. This is a promising method because highly
efficient bio-based catalysts come to exist at the end of this
application. The biomass originated solid catalysts are nontoxic, non-corrosive so presents an environmental friendly
solution and eliminate the production of wastewater [1], [26].
The catalyst is biodegradable so it is not cause any disposal
problem [27].
Calcium compounds which are among the base solid
catalysts have been used in various forms (oxide, hydroxide,
carbonate, and diglyceroxides) in transesterification reactions.
CaO is an environmental-friendly material that classified in
heterogeneous base catalyst. Commonly, it can be derived from
CaCO3, Ca(NO3)2 or Ca(OH)2 raw materials. Generally,
limestone is used for obtain CaO but the length and cost of the
synthesis route become a problem. In addition, this route does
not prefer because of its non-renewable nature [28]. Because of
these, a catalyst derived from organic waste materials has
gained much attention due to its nontoxic, abundant, low cost
and renewable nature [1]. These materials can be obtained from
several natural sources such as eggshell, animal bone and
mollusc shell etc. In order to provide cost effective production,
waste materials good alternatives for bio-based catalyst
production [8]-[11], [29].
Recent studies have focused on the production of biodiesel
using waste shells as catalysts. Wei et al. [14] was studied for
transesterification of vegetable oil with egg shell as catalyst.
This study was a precursor of the easy way of green catalyst
synthesis. In the light of this work many researchers have also

proposed the utility of this bio-based catalyst not only for
biodiesel production but also in other fields of catalysis.
According to many researchers these materials very important
because of its reusability [14].
Egg shells consist of mainly calcium carbonate (94 %) and
other secondary materials like magnesium carbonate (1%),
calcium phosphate (1%) and organic matter (4%) [30]. Egg is
one of the most over-consumed foodstuff across the world and
has an egg shell that is rich in terms of Ca. Calcium oxide (CaO)
catalyst which is synthesized by calcination of egg shells is
used to evaluate waste shells and increase the quality of
reaction. The structure of eggshell is suitable for prepare active
heterogeneous catalyst due to its porous structure and its high
content of CaCO3 [14]. Upon calcination of eggshell, CaCO3
converts into CaO and also its activity increases based on
change of the surface structure [1].
1) Catalyst Preparation: Catalyst preparation was carried
out by calcination method. Eggshells are converted to powder
form for successful calcination process. Then, heat treatment is
applied to the powder. The condition of the calcination step is
very important. Appropriate temperature and reaction time
supplies active catalyst production. For quality calcination
sample should be uniform. Fig. 1 illustrated the preparation
process of waste-eggshell derived catalyst.

Fig. 1 Preparation of CaO catalyst derived from eggshell waste [31]

Upon calcination process, characterization of catalyst is very
important. Egg shells consist of CaCO3 as a major component
and after calcination this material should convert to CaO. For
characterization of the catalyst XRD analysis can be practise.
Fig. 2 shows XRD patterns of a natural egg shell and catalysts
obtained from calcination at different temperatures. CaCO3 is
major component up to 800 oC as shown. Some CaO peaks
come up at 700 oC but good conversion is shown beyond 800
o
C.

Viriya-empikul et al. [29] were examined the effect of
calcination time (0.5, 2, 4, and 8 hour) on reaction yield. Biobased CaO catalyst was used and it was found that 30 minutes
calcination time was not enough to produce active catalyst. The
samples were calcined for 2–4 hours exhibited adoptable
activity. Furthermore, more increase in calcination time
effected the catalytic activity of the catalyst inversely [29].
2) Biodiesel Production: Wei et al. [14] studied effect of
calcination temperature on structure and activity of eggshell
catalysts. They were calcined eggshells in the muffle furnace at
different temperatures (200 oC –1000 oC) for 2 hours.
Transesterification reaction was performed with soybean oil.
According to experimental results 9:1 molar ratio of methanol
to oil, with 3 wt% eggshell-derived catalysts (calcined at 1000
o
C, CaO), 65 oC reaction temperatures gave the best results, and
the biodiesel yield exceeded 95% at 3 h [14].
Correia et al. [28] examined the activity of waste eggshell
and crab shell in the transesterification of sunflower oil.
Calcination reaction was performed at 900 °C for 2 hours to
conversion of CaCO3 into CaO. Eggshell resulted in 97.75% of
FAME yield under reaction conditions of 3 wt% catalyst load,
methanol-to-oil ratio of 9:1 and 3 h reaction time. On the other
hand, crab shell showed FAME yield of 83.1%. Eggshell
catalyst performed better catalytic activity than that of crab
shell. This is because the eggshell has higher surface content of
Ca during calcination process [28].
Fig. 2 XRD patterns of natural eggshell and the materials obtained by calcining
natural eggshell in the range of 200 oC–1000 oC [14].

As shown in Fig. 2 Calcination step resulted in a change in
the XRD pattern for different temperatures. Because CO2 move
away from the starting material due to termal treatment. The
diffraction patterns of the samples heated above 800 °C were
related to CaO. while samples heated at temperatures below
800 °C were related to CaCO3. The aim of calcination process
is conversion of CaCO3 to CaO so calcination temperature
should be above 800 oC [31]. Wei et al. [14] were calcined
eggshell between 200 oC -1000 oC and tested this catalyst for
transesterification of soybean oil to produce biodiesel.
According to these results the catalyst which was calcined
above 800 oC was the most active catalyst. The conversion
efficiency was obtained 97-99 % with this catalyst. Besides, as
the temperature decreases the yield of transesterification
reaction decreases. Below 600 oC calcination temperature the
yield was obtained 30 % [14].
Jazie et al. [32] was investigated calcined eggshell as a solid
catalyst for use in production of biodiesel based on rapeseed oil.
BET analysis results of calcined eggshell were shown that BET
surface area of catalyst was high (59.0717 m2/g) at 900 oC
calcination temperature. This value was 3.4056 m2/g and
4.7966 m2/g at 800 oC and 1000 oC respectively. A yield of 96%
was obtained in the presence of eggshell catalyst calcined at
900˚C, while it was 90% at 1000 oC. The BET studies
confirmed that the particle size decreased as the calcination
temperature increased [32].

Viriya-empirikul et al. [29] studied the performance of three
types of waste shells. Transesterification of palm olein oil was
performed with waste shells of egg, golden apple snail, and
meretrix venus catalysts. They were calcined at 800 °C for 0.5–
8 h. After 1 h reaction, the yield of biodiesel using waste shells
of egg, golden apple snail, and meretrix venus were 93, 86 and
74% respectively. Eggshell showed excellent ability as a
catalyst compared to others. Upon 2 h reaction, all catalysts
provide greater than 90% yield [29].
Jazie et al. [32] was investigated calcined eggshell in
rapeseed oil transesterification. A quadratic polynomial
equation was obtained for biodiesel yield by multiple
regression analysis. The optimum conditions; 9:1 molar ratio of
methanol to oil, 3 wt% calcined eggshell catalyst (calcined at
900˚C, 2 h), 60˚C reaction temperatures at reaction time of 3 h
were specified. To confirm accuracy of this model, egg shell
catalyzed transesterification was carried out. Experimental
results were shown that the yield of reaction was 96 % and also
predicted biodiesel yield was calculated as 95.89 % from the
model. Thus, results of experiments confirmed the validity of
the predicted model [32]. Table 1 summarizes conversion
efficiencies, catalyst synthesis and reaction conditions that
were obtained from reviewed studies are investigated.

TABLE I
Bio-based CaO Catalyst for Biodiesel Production

Catalyst
Waste
chicken
eggshell

Chicken
eggshell

Feedstock
Palm olein
oil
Soybean oil
Cooking oil
Sunflower oil
Palm oil
Soybean oil
Waste frying
oil
Rapeseed oil

Catalyst
Preparation
Condition
CT
Ct
(oC)
(h)

Transesterification Reaction

FAME

T (oC)

t (h)

C
(wt.%)

M:O

Yield
(%)

References

800

2-4

60

2

10

18:1

94.1

[29]

900
900
900
900
1000

3
2
2
4
2

25
60
60
60
65

9
5
3
4
3

5.8
4
3
20
3

6:1
24:1
9:1
9:1
9:1

96
100
97.8
94.4
95

[33]
[34]
[28]
[31]
[14]

900

2,5

65

1

5

12:1

94.5

[35]

900
2
60
3
3
9:1
96
[32]
Duck
Palm oil
900
4
60
4
20
9:1
92.9
[31]
eggshell
Commercial
Jatropha
900
1,5
70
2,5
1,5
9:1
93
[36]
CaO
Curcas
CT: Calcination temperature, Ct: Calcination time, C: Catalyst amount, M:O: Methanol to oil ratio

According to Table 1, 900 ˚C is a good calcination
temperature. In the works done 2 h calcination gave a high
yield for transesterification reaction. It is reasonable that the
cost effective production process so, 9:1 molar ratio and 3 wt.%
catalyst amount can be preferred for high FAME yield.
Approximately 3 h of transesterification reaction provides high
efficiency.
3) Reusability of Catalyst: Reusability of catalyst varies for
different feedstock and operation conditions.
Jazie et al. [32] revealed that the catalyst can be repeated use
for 14 times with no apparent loss of activity. After the 14th
cycle of transesterification with same catalyst, the yield was
88%. But after being used for more than 14 times, catalyst lost
activity gradually. They were used catalyst more than 18 times
and the catalyst was completely deactivated. They were
examined this deactivated catalyst and XRD patterns showed
Ca(OH)2 as major component. This is because of the reaction
between H2O (from methanol and vegetable oil) and CaO [32].
Wei et al. [14] also revealed that the catalyst can be used
more than 1 cycle. They also investigated the reusability of the
catalyst. The results indicated that the eggshell-derived catalyst
can be repeated use for 13 times with no apparent loss of
activity. The catalyst lost activity gradually after being used for
more than 13 times. It was completely deactivated after being
used more than 17 times. They also claim that deactivation of
catalyst due to Ca(OH)2 formation [14].

III. FUTURE PERSPECTIVE
The utilization of biomass-derived heterogeneous CaO
catalyst for biodiesel production seems to be a promising
choice. Because it extinguishes problems faced by
homogeneous operations. The use of waste materials as the
source of catalyst may reduce the cost of biodiesel production
process and also provide new applications for the waste.
However, further investigation and development of bio-based
catalyst are necessary to improve the catalytic performance for
biodiesel production as well as other chemical processes.
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Abstract— Production lines are consecutively placed machines
designed to obtain short cycle times with high speeds. This type
of flow line is preferred when the demand pattern occurs in high
volumes from the same product in short production periods. The
structure of production systems is directly related to the quantity
and variety of the demand. If the overall demand is made up of
an identical product in high amounts in a short period of time,
flow lines are designed to answer this need in a manner of
consecutive linear machines, capable of performing one or more
tasks per machine. Production with low cost and right quantity
conditions is also an obligation under timely constraints. A
packaging station of a five machine Bernoulli line is modelled in
this paper. Two alternative packaging materials are put into
consideration against a readily used material and those 3
packaging films are compared according to the performance
characteristics. A C# programme is coded to obtain the statistical
performance characteristics of an aggregation method applied to
the “bernoulli flow line” to make a decision on which material is
to be selected. Production rates, blockages, starvations as well as
work in process stocks are the performance values calculated by
the C# programme developed, according to an aggregation
method. One of the two competing alternatives is selected after
analyzing the outcomes of the programme.
Keywords— Automatic production systems, maintenance and
repair times, inventory management

I.

INTRODUCTION

Analysis on “single production machines“ and “production
lines” are two important topics of industrial engineering
discipline. Both, the nature of the incoming entities and the
analysis of the operations performed on those production lines
can be applied by using lots of different techniques. From
scheduling of the arrivals to line balancing, numerous
approaches exist subject to further researches and they have
been studied for tens of years as well. This paper will include
the analysis of consecutive machines of a production line
under given performance criteria. Performance calculations of
various operations in a case study showing Bernoulli
characteristics are carried out in this study and the main
procedure followed shows concordance with the Bernoulli
production line model covered in detail in related literature [1].

II.

LITERATURE REVIEW

Theoretical studies have been applied to production lines
for a long time. From a broader view, stable and instable
systems are under the radar of the researchers for 50 years.
The most dominant part of these studies are about stable
systems [2, 3].
The nature of the entity arrivals to the assembly lines,
kanban systems [4], markovian queue systems [4], flow,
transfer and assembly processes of production systems [2, 3,
5], can be counted under this title. At the other hand, the
researches on “unstable systems” can hardly be told to be
much in quantity. Somehow those researches are very
valuable and seems to be promising for the future works [1, 6].
The bottlenecks in production and assembly are also
another topic of interest [7] and lots of studies were applied to
determine the effects of;



Downstream and upstream machines on output
quantity
The bottleneck creation effects of materials under
process.

As an addition to “job shop” and “production line” type
processes, re-entrant production type has also been defined
and lots of studies are performed on this type of production.
The parts visiting the same machines more than once are the
main concern in this type [5, 8, 9]. Performance criteria like,
WIP, failures, production rate etc are also studied in these
papers. The process modelling with buffers and size of them
are studied in detail in many papers. Topics like production
rate, machine stoppages are highly emphasized in these
studies.
Reference [10] included and emphasized the assumptions
and working principles of Bernoulli production lines and
provides a basis for further researches to be done. According
to the work: The exact solution of small unreliable lines was
introduced by numerous papers [11-13]. Phase-type modelling
about production lines was presented in 1985 [14]. Reference
[15] discusses a highly efficient numerical analysis that

calculates the transition matrix to assess the prior works. In
large production lines there is a need for computational
procedures since there are large number of states of the
Markov chains of the systems. Reference [16], introduced a
numerical approach for solving reliable exponential and
Erlang production lines. As a further extension phase-type
modelling in mixed generalized exponential distributions is
also applied and presented [3]. Reference [17] showed an
efficient decomposition method for the approximate
evaluation of tandem queues with finite intermediate buffers
and blocking.
Reference [18] has given a decomposition approach for the
performance of evaluation of automated flow lines with
multiple failure modes. An analytical approach was pointed
out for performance evaluation of an automated flow line
which includes the dependency between the production and
the repair system [19]. An aggregation method for analysis of
flow lines was developed [20]. Reference [21] studied sets of
parallel machines which are replaced by an equivalent single
representative machine. By the help of this logic, large lines
with multiple parallel machines were analysed from
performance measure point of view in an easier manner.
Similar works to this logic also exist in the literature [22-24].
Reference [25-27] developed efficient decomposition methods
with exponential processing times, multiple failure modes and
finite buffer capacities. Nonlinear flow lines are also analysed
in the literature [28-30]. Continuous variables in which times
to failure and repair are exponentially distributed [30-31] are
also covered in the literature. Reference [32] studies SAN
(Stochastic Automata Network) and Markovian modelling in
this context.
Bernoulli production lines are studied from different point
of views in numerous papers [7, 20, 33, 34]. Like
Buzacott,[35] many authors have studied the performance
criteria such as WIP, failures, production rates, efficiency etc
of the production lines.
In the case called “buffer allocation problem”, the marginal
surplus of (n+1)th work in process (WIP) unit is compared
with different parameters (space, cost etc) while n unit of WIP
is available. Even though the additional unit in the “work in
process” stocks decreases, the dependency of the upstream
machine to the prior one increases. The required space or the
cost of making this adjustment in the production system may
need complex calculations. This process may be held
relatively easily if the system includes 2 machines, but as the
size of the system increases, calculations may need too much
time and calculations.
III.

METHODOLOGY

This study is prepared in the packaging department of a
yarn manufacturer located in Uşak-Turkey. Process is made
up of five serial machines showing Bernoulli characteristics. It
is planned to test two alternative materials and the current
material under use, to choose the option that gives the best
results from performance criteria point of view. A C#
programme is coded to make the necessary calculations and

these results are shown to be verified by the PSE Toolbox
programme [1].












Environmental parameters were set to be same for
the productions done with both current and
alternative materials. During production runs, no
other materials but only the chosen material is used
not to effect the individual material performances.
During the three production runs no machine was
subtracted or added to the process.
All machines have equal service times.
Transport times between the stages are negligible.
Machines are starved when their upstream buffers are
empty and machines are blocked when their
downstream buffers are full.
All the upstream machines can increase the WIP
stock of their next buffer by “one” unit meanwhile
the downstream machines can only reduce the buffer
size by “one” unit.
Each machine status is determined independently
from the other machines.
First machine is never starved due to excess input
amount.
Last machine is never blocked since it has enough
area for the outputs.

A. Bernoulli Distribution
Bernoulli Distribution is the probability distribution of a
random variable that can only take two possible values, 0 or 1.
When it takes the value 1, then p =1 and from q=1-p, q
becomes 0. This 0-1 binary structure is also valid for yes-no
fail-work, false-true etc. An experiment which can have only
two outcomes is called a “Bernoulli experiment”. In these
experiments p is the probability of success and q=1-p becomes
the probability of failure. Bernoulli experiments are repeatable
and they can have just two outcomes. The probability of
success cannot change from one experiment to the other. Each
experiment is independent from the others.
S = { x / 0,1 }
The probability mass function f of Bernoulli Distribution is:
f(x; p) = p (1 − p)

x=0,1

(1)

The mean and the variance are as follows:
µ = E (x) = p

(2)

σ = Var (x) = p (1 − p) = pq

(3)

B. Structure And The General Properties Of The Bernoulli
Lines
A “Bernoulli line” is a production line performing
repetitive production tasks with serial machines which are
working with identical cycle times (Figure 1). Failures are

time or operation dependent [27, 36]. This paper includes a
case study that there is a constant failure probability for all the
N machines in the given cycle time.

continued until the last machine and (m ) is found where f
stands for forward aggregation. Again the Bernoulli parameter
of m can still be different from line production rate. Forward
and backward aggregation procedures are shown in Fig. 2 and
Fig. 3.

Figure 1. Bernoulli Production Line

In a Bernoulli Line, machines will be active with p and will
not with (1-p) probabilities.
Bernoulli lines can be symbolized by using a vector seen
below. A machine is UP with probability (p). Buffer capacity
(N) and probability values are shown as the parameters in the
vector. (p1, ..., pM, N1, ..., NM-1)
The ratio of active state of a machine is shown with (pi)
and this statistic is independent of the machines’ historical
data. This property is called “the memoryless property”.
Cycle time of the machines is denoted with τ and:

τ = min{τ , ∀i}
p = τe /τ ve e = 1/(1 + λ/µ )
N = min{h µ τ , h µ τ } + 1

(4)
(5)
(6)

Fig. 2 - Forward Aggregation [1]

Reference [1] shows the required calculations of the
characteristics of “two and more machines” of Bernoulli
production lines. Machines will be blocked (even the
machines themselves are not failed) when their downstream
buffer is full and the downstream machine is not active.
Machines are starved when they are ready to produce but their
upstream buffers are empty. As a result, first machine is never
starved (when there is excess input amount) and last machine
is never blocked (output depot volume is assumed to have
infinite capacity).
Bernoulli machines are memoryless. States of the system
coincide with the buffer states. As the dimension of the
systems start from 2 and goes to n, the complexity of the
overall system increases exponentially. Since the “i”th buffer
has Ni +1 states, the system has (N1+1)(N2+1)…(NM-1+1)
states. Since a direct analysis of such a complex system
wouldn’t be practical, an aggregation approach should be used
[1].

Fig. 3 - Backward Aggregation [1]

C. Aggregation

D. Recursive Aggregation

Bernoulli parameters p (production rate of backward
aggregation) and p (production rate of forward aggregation)
are assigned as the “production rate” of the aggregated “twomachine line”. Let M be the length of the line, if M-th and M1 th machines are aggregated into a single Bernoulli machine
(m
) and the process is continued until the first machine
then all machines are aggregated into m where b stands for
backward aggregation. However this backward calculation
might be quite different from the production rate of M
machine line. To remedy this problem a forward aggregation
is defined. The first machine (m1) is aggregated with the
backward aggregated rest of the line(m ). This aggregation is

To alleviate the discrepancy an iteration procedure is
introduced between backward and forward aggregations.
Mathematical representation of the recursive aggregation
procedure is given below:
p (s + 1) = p [1 − Q( p
i = 1, … , M − 1

(s + 1), p (s), N )]

p (s + 1) = p [1 − Q( p (s + 1), p (s + 1), N
i = 2, … , M
s = 0,1,2, …,

p (0) = p

i = 1, … , M

(7)

)]

(8)

(9)

p (s)p ,

p (s) = p ,

s,

=
=

(10)

s = 0,1,2, …,
(1 − x)(1−∝)
⎧
, if x ≠ y
⎪ 1−x∝
y
Q(x, y, N) =
⎨ 1−x
⎪
,
if x = y
⎩N + 1 − x

(11)
(12)

And;
x(1 − y)
∝=
y(1 − x)

,

,

,

,

,

= 1, … ,
= 2, … ,

,

− 1 (18)
(19)

Fig. 2 - A Two-Machine Bernoulli Production Line

Production rate of serial consecutive machines is calculated
in “backward aggregation procedure” as follows:

(13)

=
=

[1 − (
−
,

,

=
=

[1 − (
−

,

,

)]

(20)

Production rate of serial consecutive machines is calculated
in “forward aggregation procedure” as follows:

Fig. 1 - Illustration of the Aggregation Procedure [1]

M-machine long systems can be illustrated with a single
representative machine by using recursive forward and
backward aggregation procedure. As soon as the procedure is
over, the study of performance criteria analysis follows.
Production Rate (
) is the average number of parts
produced by the last machine of a production system per cycle
time in the "[1].
(14)
(15)
(16)

PR = p = p
= p [1 − Q(p , p , N )]
= p 1 −Q p ,p ,N
i = 1, … , M − 1

When p = p holds, “Production Rate” is accepted to be
reached.
Work in process of the i-th buffer is the average number of
parts contained in the i- th in process buffer of a production
system in the steady state of its operation [1].
(WIP ) is defined as:
WIP =

⎧
⎪
⎪

p

p

−p ∝

N ∝
p ,p
⎨
⎪ N (N + 1)
⎪
,
⎩2(N + 1 − p

i = 1, … , M − 1

p ,p
),

∗(

1 −∝

p ,p

1−∝ p , p

,)]

(21)

E. C# and PSEToolbox Programs
Calculations of forward and backward aggregation are time
consuming and complex. Hence, a computer programme is
highly needed. PSEToolbox is a programme developed for
this purpose [1]. If the commercial version is not bought the
programme runs in demo mode. This programme finds the
system characteristics as far as the production line does not
exceed 5 machine long in demo mode. By taking into account
that a line may exceed 5 machines, a C# programme is coded
for this paper.
As the system under consideration does not exceed five
machine long in size, it can be calculated by PSEToolbox too.
In the end C# outputs are compared and verified with the
PSEToolbox results. PSEToolbox data entry panel is shown in
Fig. 5.

−

if p ≠ p

if p = p

,

(17)

Blockage of machine i ( )is the steady state probability
that machine i is up, buffer i is full, and machine i+1 can not
take a part from its downstream buffer.
Starvation of machine i ( )is the steady state probability
that machine i is up and its upstream buffer i-1 is empty
Estimates of these performance measures,
and
are
introduced as follows:

Fig. 3 - Data Entry to PSEToolbox

C# programme allows the users obtain the results of
production lines having more than five machines. Code
applies the aggregate algorithm [1] and gives the performance
criteria of the line. Than the comparison between the C# and
the PSEToolbox is made and the outputs are found to be in
accordance with each other. Forward (p ) and backward

(p ) aggregations are applied by the C# program at the first
step.
Outputs of the program shows that, as the iteration number
progresses the p ve p values approach and finally bind on
each other. Afteron, the value which equalizes pf and pb is
called as “production rate” (PR). At the following stages, the
C# programme calculates the performance criteria; work in
process inventory (WIP ), starvations(ST ) and blockages
(BL ).
Programme is a C# DOS command code and the outputs
need to be passed to a user friendly environment. Due to this
need, outputs are printed to MS Excel output. By making the
proper adjustments, these outputs can easily be graphed or
listed according to the analyst’s needs.

P1

IV.

p ratio

Current
Material
Alt. Mat.
1
Alt. Mat.
2





Packaging : Every single cone is covered with nylon
Packaging 2 : Single cones are covered with another
nylon and taken to an upper platform with a
mechanism.
Shrinking :12 cones are shrinked and taken into a bag
Cooling
: Bags are cooled off .
Weighing : Bags are weighed automatically and got
ready for sewing and transport.

As the circles symbolizes the processes and the rectangles
the buffers, the five machine illustration of the packaging line
is shown on Fig. 5 and the busy state ratio (p values) of the
machines are presented on Table 1.
Packaging dpt works with a certain material for a long time
but two alternative materials are also members to be used in
the department. To choose the best option for the process, a
test production is done using both of the alternative materials,
the p values are obtained and written down on Table 1.

P3

N3

P4

N4

P5

Machine
1

Machine
2

Machine
3

Machine
4

Machine
5

0,8

0,8

0,75

0,85

0,8

0,95

0,95

0,95

0,95

0,95

0,90

0,90

0,80

0,95

0,90

Capacities (N) of the buffers between the machines are set
to be equal (shown in Table 2) for all the materials to obtain a
good comparison.
TABLE 2
MAX BUFFER CAPACITIES FOR CURRENT AND ALTERNATIVE CASES

Buffers
Current Material
Alternative Material 1
Alternative Material 2

A. Modelling of Current and Alternative Cases




N2

TABLE 1
p VALUES

APPLICATION

The process of packaging machines given in this paper is
located in a yarn manufacturer’s packaging department in
Uşak-Turkey. Machines in the line are set serially and carry
the characteristics of a Bernoulli production line. Packaging
production line consists of the following stages:

P2

Fig. 4 - Petri Net modelling of the Current Bernoulli Production Line

F. Outputs and The Explanation of the Program
The real life data is entered to both PSEToolbox and C#
programs and the outputs called as “performance criteria” are
obtained. Performance criteria called as production rate (PR)
work in process amount (WIP ), starvations (ST ) and
blockages (BL ) are all calculated according to aggregate
algorithm (1) by both of the programs. Calculations are done
for current and two alternative cases and discussion on the
performance of these 3 cases are presented in the final part.

N1

Buffer
1
10
10
10

Buffer
2
1
1
1

Buffer
3
12
12
12

Buffer
4
3
3
3

B. Performance Criteria
i. Production Rates:
The first values to be found in aggregate method (1) are pf
and pb values. These values are calculated by the C#
programme presented on Table 3:
TABLE 3
FORWARD (PF) AND BACKWARD (PB) FOR CURRENT AND
ALTERNATIVE CASES
Itr
No
S

Current
Cond.
p1b

Current
Cond.
p5f

1

0,73468408

2

0,73469303

3
4

Alt. 1
p1b

Alt. 1
p5f

Alt. 2
p1b

Alt. 2
p5f

0,773622099

0,627589248

0,6734615

0,890158816

0,91206985

0,736771443

0,631555547

0,6368085

0,904654951

0,90572332

0,7346930

0,734780443

0,631556636

0,6320988

0,904673326

0,90480911

0,7346930

0,734696672

0,631556656

0,6316113

0,904674665

0,90469181

5

0,7346930

0,73469319

0,631556658

0,6315621

0,904674832

0,90467699

6

0,7346930

0,734693046

0,631556659

0,6315572

0,904674853

0,90467512

7

0,7346930

0,73469304

0,631556659

0,6315567

0,904674855

0,90467489

8

0,7346930

0,73469304

0,631556659

0,6315566

0,904674856

0,90467486

9

0,7346930

0,73469304

0,631556659

0,6315566

0,904674856

0,904674856

10

0,7346930

0,73469304

0,631556659

0,6315566

0,904674856

0,90467485

called the “Production Rate” after on. From this point of view
Table 3 shows that current material is better than alternative
After the calculations of the production rate ( ), next step material 1 but alternative material 2 is better than both current
is obtaining the numeric values blockages (BL ) (Formula-18), and alternative material 1 (Alternative 2 PR=0,904 > Current
starvations (ST ) (formula 19) and work in process inventories Material PR=0,7346 > Alternative 1 PR=0,6315).
- Current and the alternative materials’ choice does not
(WIP ) (formula 17). Results of the blockages and starvations
significantly affect the WIP performance characteristics.
of the machines for current and alternative materials are
Alternative material 2 tends to accumulate 1 more unit in
shown on Table 4 while the WIP data are shown on Table 5.
buffer three. But it’s found that the WIP ratio of material 2 is
still too low than the max allowed capacity of that buffer.
TABLE 4
- According to “blockages” performance criteria, alternative
BLOCKAGE AND STARVATION VALUES OF CURRENT AND
case 2 is found to be the best among the 3 cases even though it
ALTERNATIVE CASES
has a small surplus at machine 4.
- According to the “starvations” performance criteria,
Current Material
Alternative Case 1
Alternative Case 2
alternative case 2 is found to show better performance than the
Blockage Starvation
Blockage
Starvation
Blockage
Starvation
other two options by having the least starvation values.
State
State
State
State
State
State
ii. Starvations, Blockages and WIP

1
2
3
4
5

(BL)

(ST)

(BL))

(ST)

(BL)

(ST)

0,16530

0

0,16844

0

0,045325

0

0,16530

0,0000012

0,168415

0,000035

0,045283

0,000044

0

0,06530

0,000000475

0,118442

0,000052

0,0452756

0,005425

0,211086

0,01658

0,205878

0,045325

0,0383610

0

0,16530

0

0,168443

0

0,0453251

TABLE 5
WIP VALUES OF CURRENT AND ALTERNATIVE CASES

WIP Stocks
Alternative
Material 1

Buffer
No

Current
Material

1

9,55561765

9,25165291

9,01035257

2

0,9183663

0,84207608

0,95234139

3

0,92871252

1,15270514

2,25152895

4

1,11218218

1,20005987

1,53921198

V.

Alternative
Material 2

CONCLUSIONS

Current and alternative scenarios of a production line
showing Bernoulli characteristics in the packaging department
of a factory is chosen in this work. To find the material that
will give the optimum results in the factory environment,
current and two alternative materials are tested, the output
data of the test productions of the 3 materials are noted and
discussed by looking at the figures comparatively.
By using two alternative materials in addition to the current
material under use, it is concluded that alternative 2 is giving
superior results than the other options.
When the existing and the alternative cases are compared it
is figured out that:
- As the iteration no (s) rises, it is concluded that the
and
values approach to each other and become equal after an s
iteration no is reached. As it is shown at equation 14, as the
and
values become equal after an iteration point, it is

After the analysis of the outputs, alternative 2 is decided to
be the best option. The material tested in alternative 2 is
decided to be recommended for use in the packaging
department instead of current material after the analysis.
The Bernoulli production line and its aggregate model [1]
will definitely be effected from model inputs such as
individual machine production adjustments, allowed
individual buffer capacities, failure rates and part feeding rates
as well some out-of–model parameters like environmental
conditions, quality of materials under use etc. Some of these
topics are not deeply analysed in the literature and analysed
under “unreliability analysis”.
The aggregate model shown in this paper including a
Bernoulli line will definitely be affected from factors related
to machines like part feeding times, machine cycle times,
failure rates and times, buffer sizes, quality of the materials as
well as other factors such as environmental conditions.
Currently these topics are studied under unreliability analysis
and they use different assumptions and methods. As the
variations of materials and environmental factors are included
in the models, these models are expected to be applied more
frequently. Even the methodology and calculations are
complex and hard to apply, todays technological advances
offer great chances to handle those problems. With the help
of computers, these approaches are members to gain more
popularity over time.
REFERENCES
[1]
[2]
[3]
[4]
[5]
[6]

S.M. Meerkov and J. Li, Production Systems Engineering, Springer,
pp. 80-87, 545-587, 2008.
H.T. Papadopoulos, C. Heavy and J. Browne, Queueing Theory in
Manufacturing Systems Analysis and Design, Chapman & Hill,
London, UK, 1993.
T. Altiok, Performance Analysis of Manufacturing Systems,
Springer-Verlag, New York, 1997
M.J. Smith and B. Tan. Handbook of Stochastic Models and
Analysis of Manufacturing System Operations, Springer-Verlag New
York, pp. 73. 2013.
Groover, Mikell P., Automation production systems and computerintegrated manufacturing, Fourth edition, Pearson Higher Education,
Upper Saddle River, New Jersey, pp.441, 2015.
S. Mocanu, “Numerical algorithms for transient analysis of fluid
queues”, Fifth International Conference on the Analysis of
Manufacturing Systems, Zakymthos, Greece, 2005.

[7]

[8]
[9]
[10]
[11]
[12]
[13]
[14]
[15]

[16]

[17]

[18]
[19]

[20]
[21]
[22]

S. Biller, S.P. Marin, S.M. Meerkov. and L. Zhang, “Closed
Bernoulli production lines: analysis, continuous improvement, and
leaness”. IEEE Transactions on Automation Science and
Engineering, vol. 6, no. 1, pp. 168-180, 2009.
P.R. Kumar, “Re-entrant lines,” Queueing Syst. Theory Appl., vol.
13,no. 1–3, pp. 87–110, 1993.
S. Kumar and P.R. Kumar, “Fluctuation smoothing policies are
stable for stochastic re-entrant lines,” Discrete Event Dyn. Syst.,
Theory Applicat., vol. 6, no. 4, pp. 361–370, 1996.
P. Fernandes, M.E.J. O’Kelly and A. Sales, “Analysis of exponential
unreliable production lines using Kronecker descriptors”, Stochastic
Models Of Manufacturing And Service Operations, 2013.
J.A. Buzacott, “The effect of station breakdowns and random
processing times on the capacity of flow lines with in-process
storage”, AIIE Transactions, vol. 4, no. 4, pp. 308-313, 1972.
S.B. Gershwin and O. Berman, “Analysis of transfer lines consisting
of two unreliable machines with random processing times and _nite
storage buffers”, AIIE Transactions, vol. 13, no. 1, pp. 2-11, 1981.
S.B. Gershwin and I.C. Schick, “Modeling and analysis of threestage transfer lines with unreliable machines and finite buffers”,
Operations Research, vol. 3, no. 2, pp. 354-380, 1983.
T. Altiok, “Production lines with phase-type operations and repair
times and finite buffers”, International Journal of Production
Research 23(3), pp. 489-498, 1985.
C. Heavey, H.T. Papadopoulos and J. Browne, “The throughput rate
of multistation unreliable production lines”, European Journal of
Operational Research, Vol. 68, pp. 69-89 S.B. Gershwin (1987), “An
efficient decomposition method for the approximate evaluation of
tandem queues with finite storage space and blocking”, Operations
Research, vol. 35, no. 2, pp. 291-305., 1993.
F.C. Hillier and K.C. So, “On the simultaneous optimization of
server and work allocations in production line systems with variable
processing times”, Operations Research, vol. 44, no. 3, pp. 435-443,
1996.
S.B. Gershwin, “An efficient decomposition method for the
approximate evaluation of tandem queues with finite storage space
and blocking”, Operations Research, vol. 35, no. 2, pp. 291-305,
1987.
T. Tolio, A. Matta, F. Jovane, “A Method For Performance
Evaluation of Automated Flow Lines”, CIRP Annals vol. 47, no. 1,
pp. 373-376, 1998.
H. Kuhn, “Analysis of automated flow line systems with repair crew
interference”, In S.B. Gershwin, Y. Dallery, C.T. Papadopoulos and
J. MacGregor Smith, Editors, Analysis and Modeling of
Manufacturing Systems, Kluwer Academic Publishers, pp. 155-179,
2003.
J.T. Lim, S.M. Meerkov and F. Top, “Homogeneous, asymptotically
reliable serial production lines: theory and a case study”, IEEE
Transactions on Automatic Control, vol. 35, no. 5, pp. 534-534, 1990.
A. Patchong and D. Willaeys, “Modeling and Analysis of an
Unreliable Flow Line Composed Of Parallel-Machine Stages”, IIE
Transactions, vol. 33, pp. 559-568, 2001.
B. Ancelin and A. Semery, “Calcul de la productivite d’une ligne
integree de fabrication: CALIF, une methode”, RAIRO APII 21 (3),
pp. 209-238 analytique industrielle, 1987.

[23]
[24]
[25]

[26]

[27]
[28]

[29]
[30]
[31]

[32]
[33]
[34]

[35]
[36]

M.H. Burman, New Results in Flow Line Analysis. Thesis (PhD).
OR Center, MIT, 1995
A.C. Diamantidis, C.T. Papadopoulos and C. Heavey, Approximate
analysis of serial flow lines with multiple parallel machine stations,
IIE Transactions, vol. 39, no. 4, pp. 361-375, 2007.
R. Levantesi, A. Matta and T. Tolio, “Performance evaluation of
production lines with random processing times, multiple failure
modes and finite buffer capacity- Part 1: the building block”, In S.B.
Gershwin, Y. Dallery, C.T. Papadopoulos and J. MacGregor Smith,
Editors, Analysis and Modeling of Manufacturing Systems, pp. 85121, Kluwer Academic Publishers, 2003a..
R. Levantesi, A. Matta and T. Tolio, “Performance evaluation of
production lines with random processing times, multiple failure
modes and finite buffer capacity- Part 1: decomposition”, In S.B.
Gershwin, Y. Dallery, C.T. Papadopoulos and J. MacGregor Smith,
Editors, Analysis and Modeling of Manufacturing Systems, pp. 85121, Kluwer Academic Publishers, 2003b.
T. Tolio, A. Matta and S.B. Gershwin, “Analysis of two-machine
lines with multiple failure modes”, IIE Transactions, vol. 34, pp. 5162, 2002.
A.C. Diamantidis, C.T. Papadopoulos and M.I. Vidalis, “Exact
analysis of a discrete material three station one buffer merge system
with unreliable machines”, International Journal of Production
Research, vol. 42, no. 4, pp. 651-675, 2004.
S. Helber, “Performance Analysis of Flow Lines with Non-Linear
Flow of Material”, Lecture Notes, Economics and Mathematical
Systems, Springer-Verlag, vol. 473, 1999.
B. Tan, “A three-station merge system with unreliable stations and a
shared buffer”, Mathematical and Computer Modeling, vol. 33, pp.
1011-1026, 2001.
S. Helber and N. Mehrtens, “Exact analysis of a continuous material
merge system with limited buffer capacity and three stations”, In S.B.
Gershwin, Y. Dallery, C.T. Papadopoulos and J. MacGregor Smith,
Editors, Analysis and Modeling of Manufacturing Systems, pp. 85121, Kluwer Academic Publishers, 2003.
P. Buchholz, “Structured analysis approaches for large Markov
chains”, Applied Numerical Mathematics, vol. 31, no. 4, 1999.
D. Jacobs and S.M. Meerkov, “A system theoretic property of serial
production lines: improvability”. International Journal of Systems
Science, vol. 26, no. 4, pp. 755-785, 1995.
Y. Liu and J. Li, “Modelling and analysis of split and merge
production systems with Bernoulli reliability machines”,
International Journal of Production Research, vol. 47, no. 16, pp.
4373-4397, 2009.
J.A. Buzacott and J.G. Shanthikumar, Stochastic Models of
Manufacturing Systems, Prentice Hall, Englewood Cliffs, NJ, 1993.
Y. Dallery and S.B. Gershwin. “Manufacturing Flow Line Systems:
a Review of Models and Analytical Results.” Queueing Syst vol. 12,
no. 1–2, pp. 3–94, March 1992.

Effect of Plasticity Modelling in Sheet Metal
Forming Processes
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Abstract— In this study, effect of plasticity modelling in sheet
metal forming processes is investigated. For this purpose, threee
different plasticity model are used as power law, Hill-48, and
Yoshida-Uemori. Angular channel forming process is used as
forming operation to determine springback amounts of
materials. 2008-T4 aluminum alloy is stamped experimentally
on a hydrolic press. Numerical predictions are compared with
the experimental results, and Yoshida-Uemori, kinematic
hardening plasticity model showed a good correlation with the
experimental result.
Keywords— Sheet metal forming, plasticity modelling, finite
element analysis, springback, aluminum alloy.

I. INTRODUCTION
Sheet metal forming processes has been widely used as
mass production tool especially in automotive and related
industries. These processes have some difficulties based on
complex product geometries. Manufacturing sheet metal
parts brings some shape or process problems like wrinkling,
earing, tearing, and springback etc. Springback is the most
dominate problem in sheet metal forming processes [1-2].
Springback occurs when the forces from forming tools are
removed, then geometrical change occurs in part after
forming process. Researches on springack and shape
distortion problems in sheet metal forming processes are still
in progregress to predict or compansate these problems [3-6].
Simulative tests are generally used for determining
springback behaviour of materials [7-9]. There tests are
converts the complex processes into simple bending, forming
or cutting problems. V die bending, U-bending or angular
bending tests are some simulative tests which are commonly
used for obtaining springback behaviour [10]. Numerical
studies to predict springback are performed generally using
finite element analysis (FEA) [11].
In this study, it is aimed to determine plasticity modelling
effect on springback prediction. For this purpose, angular
channel forming process is used to determine springback
behavior experimentaly using 2008 aluminum alloy, then,
three different plasiticty model are used to predict springback
numerically. It is seen that kinematic hardening plasticity
models can predict springback more accurately.
II. MATERIAL AND METHOD
Angular channel forming process is used as a forming
operation. This simulative test is generally used for
determining springback behaviour of materials due to its

shallowly curved geometry. This process has 4 die tools as
die, punch, blank holder, and sheet metal (blank). In this
study, firstly, angular channel forming process is perfomed
experimentaly. Die tool design, and manufactured die tools
can be seen in Figure 1. In the second stage of the study,
forming and springback steps were simulated by Dynaform
software with explicit and implicit methods respectively.
Surfaces of finite element model can be seen in Figure 2.
Half of the die set and the blank are included in the FE
simulation model. After finite element analysis springback
surfaces were compared. 2008-T4 Aluminum alloy with 1
mm thickness is used as material. Friction coefficient used as
0.08 and a blankholder force of 5 kN were applied.
In finite element analysis, three different plasticity model
is used to investigate plasticity modelling effect on numerical
predictions. Power law, Hill-48, and Yoshida-Uemori
plasticity models are used in simulations. Power law
plasticity model assumes the material and hardening type as
isotropic, Hill-48 plasticity model assumes the material
anisotropic and uses isotropic hardening, Yoshida-Uemori
plasticity model assumes the material anisotropic and uses
kinematic hardening. These models are detailed in following
sub-sections.

(a)

(b)
Fig. 1 (a) Die tool design (b) Manufactured and assembled die tools.

Fig. 2 Channel forming process die tool surfaces.

A. Power Law Plasticity Model
Elastoplastic behaviour with isotropic hardening is
provided by this model. The yield stress, σy is a function of
plastic strain and obeys the equation [12];



 y  k n  k  yp  



p n

(1)

where εyp is the elastic strain to yield and ε̅p is the effective
plastic strain (logarithmic).

B. Hill-48 Plasticity Model
This model is for simulating sheet metal forming
processes with anisotropic material. Optionally an arbitrary
dependency of stress and effective plastic strain can be
defined via load curve. This plasticity model is fully iterative
and is available only for shell elements [12]. Consider
Cartesian reference axes which are parallel to the three
symmetry planes of anisotropic behaviour. Then, the yield
function suggested by Hill [1948] can be written as:
F (σ 22  σ 33 ) 2  G(σ 33  σ 11 ) 2  H (σ 11  σ 22 ) 2 

Fig. 3 Schematic illustration of the two-surface model [12]

III. RESULTS & DISCUSSION
In this study effect of plasticity modelling on finite
element analysis predictions is investigated with perspective
of sheet metal forming. Power Law, Hill-48, and YoshidaUemori plasticity models are used in simulations. Angular
channel forming is used as forming process and numerical
results are compared with the experimental result.
Springback surfaces of numerical predictions can be seen in
Figure 4, and comparison of maximum springback amounts
can be seen in Table 1. It can be clearly seen that kinematic
hardening model can predict springback more accurately.

(2)

2
2Lσ 23
 2Mσ 312  2 Nσ 122  1  0

where σ1, σ2, and σ3, are the tensile yield stresses and σ12, σ23,
and σ31 are the shear yield stresses. The constants F, G H, L,
M, and N are related to the yield stress.

C. Yoshida & Uemori Plasticity Model
This theory needs two surfaces describing the hardening
rule; the yield surface and the bounding surface (Figure 3). In
the forming process, the yield surface does not change in size,
but its center moves with deformation, the bounding surface
changes both in size and location [12].

Fig. 4 Comparison of springback surfaces
TABLE I
MAXIMUM SPRİNGBACK AMOUNTS

Model
Experimental
Power Law
Hill-48
YoshidaUemori

Maximum springback amount
(mm)
6
0.8
1.9
5.4

IV. CONCLUSIONS
In this study, effect of plasticity modelling in sheet metal
forming processes is investigated. For this purpose, power
law, Hill-48, and Yoshida-Uemori plasticity models are used.
Angular channel forming process is applied as forming
operation to determine springback amounts of materials.
2008-T4 aluminum alloy is stamped experimentally on a
hydrolic press and maximum springback amount is
determined as 6 mm. Numerical predictions are performed
using Dynaform commercial software using different
plasticity models. Power law and Hill-48 models did not
predict the springback amount effectively. Yoshida-Uemori
model showed a good correlation with the experimental
result. As a result, it is seen that kinematic hardening and
anisotropic material assumptions can identify the material
behavior more accurately than isotropic hardening models.

[4]
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Abstract-The rheological behavior of crude oil and their
emulsions were investigated as a function of water content
concentration, the temperature and the shear rate. The aim of
this work is to obtain more knowledge about the effect of water
fraction on its rheological properties, this last were measured
with the rheometer AR-2000 for TA-Instruments at the
following temperatures 10°C, 15°C and 35°C under dynamic
and shear testing conditions. The water content concentration
ranged between 2 and 40% vol/vol. The results showed that the
non-Newtonian emulsions exhibit a shear thinning behavior and
their rheological characteristics can be described by the
Herschel-Bulkley model. The results also indicated that the
rheological properties of crude oils and their emulsions are
significantly dependent of the type of waters.
Keywords- crude oil, rheological behaviors, viscosity, emulsion,
yield stress

I. INTRODUCTION
At the moment, the global network service to more than 1
million kilometers of pipelines, nearly three-quarters are used
to transport crude oil and the rest to transport finished
products [1]. The presence of fraction of water in crude oil
through pipelines presents the main problem of optimizing the
capacity of transportation. The fraction of water can be
encountered in almost every part of the petroleum production
also at many stages during drilling, processing and
transporting , with a proportion which can be more than 60%
in volume [2].The rheological properties of crude oil such as
the yield stress, the apparent viscosity are important indexes to
assess the flow, pressure loss (with implications for the
designs of tubing and pipelines), and the design of surface
facilities [3-4]. indeed ,the produced oil, water, or gas are
delivered together in the pipeline as a common operation
practice in offshore fields, therefore the development and
formation of emulsion may take place during the pipeline
delivery.
For this raison, the study of the rheological characteristics
of emulsion in pipelines from different aspects has received
attention in petroleum research laboratories during the past
twenty years. Farah et al [2] presented a method to estimate
accurately the variation of kinematic viscosity of W / O
emulsions with temperature and water volume fraction. Many
studies have mainly focused on investigating the flow patterns
[5-6].

Some are investigating the influence of viscosity on the
emulsion stability for water-in-oil emulsions based on light
conventional crude oils and heavy crude oils [7]. On the base
of the results found by Omotoso OE et al. [8] it was observed
that the water chemistry can affect the stability of the
emulsions and, hence, the rheological parameters of crude oil
emulsions. In fact; the production of emulsions (w/o) from the
wells that are sometimes very far from the center of collection
and treatment and that should be pumped to the pipelines, this
is directly related to the cost of the pumping pressure of the
emulsions. The objectives were to accurately simulate the
effect of the water fraction of Lias flowing in the pipeline, in
the TFT region on the rheological behavior of the Algerian
crude oil.
II. MATERIALS
Crude oil samples were collected from reservoir of sector
of Tin Fouye Tabankort, managed by the national company of
transport and marketing of the carburant SONATRACH
(Algeria). The physicochemical properties of these samples
are detailed in table 1. Two types of waters were used in this
study, Deionized water and water of LIAS of sector of Tin
Fouye Tabankort. The Water/oil emulsions were prepared by
gradual addition of a certain amount of water into the crude
oil. The perfect homogenization was achieved by stirring the
solution for 15 min with a magnetic bar.
TABEL I. Sample characteristics of the crude oil used in this study.

API gravity
Liquid Density (26°)
TVR (35.5°)
Asphaltenes (%)

31.5
0.847
228
2.5

II.1 Viscosity measurements and protocol testing
The viscosity measurements were carried out using an AR2000 rheometer from TA-Instruments with geometry Couette
type (diameter 14 mm). All the samples will be subjected to
pre-shear of 60 s, with a shear rate of 0.15 s-1 to homogenize
the sample on the geometry [9-10]. The samples will be left at
rest during 30 second. Then, the procedure of acquisition will
be started. The range of shear rate applied is 0.01s-1 at 200 s-1.

III. RESULTS AND DISCUSSION
Figures 1 shows the effects of the shear rate and the on
crude oil emulsions at different volume fractions of Lias water
(2, 3, 20 and 40) vol. % at temperature 10 °C. It can be
observed that the shear stress increased gradually and
significantly with the shear rate [11]. Thus, these emulsions
having a Non-Newtonian behavior, similar behavior was
noticed with the emulsion at different volume fractions of
deionized water, as shown in Fig. 1. Accordingly, all
emulsions are characterized the Non-Newtonian behavior for
a shear rate < 200 s-1. It is clear that shear stress of emulsions
increased with increasing water concentrations for the same
shear rate.

III.1 Effect of the temperature
To study the effect of temperature on the change of
emulsions viscosity ,Table 3 provides information on the
viscosity of the emulsion samples with different water types at
a shear rate 108.7 s-1 at temperature 10°C and 35°C.
TABLE 3. Viscosity (m.Pa.s) of crude oils at (108.7s-1) with different water
type and concentrations.

Deionize
d water
2%
3%
20%
40%

10°C

35°C

50,9
54,6
84,1
125

11,5
11,8
12,3
15

Lias
water
2%
3%
20%
40%

10°C

35°C

43,5
46,5
69,7
102

11,3
11,3
12,3
12,4

Relative
Error %
10°C 35°C
14.4
1.4
14.9
4.8
17.1
2.6
18.5
17

Table 3 shows that viscosity increases dramatically when
water content increases to 40%, and decreases considerably
with a temperature [13]. The viscosity of the emulsion with 40%
water deionized content at 10°C is about 125 mPas but drops
to 15 m Pa.s at a high temperature (35°C).
At a concentration of 30% of water, the increase of the
emulsion viscosity with deionized water, reaches higher levels
than that of the emulsion with water of Lias, but becomes less
in the high temperature (35°C).
From Table 4, it was observed that there is a considerable
increase in DVR% from 5.93% to 23.56% over a water
concentration of 2% – 40% at 10°C. At 35°C we have
observed the increase in DVR% from 1.39% to 17.07% over a
water concentration of 2% – 40%. The increase in DVR% at
10°C compared to 35°C can be cited for many reasons.
Increase in temperature leads to reduction in the viscosity of
the high weight components of synthetic crude oil i.e. waxes
and asphaltenes [14].
III.2 Effect of shear rate on viscosity a different concentration
of water at 15°c.
Fig1. Effects of shear rate and shear stress an emulsion viscosity at 10°C.

Figure 1 shows the viscosity of emulsions in the presence
of different water types and at different concentrations at 10°C.
All the flow curves tend toward the same Newtonian plateau
at high shear rate, but more shear rates are needed to reach
this plateau for an emulsion containing deionized water.
At higher water concentration, emulsions viscosity
differences become more pronounce. Additionally, the
experimental observations and findings can also show a shear
thinning effect, i.e. the apparent viscosity of emulsions were
reduced with an increase of the shear rate [6, 7, 12].

Figure 2 shows the viscosity profiles of the emulsions at
different water fractions sheared by a rate between 0.01 and
120 s-1 , which are plotted at 15°C.The flow curves shows
an increase of the apparent viscosity of the emulsion as the
water volume fraction is increased [15-16].
For all the emulsions, a non-Newtonian shearthinning behavior is observed; it's the results of the
reversible structural breakdown of the emulsion under shear,
which causes the deformation of the droplets. When the
shear rate increases, the droplets are more elongated, and
their major axis is aligned gradually in the direction of the
flow [17].

0,04500
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0,04000

3,000

0,03750

2,500

0,03500

2,000

0,03250

1,500

0,03000

1,000

0,02750

0,5000

0,02500

0

20,00

0,05000

40,00

60,00
shear rate (1/s)

80,00

100,0

shear stress (Pa)

viscosity (Pa.s)

4,000

Crude oil + 2% Dionized water at 15°C
Crude oil + 2% Lias water at 15°C

0,04250

with deionized water compared with the yield stress with
emulsion of Lias water at lower temperature (15°C) at a
concentration of water 40%. However, this difference has
decreased with the increase in temperature.
TABLE 4–Effect of Deionized water and Lias water fraction on the yield
stress (Pa) of the crude oil with different temperatures

0
120,0

Concentrations

4,500

Crude oil + 3% Dionized water at 15°C
Crude oil + 3% Lias water at 15°C

4,000

Crude
oil

3,500
shear stress (Pa)

viscosity (Pa.s)

3,000
2,500
2,000
1,500

2%
3%
20%
40%

Deionized
Lias water
water
Temperature (15°C)
0,3929
0,4128
0,6260
0,8480

0,3195
0,3749
0,4695
0,6293

1,000
0,5000
0,02800

0

20,00

0,07000

40,00

60,00
shear rate (1/s)

80,00

100,0

0
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7,000

Crude oil + 20% Dionized water at 15°C
Crude oil + 20% Lias water at 15°C
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0,03000

0

20,00

0,1000

60,00
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0
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0,07000

4,000
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-The rheological properties of the studied crude oil were
significantly influenced by the variation of the type of water
used.
-The rheological behaviors of crude oil vary significantly with
the variation of the type of water, especially at temperatures
below 35 °C.

10,00

Crude oil + 40% Dionized water at 15°C
Crude oil + 40% Lias water at 15°C

0,09500

viscosity (Pa.s)

40,00

IV. CONCLUSIONS
This paper has presented the effect of two water types on
the rheological behavior of the Algerian crude oil. A detailed
laboratory study proved that the rheological behavior of crude
oil is extremely sensitive to the type of water. From the above
studies, it can be concluded that:

0
120,0

Fig 2 Effect of shear rate on viscosity at differents water types and
concentrations at 15°C.

III.3 Yield Stress Measurements
An analysis based on the Herschel-Bulkley model was used
to determine the yield stress for each sample at different
temperatures. An important augmentation in the yield stress
was observed for each concentration of the used types of
water Meriem-Benziane et al. (2012). In general, the yield
stress of the two types of emulsion oil increases to nearly
doubled (50%) when the concentration varies from (2% - 40%)
at 15°C and 20°C. For temperature 25°, an increase of the
yield stress is observed, but such increase is still less (about
15.44%).From the Table 4, it was observed that there is a
considerable decrease in yield stress for all concentrations and
temperatures in our study for the emulsion containing water of
Lias compared with emulsion containing deionized water.
Indeed, the shear stress has increased by 25.79% of emulsion

-Compared to the values of the viscosity for the emulsion with
deionized water, the viscosity of the emulsion with Lias water,
is less, for all the concentration of water used and in all of the
temperature tested.
-The variation in rheological behavior between the two types
of emulsion increases with the increase in the fraction of water
and decreases with the increase of the temperature.
-At lower temperature, the difference between the shear stress
of the two emulsions at the same shear rate is more
pronounced compared to higher temperature.
-The yield stress of emulsion with Lias water takes lower
values compared to the values of emulsion with deionized
water. So less power will be required for starting of flow if the
water of Lias is added.
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Abstract— In this study, biodiesel produced from safflower oil
used as fuel in a diesel engine which is single cylinder, water
cooling, direct injection at different injection pressure. The
experimental results investigated for engine performance as
engine torque, power, specific fuel consumption and thermal
efficiency. According to test results, although biodiesel effected
engine performance parameters negatively, its performance
values improved due to increase injection pressure. Maximum
power and thermal efficiency values of biodiesel increased about
30% and 14% respectively compare to original injection pressure
values.
Keywords— Biodiesel, Engine performance, Diesel engine,
Safflower oil, Alternative fuel

I. INTRODUCTION
Diesel engines can operate at a higher compression ratio than
gasoline engines without causing the issue of knock or misfire.
As a consequence, diesel engines typically obtain higher torque
output and thermal efficiency, making it widely used in
industrial fields such as on-road and marine transportation
(especially for heavy-duty carriage), as well as power
generation [1]. The limited stock and serious environmental ill
effects of petroleum diesel triggered the need of research on the
way to find the alternative fuels. Many academic researchers
proved that the esters of vegetable oils (mostly non edible),
which is commonly known as Biodiesel, as better alternative
fuel and also concluded that their lower blend concentrations
show almost identical behavior as compared to mineral diesel
[2].
Yu et al. [3] investigated theoretical and experimental
comparison of internal flow and spray characteristics between
diesel and biodiesel. According to their test results, increase
injection pressure improved spray properties of biodiesel. And
they proved that fuel droplet diameter decreased due to high
injection pressure. Khandal et al. [4] presented effect of exhaust
gas recirculation, fuel injection pressure and injection timing
on the performance of common rail direct injection engine
powered with honge biodiesel. They said that although brake
thermal efficiency increased up to a point owing to decreased
droplet diameter with injection pressure, it decreased higher

injection pressure due to the fuel cannot penetrate into the air.
Aalam et al. [5] presented impact of high fuel injection pressure
on the characteristics of CRDI diesel engine powered by mahua
methyl ester blend. According to test results, brake specific fuel
consumption of diesel fuel increased with increasing
concentration of MME20. When the fuel injection pressure was
increased from 22 MPa to 88 MPa, the BSFC was drastically
reduced to 7.5%. Besides, BTE was increased with the increase
in fuel injection pressure. Wakode and Kanase-Patil [6]
preformed regression analysis and optimization of diesel
engine performance for change in fuel injection pressure in
their study. As results, the maximum engine performance
(33.66% BTE and 0.27 kg/kW h BSFC) was obtained at
injection pressure 220 bar. In this case, BTE and BSFC values
improved by 14% and 6.8% compared to injection pressure 200
bar (original). Syed et al. [7], investigated on a direct injection
diesel engine operated on dual fuel mode with hydrogen and
mahua oil methyl ester as injected fuels and effects of injection
opening pressure. They presented that thermal efficiency
improved by 28%, and the maximum BTE was observed at
injector opening pressure of about 250 bars and at 75% engine
load. Brake specific fuel consumption was continuously
decreasing with the increase in injector opening pressure.
Srinivas et al. [8] investigated impact of fuel injection pressure
on Performance Characteristics of diesel engine fueled with
palm kernel oil-eucalyptus oil blends. As result, as the injecting
pressure increased, BTE also increased. Better atomization of
the fuel, more surface area availability due to increase in
injecting pressure. Mutyalu et al. [9] investigated effect of fuel
injection pressure on performance characteristics of diesel
engine operating with shea olein biodiesel. According to test
results, Brake specific fuel consumption is low at 210 bar and
with increase of injection pressure BSFC increases. At higher
injection pressures BSFC is increased because of higher
momentum of fuel got impinges on cylinder walls leads to
wastage of fuel and improper combustion. BTE of B0, B10,
B20 and B100 fuels measured as 24.11, 23.58, 23.34 and 22.17
at 210 bar injection pressure which are higher compared to
other injection pressures. This was mainly due to complete
combustion of entire fuel which was admitted without any

wastage with higher momentum. Hirkude et al. [10] presented
effect of injection pressure on performance of diesel engine
fueled with waste fried oil methyl esters - diesel blend. BTE
found increases with increase in injection pressure. With
increase in injection pressure there was decrease in BSFC. The
intensity of decrease in BSFC was substantial from 200 bar to
225 bar. Intensity of decrease in BSFC from 225 bar to 250 bar
injection pressure was marginal.
In this study, investigated effects on engine performance
parameters such as torque, power specific fuel consumption of
biodiesel produced from safflower oil and its blends at different
injection pressure. Biodiesel and diesel-biodiesel blends were
used as fuel. Besides, their some fuel properties determined.
II. MATERIAL AND METHODS
Biodiesel used in the tests was produced from safflower seed
oil with transesterification method. The abbreviated codes of
fuels were determined as DF (100% diesel), B10 (90% diesel +
10% biodiesel), B20 (80% diesel + 20% biodiesel), and B100
(100% biodiesel). Some fuel properties of the biodiesel and
other test fuels are given in Table I.
TABLE I
SOME FUEL PROPERTIES OF TEST FUELS

Fuels
DF
B10
B20
B100

Density
at 15oC
834.5
837
844.4
885.6

Viscosity
at 40 °C
2.794
2.855
3.02
4.353

LHV
MJ/kg
43.145
42.54
42.038
38.59

Cetane
Number
55.2
55.3
55.5
55.7

Biodiesel and its blends decreased both engine torque and
power due to it has lower calorific value compare to diesel fuel.
However, high density and viscosity of biodiesel are affected
negatively its spray characteristics. Thence, biodiesel decreased
fuel’s combustion efficiency.

Fig. 2. Engine power values of test fuels at different injection pressures

Both torque and power increased for biodiesel and its blends
with increase injection pressure. This case can explain that the
diameter of sprayed fuel droplets decreased with high injection
pressure, and thence, they penetrated to air which has high
pressure in cylinder. Therefore, combustion efficiency
improved for biodiesel and its blends.

A diesel engine which has properties such as single cylinder,
water cooling, max power 9 kW, four stroke and original
injection pressure 190 bar was used during experimental study.
The tests performed at 400 rpm engine speed range 1000 to
3000 rpm at different injection pressures at full engine load.
Engine torque, engine power, specific fuel consumption and
thermal efficiency presented for engine performance
parameters as test results.
III. RESULTS AND DISCUSSION
Although engine torque and power decreased with addition
biodiesel into diesel fuel, these values increased due to droplet
diameter of injected fuel decreased with rise injection pressure.
These results were shown in Figure 1 and 2.

Fig. 3. SFC values of test fuels at different injection pressures

Figure 3 show that specific fuel consumption of test fuels in
different injection pressures. The specific fuel consumption
increased with use biodiesel due to same reasons with these of
torque and power. But, specific fuel consumption decreased for
biodiesel due to improved combustion efficiency with increase
injection pressure.
The oxygen content of biodiesel helped to better burn of it.
Besides, increase injection pressure increased also power
amount obtained from biodiesel and its blends. Hence, thermal
efficiency of test fuels increased with increase injection
pressure. This rise was becoming by 7.55% for biodiesel
compare to diesel fuel, and it observed Figure 4.
Fig. 1. Engine torque values of test fuels at different injection pressures

Fig. 4. Thermal efficiency values of test fuels at different injection pressures

IV. CONCLUSIONS
Results obtained from tests according to aims and targets of
study are following:





Biodiesel can be used by mixing with diesel fuel
thanks to it has similar fuel properties with diesel
fuel.
The rise of injection pressure improved engine
performance parameters of blend fuels and
biodiesel owing to improving injection
characteristics.
When biodiesel was injected with higher injection
pressure, its more usable as fuel was increased due
to improve of its bad injection characteristics owing
to high density and viscosity.

ACKNOWLEDGMENT
This study was supported by the grants from Scientific
Research Projects Coordination Unit of Selcuk University
(Project No: 18703017).
REFERENCES
[1] Technavio. Global diesel engine market 2016–2020. Market research
report, 2016.
[2] Deep, S.S. Sandhu, and S. Chander, “Experimental investigations on
the influence of fuel injection timing and pressure on single cylinder
C.I. engine fueled with 20% blend of castor biodiesel in diesel,” Fuel,
vol. 210(2017), pp. 15–22, August 2017.
[3] S. Yu, B. Yin, H. Jia, S. Wen, X. Li, and J. Yu, “Theoretical and
experimental comparison of internal flow and spray characteristics
between diesel and biodiesel,” Fuel, vol. 208(2017), pp. 20-29, July
2017.
[4] S.V. Khandal, N.R. Banapurmath, and V.N. Gaitonde, “Effect of
exhaust gas recirculation, fuel injection pressure and injection timing
on the performance of common rail direct injection engine powered
with honge biodiesel (BHO),” Energy, vol. 139(2017), pp. 828-841,
August 2017.
[5] C.S. Aalam, C.G. Saravanan, and B.P. Anand, “Impact of high fuel
injection pressure on the characteristics of CRDI diesel engine powered
by mahua methyl ester blend,” Applied Thermal Engineering, vol.
106(2016), pp. 702-711, June 2016.
[6] V.R. Wakode, and A.B. Kanase-Patil, “Regression analysis and
optimization of diesel engine performance for change in fuel injection
pressure and compression ratio,” Applied Thermal Engineering, vol.
113(2017), pp. 322-333, Nov. 2016.

[7] A. Syed, S.A.P. Quadri, G.A.P. Rao, and M. Wajid, “Experimental
investigations on DI (direct injection) diesel engine operated on dual
fuel mode with hydrogen and mahua oil methyl ester (MOME) as
injected fuels and effects of injection opening pressure,” Applied
Thermal Engineering, vol. 114(2017), pp. 118-129, Nov. 2016.
[8] K. Srinivas, B.B. Naik, and K.K. Radha, “Impact of Fuel Injection
Pressure and Compression Ratio on Performance and Emission
Characteristics of VCR CI Engine Fueled with Palm Kernel OilEucalyptus Oil Blends,” Materials Today: Proceedings, vol. 4(2017),
pp. 2222–2230, 2017.
[9] K.B Mutyalua, V.C. Dasb, and K. S. Rao, “Effect of Fuel Injection
Pressure on Performance and Emission Characteristics of DI- CI
Engine with Shea Olein Biodiesel,” Materials Today: Proceedings, vol.
5(2018), pp. 494–500, 2018.
[10] J. Hirkudea, V. Belokar, and J. Randhir, “Effect of Compression
Ratio, Injection Pressure and Injection Timing on Performance and
Smoke Emissions of CI engine Fuelled with Waste Fried Oil Methyl
Esters - Diesel Blend,” Materials Today: Proceedings, vol. 5(2018), pp.
1563–1570, 2018.

The effect of biodiesel addition on emissions of a
Diesel engine running at different injection pressures
Murat Ciniviz1, Ilker Ors2*, Ali Kahraman3, Bahar Sayin Kul1
Technology Faculty, Selcuk University, Konya, Turkey
{mciniviz, bsayin}@selcuk.edu.tr
2
Cihanbeyli Vocational School, Selcuk University, Konya, Turkey
ilker.ors@selcuk.edu.tr (corresponding author)
3
Faculty Of Engineering and Architecture, Necmettin Erbakan University, Konya, Turkey
akahraman@konya.edu.tr
1

Abstract— This study investigates the exhaust emissions of a diesel
engine running at different injection pressures fuelled with
various diesel-biodiesel blends. Diesel, biodiesel fuel as reference
and the blends created by adding 10%, 20% of biodiesel to diesel
were used for tests carried out for seven different engine speeds
between 1000 rpm and 3000 rpm under full load condition. It has
been observed that as the biodiesel content increases, CO, HC
emissions and smoke opacity are significantly reduced when NOx
emission is increased because of high combustion temperatures of
oxygen-containing biodiesel. If it is evaluated from the point of
injection pressure, increase in injection pressure causes reduction
in droplet diameter. This reduces CO, HC emissions and smoke
opacity by increasing the contact surface with air.
Keywords— biodiesel, diesel engine, exhaust emissions

I. INTRODUCTION
It is crystal-clear fact that energy demand, increases due to
population rising day by day, can not be met with
current energy sources when it is thought that fossil fuels are at
risk of depletion. This has led to search for alternative energy
sources that can be used as fuel for internal combustion engines
with more energy supply. Since the invention of them, many
different sources have been used as fuel; e.g. gasoline, diesel
fuel, natural gas, liquefied petroleum gas, alcohols etc. [1].
Biodiesel is also an alternative energy source, which is made an
indelible impression on exhaust emissions of diesel engines
because it is characterized by its ability to cause less release of
CO, HC, emissions. Besides, it has no effect on increasing
greenhouse effect as it contributes to the biological carbon
cycle.
The causes and amounts of exhaust emissions from diesel
engines are not only related to the fuel the engine is run with,
but also to the engine operating parameters. The injection
pressure, which represents the pressure in which the fuel is
sprayed into the cylinders atomically, directly affects the
exhaust emissions [2]. Some of the researches related to fuel
injection pressure are summarized below. Çelıkten [3] has
investigated the effect of injection pressure on engine
performance and exhaust emissions of a turbocharger diesel
engine. As a result of experiments varied with the injection
pressures of 100, 150, 200 and 250 bar, it is revealed that higher
injection pressure is required for minimum O2, SO2 and CO2
emissions even though its opposite is valid for NOx. Sekmen et

al. [2] have studied on the effects of various injection pressures
(100, 150,175, 225 and 300 bar) and maximum fuel quantity
for a direct injection diesel engine. It has been detected that if
the injection pressure exceeds the engine standard, the smoke
emissions decreases for 200 and 225 bar. But as the injection
pressure continues to increase up to 300 bar, the smoke density
increases again. Jagadish [4] has carried out an experimental
study on a direct-injection diesel engine operated with different
injection pressures of 180, 220 and 260 bar for a constant
engine speed (1500 rpm). It is observed an increase in NOx and
unburned hydrocarbon emissions with the effect of injection
pressure increase. In another study conducted by Puhan et al.
[5], a methyl ester has been investigated in a constant speed, DI
diesel engine with various fuel injection pressures of 200, 220
and 240 bar. It is determined that the optimum injection
pressure value is 240 bar in view of the greatest reduction in
CO, unburned hydrocarbon and smoke emissions. İçıngür and
Altiparmak [6] have investigated the effect of both different
fuel cetane numbers (CNs) and fuel injection pressures on a
direct injection diesel engine emission. Tests were conducted
for each of the injection pressures 100, 150, 200 and 250 bars.
It is stated that NOx emission decreases with reduction of
injection pressure depending on the combustion conditions.
Balaji and Cheralathan [7] have done a research to achieve the
most appropriate one of 200, 220, 240, and 260 bar as injection
pressures for optimum emissions. In the case of injection
pressure being rised from 200 to 240 bar, CO, HC and smoke
intensity reduce when NOx emission increases. It is found that
optimum injection pressure is 240 bar when considering the
effect on performance also. An other research to investigate the
fuel injection strategies, the effects of various parameters, one
of which is injection pressure, are examined by Agarwal et al.
[8]. It is obtained that NOx emission increases when CO2 and
HC emissions decrease with increasing injection pressure as a
result of the tests carried out on a single-cylinder engine
operating at two different pressures (500 and 1000 bars) for a
constant speed (2500 rpm). Gumus et al. [9] have discussed the
effect of ezhaust emissios of a direct injection diesel engine
running at 18, 20, 22, and 24 Mpa four for different engine
loads. Smoke opacity, unburned hydrocarbon and CO
emissions were found to be reduced although the others (CO2
and NOx) have the reverse effects because of fuel properties and
combustion characteristics of biodiesel. Jindal et al. [10]

II. MATERIAL AND METHODS
The diesel fuel required to prepare the blends is procured
from a gas station and biodiesel used in tests was produced from
safflower seed oil with transesterification method. The fuel
blends, shown as briefly B10 (90% diesel, 10% biodiesel) and
B20 (80% diesel, 20% biodiesel) prepared by mixing biodiesel
and diesel in different proportions. The effect of biodiesel
addition to diesel was investigated in case the engine operated
at different injection pressures (170, 190 and 220 bar) for seven
different engine speeds (1000, 1400, 1800, 2200, 2600, 2800,
3000 rpm) under full load conditions. All the results were
compared with effect of DF (100% diesel) and B100 (100%
biodesel). For each test condition, data were collected three
times to get more accurate results after the engine became
stable and the average values are noted for each exhaust
emission.
TABLE I
SOME FUEL PROPERTIES OF TEST FUELS

Fuels
DF
B10
B20
B100

Density
at 15oC
834.5
837
844.4
885.6

Viscosity
at 40 °C
2.794
2.855
3.02
4.353

LHV
MJ/kg
43.145
42.54
42.038
38.59

Cetane
Number
55.2
55.3
55.5
55.7

Tests were conducted on a single cylinder direct injection
diesel engine. The key specifications of engine are given in
Table 2.
Model

TABLE II
ENGINE SPECIFICATIONS

Type
Cylinder number
Cylinder value, cm3
Bore X Stroke, mm X mm
Compression ratio
Max. Engine speed, rpm
Max. Engine torque, Nm@rpm
Max. Engine power, kW@rpm
Cooling system
Injector mark – injection
pressure, bar

3 LD 510
Four stroke,
Direct injection
Single
510
85 X 90
17.5:1
3400
36@1400
9@2800
Water cooled
STANADYNE 41445190
– 190

III. RESULTS AND DISCUSSION
The relationships between independent variables which are
engine speed, fuel type and injection pressure and dependent
variables which are CO, HC, NOx emissions and smoke
opacity are discussed in this section.
CO emissions, the mechanism of which is directly related to
fuel not burning completely, are affected by a number of factors
such as air-fuel equivalence ratio, fuel type, combustion
chamber design, atomization rate, initiation of injection timing,
injection pressure, engine load and speed [9]. The variation of
CO emissions can be seen in Fig. 1 based on tests conducted by
taking both the injection pressure and fuel type besides the
engine speed as variable. As biodiesel is an oxygenated fuel, C
atoms are converted into CO2 by the presence of sufficient O
atoms instead of forming CO. This conversion explains the
reduction of CO emissions with increase in biodiesel ratio in
the fuel. While the increase in injection pressure for diesel fuel
increases the release of CO emissions, increase in biodiesel
ratio yields the opposite effect. The increased heat release rate
due to high pressures leads to decrease in CO emissions.
Besides, it also decreases due to the good air-fuel mixing and
easy and complete combustion which is a result of smaller
droplet diameter.
2,0
Average CO emission (%)

studied on the engine design parameters such as compression
ratio and injection pressure to find best possible combination ot
them for the case of using Jatropha methyl ester as fuel. The
effects of injection pressures varied as 150, 200 and 250 bar as
follows: higher injection pressures help to keep HC, NOx and
smoke opacity at a lower level low levels.
In this study, the effects of adding biodiesel to diesel fuel at
different ratios (10% and 20%) were investigated. For
comparison, the engine was run with both 100% diesel and 100%
biodiesel fuel. Tests were carried out on a single-cylinder diesel
engine operating at different injection pressures (170, 190 and
220 bar) for seven engine speeds (from 1000 rpm to 3000 rpm)
under full load condition.

170 bar

190 bar

220 bar

1,5
1,0
0,5
0,0

DF

B10

B20

B100

Fig. 1 Variation of CO emission with injection pressure

Fig.2 demonstrates the variation of the HC emissions with
injection pressure of diesel engine fueled with biodiesel-diesel
blends. The fact that the engine is operated with biodieselsupplemented fuels has caused serious reductions in HC
emissions. It is approximately 9.6%, 11%, 17.2% for 170 bar
12.7%, 19.5%, 31.8 % for 190 bar and 23.9%, 30.1%, 44.6%
for 220 bar compared B10, B20 and B100 with DF respectively.
The main reason for the reduction in HC emissions is the
presence of oxygen in the biodiesel, has about 10–11% oxygen
contents, and therefore the complete combustion conditions
are approached [10]. It is also seen that the increasing injection
pressure causes the fuel air mixing in the combustion chamber
being more excellent, so less HC emissions release than that of
the low injection pressure. Especially, the higher injection
pressures than the standard injection pressure of engine cause
the HC emissions to tend to decrease for fuels containing
biodiesel.

170

190 bar

smoke opacity decrease. Conversely, when the injection
pressure decreases, the droplet diameter increases and the
evaporation of the fuel takes longer. In this case, carbon
particles accelerate smoke opacity because there is not enough
time to complete the combustion process. The addition of
biodiesel to diesel has the potential to reduce smoke opacity.
The average decrease in smoke opacity values have been
obtained as 5.7%, 7.2%, 15.1% for 170 bar, 16%, 18%, 32.1%
for 190 bar, 25.2%, 31.8%, 43.8% for 220 bar compared to
diesel fuel.

220 bar

150
130
110
90

DF

B10

B20

Fig. 2. Variation of HC emission with injection pressure

Average NOx emission (ppm)

As known, most important parameters required for the
generation of NOx emissions are combustion temperature incylinder and presence of oxygen. Fig.3 represents injection
pressure-dependent variation of NOx emissions for all test fuels.
It is observed that NOx emissions tend to increase depending on
the increase in biodiesel ratio at all injection pressures. Exhaust
gas temperatures was measured as 831, 838, 850, 878 K for 170
bar 871, 878, 885, 942 K for 190 bar and 848, 877, 906, 993 K
for 220 bar in case of engine being fueled with DF, B10, B20
and B100 respectively. From this fact, it can be stated that as
biodiesel addition to diesel fuel increases end-of-combustion
temperatures due to oxygen content, resulting in increased NOx
emissions. Raising the injection pressure above the standard
injection pressure of 190 bar leads to faster evaporation of the
fuel spray for biodiesel-diesel fuel blends. High combustion
temperatures resulting from high combustion rates accelerate
the mechanism of NOx formation. It explains why the NOx
emissions are higher at high injection pressures especially for
biodiesel-supplemented fuels.
170 bar

190 bar

220 bar

1050

900

750

DF

B10

B20

5,00

B100

B100

Fig. 3. Variation of NOx emission with injection pressure

Fig.4 illustrates the variation of the smoke opacity with both
injection pressure and biodiesel rate in the fuel. Smoke opacity
defines as the percentage of non-transparent particles in the
exhaust gas that reduce the intensity of illumination of the light
passing through the gas. When the injection pressure increase,
fuel particle diameters become smaller. Because formation of
mixing fuel to air becomes better through injection period,

Smoke Opacity, k (1/m)

Average HC emission (ppm)

170 bar

170 bar

190 bar

220 bar

4,50
4,00
3,50
3,00
2,50
2,00

DF

B10

B20

B100

Fig. 4. Variation of smoke opacity with injection pressure

IV. CONCLUSIONS
In this study, it was aimed to examine the effects of injection
pressure on the exhaust emissions of a diesel engine fuelled
with biodiesel-diesel blends. For this purpose, diesel engine
was run at different injection pressures of 170, 190 and 220 bar
for seven different engine speeds of 1000, 1400, 1800, 2200,
2600, 2800, 3000 rpm under full load conditions. The variation
of CO, HC, NOx emissions and smoke opacity was investigated
regarding average engine speed for DF, B10, B20 and B100.
The following conclusions can be draw in consequence of tests
carried out on the mentioned conditions:
The increase of the injection pressure causes reduction in
droplet diameter. This improves the combustion conditions by
increasing the air-contacting surface area and thereby CO, HC
and smoke opacity are reduced in comparison to low injection
pressures.
Better atomization of the fuel and uniformity of the blends
increases the end-of-combustion temperatures that accelerates
NOx formation.
Because biodiesel fuel contains more oxygen than the
diesel fuel, by increasing the biodiesel rate in the fuel CO, HC
emissions and smoke opacity are significantly reduced. Due to
its oxygen content, biodiesel fuel induces the formation of NOx
emissions by increasing end-of-combustion temperatures.
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Abstract— In this study, kevlar-glass fiber composite coated model
aircraft production is achieved with the additive manufacturing
method. 3D printer is used for body parts. The kevlar-glass fiber
is coated on the surface with composite techniques at the end of
the production phase. A fixed wing design is selected with 0.75m
wingspan and 0.152m2 wing area. In the wing profile, the cellular
composite construction is performed and a light and durable body
was obtained. With the additive manufacturing method, it is
possible to produce model aircraft without conventional methods.
The advantage of this method is that small desktop units can be
used for the production of model airplane parts. PLA filament is
used in this method. With additive manufacturing method, the
production time and final product weight are optimized. The
production time of all parts is 24hr and 46min. 3D printed body
weight is 400gr, takeoff weight is 2058gr. After the mounting of all
parts, kevlar-glass fiber composite is coated on top of the surface
with polyester resin. At the end of the work, the electronic control
and mechanical components of the model aircraft is completed,
and the model is become ready for remote control (RC) flight.
Keywords— Model airplane, additive manufacturing, Kevlarglass fiber composite

I. INTRODUCTION
Model airplane based Unmanned Aerial Vehicles (UAVs)
are utilized increasingly in recent years [1], [2], UAVs are
preferred in military operations [3], scientific researches [4],
mapping [5], agricultural applications [6], urban traffic control
[7], or emergency situations [8]. In recent years, with the
development of modern design and production tools, additive
manufacturing and rapid prototyping concepts [9] have been
started to be used on the production of UAVs [10]. Fused
Deposition Modelling (FDM) based three dimensional (3D)
printing is a basic type of additive manufacturing techniques
[11]. Mountable components of model airplane’s composite
airframe bodies could be produced by FDM with 3D printer
equipment [12].
FDM production is performed by using thermoplastic
polymer filament materials. The filament is heated to its
melting point and then extruded by a very thin nozzle, layer by
layer on a table, and solidified to create a three-dimensional
object [13]. Computer-aided design programs are preferred for
design. When the designed items are produced with FDM
technology, light, and resistant parts which are suitable for

flight are emerged [14]. But this technique have delamination
problem under loading [15]. To avoid this problem, textile or
composite fibers are used in recent years [16]. Fiber based
composites could be used as embedded or on the top surface
coatings. The embedded fibers could increase the weight ratio
and it is not desired for flight components.
In the last decade, small model airplanes, mostly produced
by FDM-3D printing method, are part of research and
development activities in many institutions. The most striking
examples come from Southampton and Sheffield University in
the UK and the University of Virginia from the USA [17], [18].
In this study, fixed-wing model airplane was produced by
using FDM technique. Poly lactic acid (PLA) polymer filament,
kevlar-carbon fiber reinforcement element, and polyester resin
were used in the production. As the control unit; Pixhawk flight
control card, GPS module, OSD, 915MHz telemetry receiver
and transmitter, vibration absorber mounting plate and
connection cables were used. Electrically driven prototype jet
engine motor was chosen as propulsion systems. Lithiumpolymer batteries were also selected as the electric energy
storage unit.

A. Airframe Design Summary
In the scope of the study, a fixed-wing ready design was
selected for model airplane. In Figure 1, the model airplane
design can be seen. The selected design has 2 fixed wings, 2
moving ailerons, 2 vertical stabilizer wings, and 2 balance
wings. The rear part carries a prototype jet engine as the
propulsion unit. The battery and control electronics unit will be
placed under the cover on the front. Moving spoilers will be
controlled by remote control R/C modules using servo motors.
There are open holes in the fuselage and the air will flow
through these holes to cool the model, thus there will be no
heating problem during flight.
All mountable airframe parts will be produced with 3D
printer as cellular composite type. Fixed wing model airplane
has mountable parts, which can be driven by moving wings and
prototype jet motor. Table 1 summarizes general geometric
features including take-off weight, fuselage weight, wing span,
wing area, wing aspect ratio, length, fuselage diameter, height,
number of 3D printed parts, 3D printed parts weight ratio, and
3D printer production time. The system is designed as an
example of reproducible concept by the FDM method and does

not carry any payload. In subsequent design optimization
studies, the payload carrying capacity can be increased or
camera attachments can be included in the system.

Figure 1: The model airplane design
TABLE 1: FIXED WING MODEL AIRPLANE GEOMETRIC FEATURES

TABLE 2: MODEL AIRPLANE BODY PARTS AND 3D PRINTING
TIMES

Body Part

Number
of items

Body

3

3D printing time
(for each part)
(hh:mm:ss)
02:40:29

Jet engine holding unit

3

00:47:25

Propulsion unit holding
parts
Left back wing

3

00:32:51

4

01:25:24

Right back wing

4

01:25:26

Vertical stabilizer
wings
Balance wings

2

00:14:52

2

00:19:30

Under air stabilizer unit

1

00:5:21

TOTAL

22 items

24:46:ss

Take-off weight

2058gr

B. Assembly of body parts

Fuselage weight

400gr

Wingspan

0.75m

Wing area

0.152m2

After the production of the model aircraft body parts, the
parts were assembled. In Figure 2, the mounted model aircraft
can be seen. For the assembly process, a fast adhesive is used.

Wing aspect ratio

6.6

Length

0.60m

Fuselage diameter

72mm

Height

180mm

Number of 3D printed parts

22

3D printed parts weight ratio

35%

3D printer production time

24h 46min

II. MODEL AIRPLANE PRODUCTION

A. Production of body parts with FDM method
In the study, the production of model aircraft body parts was
realized by using 3D printer. It is produced from PLA polymer
raw material by using FDM method in 3D printer. PLA is a
biodegradable and bioactive thermoplastic raw material
produced from renewable sources such as corn starch, cassava
roots, or sugarcane. It melts at 200°C and can be extruded from
a very thin nozzle of 0.4μm size. It is frequently used as raw
material in FDM technique due to suitable mechanical
properties such as 65MPa yield stress, 8% elongation, and 97
MPa bending stress. Among bioplastics in 2010 PLA has the
world's second highest consumption volume [19]. Due to all
these convenient features, PLA raw material has been utilized
for model aircraft body construction.
The 3D printed parts have cellular composite type
lightweight structures for rigidity. The model is produced from
22 parts which can be mounted on the body of the model
airplane. In Table 2 the number of mountable parts, the printing
time and total production time of each parts are given.

Figure 2: Mounted model airplane

C. Kevlar-Glass fiber composite coating
In the study kevlar-glass fiber composite coating was done
on the model aircraft. Kevlar fibers and glass fiber were cut and
trimmed to be used for coating. The fibers were spread to the
surface with polyester resin and composite techniques. Then,
the coating was dried.
Generally, 3D printed parts have delamination problems.
The sheet layers could separate with time and with loading. To
avoid this problem, Kevlar-glass fiber composite coating is
applied. As a result more rigid structure was obtained.

D. Electronic Control and Mechanical Components Assembly
After the production of the model aircraft, the prototype jet
engine, control electronic unit and battery unit were installed.
A remote control RF transceiver with a minimum 2 km control

range is used. A servomotor is employed to control the wing
opening. A prototype electric jet engine is assigned to
propulsion force. Control card and motor driver were used for
autopilot. The weights of the selected electronic component
parts and their usage can be seen in Table 3. Tests were
conducted following the electronic components assembly. The
center of gravity control and balancing of the model airplane
was performed. After all settings were completed, modal
airplane became ready for flight tests.

[5]
[6]

[7]

TABLE 3: THE WEIGHTS OF THE SELECTED ELECTRONIC
[8]

COMPONENT PARTS AND THEIR USAGE

Properties
Servo motor
Transceiver
Battery
ESC
Voltage regulator
Cables

JR-DS8611
digital servo
10 Channel,
PMC
7.4V lithiumpolymer
Phoenix HV85
brushless ESC
7.4 Volt-to-6V
converter circuit
Various cables
in different sizes

Number
of items

Total
weight
(gr)

5

215

1

45

1

84

2

230

1

20

[9]

[10]

[11]

[12]

[13]

1

57
[14]

Propellers

Propeller

1

557

EDF Unit

Brushless motor
and EDF unit

1

450

Total

1658

[15]

[16]

[17]

III. CONCLUSIONS
In this study, kevlar-glass fiber composite coated fixed wing
model aircraft production was done by the additive
manufacturing method. FDM method, 3D printer device, and
PLA biopolymer filament were used in this technique. The
body was assembled and then coated with kevlar-glass fiber
composite. After that, the mounting of electronic components
was achieved. With composite coating, the delamination
problem of 3D printed parts could be solved.
Flight tests are being studied at this stage. When trying to
build a model aircraft fleet in the next stage, the same design
can be produced multiple times or different designs can be tried
with this techniques.
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Abstract— In this study, energy and exergy efficiency were
determined for three different Organic Rankine Cycle (ORC)
models designed using R113, R123 and R601a fluids. According to
the second law of thermodynamics, the values of the system
parameters are determined by the condition that the
irreversibility values in all components are positive.
Thermodynamic analysis was performed using MATLAB and
EES (Engineering Equation Solver) program. With the generated
model, at the turbine inlet temperature change intervals, the cycle
performance is within the scope of the first law of
thermodynamics; the irreversibility values brought about by the
different source temperatures in the system and the exergy
analysis were carried out within the scope of the second law of
thermodynamics. The critical temperature values of the R113,
R123 and R601a fluids were 214.1 oC, 183.7 oC and
187.2 oC
respectively. The optimum source temperature analysis was
performed for three different dry fluid. Three different fluids
were evaluated in the same input parameter ranges, and network,
turbine work, pump consumed work and also pump, evaporator,
turbine and condenser irreversibilities were determined in the per
unit mass. Using numerical experiment values, it was determined
which fluid had the highest efficiency at which the source
temperature and turbine inlet temperature. In this study, with
three different ORC models using MATLAB and EES program,
optimum values of source temperature and turbine inlet
temperature were determined according to the choice of fluid.
Keywords— Organic Rankine Cycle (ORC), Engineering
Equation Solver (EES), Energy, Exergy, Dry Fluids

I. INTRODUCTION
Traditionally, taking advantage of low temperature heat has
several difficulties, since it is technically difficult and
uneconomical. The traditional technology used in heat-power
generation is a steam turbine, but it requires high temperature
and pressure for proper operation. The preferred technology at
low temperatures (<150 ° C) is Organic Rankin Cycle (ORC).
Instead of water and high pressure steam, it is named as organic
fluid is used. In ORC technology, it uses high molecular weight
liquids that boil at a lower temperature than water. This feature

allows the Rankine Cycle to obtain heat from traditionally very
low heat sources for economic power generation [1].
When the literature is examined it is seen that there are
different studies about ORC performance. Some of the work
done in the scope of the thesis and article are presented below.
Kardaş [2], examine the design and implementation of a small
scale Organic Rankine Cycle test set. A flexible experimental
setup has been created that allows for examination. The device
is built with pressure, temperature and flow sensors to collect
data. 13 fluid are compared with respect to environmental,
physical and safety characteristics. The fluids satisfying these
criteria were selected for further analysis R134a, R141b,
R245ca and R245fa. As a result of the thermodynamic analyses,
R134a was chosen as the cycle fluid for the test setup. The
maximum received power and maximum cycle efficiency were
4.13 kW and 7.64% respectively. Soysal [3], has modelled a
small scale ORC system powered by concentrated solar energy
technology. The modelling of the cycle system and the solar
collectors used to heat the fluid in the system was made
according to the ORC test system at Bogazici University. By
making the thermodynamic design of the Organic Rankine
Cycle, it has designated the fluid to be used in the system as
R245fa and sized the system to produce 10 kW in ideal
conditions. Günaydın [4], worked on the design,
thermodynamic analysis and prototype system manufacturing
of the recuperated Organic Rankine Cycle system. At the end
of the study, the highest ORC efficiency was obtained in the
R365mfc fluid with 10.4%. This value has reached 110 oC heat
source temperature, 80% turbine isentropic efficiency, 5 oC
superheat temperature. The lowest efficiency (4.7%) was found
in the R236ea fluid with 90 oC heat source temperature, 60%
turbine isentropic efficiency, 15 oC superheat temperature
conditions.. Su et al. [5], reported that the Organic Rankine
Cycle was influenced by the flow and ambient conditions used.
According to the simulation, R254eb and R254cb were found
as the most suitable candidates. Sun et al. [6], using the R113
as a organic fluid, the thermodynamic performance of the ORC
system has been influenced by operational parameters such as
evaporation temperature, overheat level and condensation
temperature. Rahbar et al. [7], presented a mathematical

approach to the development of efficient and small size radial
turbines. It has been found that R152a has the highest turbine
efficiency of 84 % among the fluids with the degree of
superheating of 7oC.
In this study, thermodynamic design model of Organic
Rankine Cycle containing three different dry fluids was created
with the help of MATLAB and EES. With the created design,
the effect of turbine inlet temperature and source temperature
on ORC performance was determined. As dry fluid, R113,
R123 and Isopentane fluids were selected. The turbine inlet
pressure, condenser outlet temperature, pump and turbine
isentropic efficiency are kept constant. The amount of heat
required for the system, the work done by the turbine, the
thermal efficiency, the exergy efficiency, the total
irreversibility value in the system has been determined. The
effect of the system components on the total irreversibility
value is determined. Turbine inlet pressure was determined as
260 kPa and turbine inlet temperature range was determined
so that three fluids would be in the case of superheated steam
at the inlet of the turbine. The main purpose of this work is to
clearly demonstrate the effect of turbine inlet temperature and
heat source temperature on ORC performance by using three
different dry fluids in the same operating range, producing a
thermodynamic design model.
II. MATERIALS AND METHODS
An ORC technology based on a system for generating
electricity from heat (Figure 1) uses heat from the hot source
to vaporize the organic working fluid in the evaporator. The
pressurized steam is then sent to the turbines and generates
electricity when combined with the generator. The steam is
condensed again into a liquid in the condenser. Here, either
the cooling tower, groundwater or river water is used as a
cooling fluid. Then, the pump sends the working fluid back to
the evaporator and this closed cycle process repeats.

The physical and environmental properties of the three
different dry flow fields identified in the study are given in
Table 1. From the selected fluids, the boiling points of R123
and Isopentane fluids are the same but R113 fluid is seen to be
more. It is seen that all three fluids have a high critical
temperature value and the R123 fluid has the lowest critical
temperature value. It has been given that ODP (Ozone Drilling
Potential) and GWP (Global Warming Potential) values are
lowest in Isopentane fluid.
Table 1. Physical and environmental properties of fluids used
Fluids/
Properties
ds/dT
Molecular Mass
(g/mol)
Normal Boiling
Point (oC)
Critical
Temperature
(oC)
Critical Pressure
(MPa)
ASHRAE 34
safety group
ODP
GWP
Saturation
Temperature for
260 kPa (oC)
in design [9]

R113

R123

Isopentane

Dry fluid
187.38

Dry fluid

152.93

Dry fluid
72.15

47.6

27.8

27.8

214.1

183.7

187.2

3.39

3.66

3.38

A1

B1

A3

1.000
6130
79,16

0.020
77
56,68

0
20
58,27

Within the scope of the study, the turbine inlet pressure was
set at 260 kPa. The saturation temperature values for the
selected fluids at 260 kPa are 79.16 oC, 56.68 oC and 58.27 oC
for R113, R123 and Isopentane, respectively. The lower limit
of the inlet temperature of the turbine is set at 80 oC so that the
three fluids in the turbine inlet are in the hot steam zone. The
T-s diagram of the three different dry fluids is given in Fig. 2.
to include the 260 kPa line.
The fixed values and the independent variables used in the
thermodynamic design model of three different dry fluids with
the integrated use of MATLAB and EES are given in Table 2.

Fig. 1 Basic ORC Scheme [8]

Table 2. Fixed values and independent variables for the
thermodynamic design model

Fixed
Values

Turbine Isentropic Eff.

85%

Pump Isentropic Eff.

85%

Turbine Inlet Pressure

260 kPa

Sink Temperature

17 oC

Condenser Outlet Temp.

20 oC

Organic Fluids
Independent
Variables

Turbine Inlet Temp.

R113/R123/Isopentane
80 oC-120 oC

Range
Heat Soırce Temp. Range

110 oC-130 oC

Fig. 2 T-s diagram of three different dry fluid (a) R113; b) R123;
c) Isopentane
The purpose of this study is to demonstrate the effect of the
simultaneous increase in turbine inlet temperature and source
temperature on ORC performance. By highlighting three
different dry fluids under the same input parameters, the
importance of fluid selection in energy and exergy analysis is
highlighted. In addition, the total irreversibility value generated
by the turbine inlet temperature and the source temperature on
the system is determined, and the percentage of this
irreversibility in the system components is specified. It has been
tried to explain in which organic fluid the need to improve on
which component.
III. RESULTS AND DISCUSSIONS
In this study, for the selected R113, R123 and Isopentane
fluid, the input parameters are determined by checking the
conformity of the second law of thermodynamics. The model is
designed to have a much lower turbine inlet pressure value than
the conventional cycle. For the specified turbine inlet pressure
value of 260 kPa, the ORC performance was determined by the
influence of turbine inlet temperature and source temperature.
In the prepared design model, the turbine inlet temperature was
changed between 80 oC and 120 oC and the source temperature
was changed between 110 oC and
130 oC to analyze the
energy and exergy of the ORC system. For 102 different input
numeric test values determined among these values, 612 output
numeric test values were obtained, such as the amount of heat
input, turbine work, thermal and exergy efficiency and
irreversibilities in components.

Figure 3 shows the effect of turbine inlet temperature and
source temperature change on the amount of heat required for
the system. Three fluids seem to require more heat as the
turbine inlet temperature and source temperature increase.
While the heat input values for R113 and R123 fluids are close
to each other, it seems that much more heat input is required in
Isopentane. For a system with an average of 100 oC turbine inlet
temperature and 120 oC source temperature, the heat input
value for R113 and R123 fluids is 205.4 kJ/kg and 230.3 kJ/kg,
while this value for isopentane fluid is 489.6 kJ/kg.

Fig. 4 Change of turbine work with turbine inlet temperature
and heat source temperature
Figure 5 shows the thermal effect of turbine inlet
temperature and source temperature variation. For three fluids,
it is observed that the thermal efficiency does not increase as
the turbine inlet temperature and source temperature increase.
More turbine work was obtained in the system containing
isopentane fluid. However, Isopentane fluid is also required for
the most heat requirement. Therefore, the thermal efficiency is
lower than the others. The maximum thermal efficiency is seen
Fig. 3 Change of heat input with turbine inlet temperature in the R113 fluid, which achieves average turbine work with
and heat source temperature
less heat input. For a system with 80 oC turbine inlet
temperature and 110 oC source temperature, the maximum
Figure 4 shows the effect of turbine inlet temperature and thermal efficiency achieved for R113 was 12.4%, while the
source temperature change on the turbine work. For three fluids, thermal efficiency for the same input values was 8.8% for other
the turbine work seems to increase as the turbine inlet fluids.
temperature and source temperature increase. Although R113
fluid requires less heat input than R123 fluid, it seems to have
done more turbine work. It is seen that the system containing
isopentane fluid still contains more turbine work than the others.
For a system with an average of 100 oC turbine inlet
temperature and 120 oC source temperature, the turbine work
value for R113 and R123 fluids is 25.41 kJ/kg and 20.33 kJ/kg,
while this value for isopentane fluid is 42.67 kJ/kg.

Fig. 5 Change of thermal efficiency with turbine inlet
temperature and heat source temperature

Figure 6 shows the effect of turbine inlet temperature and
source temperature change on the total irreversibility value. For
three fluids, the total irreversibility does not seem to increase at
the same rate as the turbine inlet temperature and source
temperature increase. It is seen that the irreversibility increases
more in the Isopentane fluid and the least irreversibility is in the
R113 fluid. As the 80 oC turbine inlet temperature increased to
120 oC and the 110 oC source temperature increased to 130 oC,
the total irreversibility of the R113 and R123 fluids increased
by 16 kJ/kg and 14 kJ/kg, respectively. As a result of this
change, the total irreversibility of the system containing
Isopentane fluid increased by
35 kJ/kg.

Fig. 7 Change of exergy efficiency with turbine inlet
temperature and heat source temperature

Fig. 6 Change of total exergy loss with turbine inlet
temperature and heat source temperature
Figure 7 shows the effect of turbine inlet temperature and
source temperature change on the exergy efficiency of the
system. For three fluids, as the turbine inlet temperature and the
source temperature increase, the efficiency of exergy decreases,
but it does not decrease for the same effect. It is seen that the
least is the exergy efficiency in the most irreversible isopentane
fluid, and the most is the exergy efficiency in the least
irreversible R113 fluid. As both the turbine inlet temperature
and the source temperature increase, the exergy efficiency of
R113 fluid is reduced more rapidly than other fluids. For a
system with 80 oC turbine inlet temperature and 110 oC source
temperature, the maximum exergy efficiency obtained for R113
was 56.3%, while the exergy efficiency for the same input
values in other fluids was 36.5%.

Figure 8 shows the percentage of irreversibility in the total
irreversibility of the system components when three different
dry fluids reached maximum thermal efficiency and exergy
efficiency. For the three fluids, the most irreversible is seen in
the evaporator. The percentage of irreversibility that occurs in
the evaporator is 80% for R123 and Isopentane, while it is 67%
for R113. In the system containing R113 fluid, it is seen that
the irreversibility of the turbine is higher than that of other
fluids. It is seen that the irreversibility of the condenser is close
to each other for the three fluids. The irreversibility of the water
in the pump is not specified as it is around 0.08% for the three
fluids.

Fig. 8 Total exergy loss percentage in each component for
highest thermal and exergy efficiency position of cycle

Figure 9 summarizes thermal and exergy efficiency values
for three fluids in a single graph. It is seen that both the thermal
efficiency and the exergy efficiency of the system containing
R113 fluid are higher than those of other fluids. Isopentane and
R123 fluids show close results.

value obtained in R113 fluid with a maximum of 56.3%.
Turbine inlet temperature and source temperature changes are
the result that the irreversibility value of the evaporator is
affected the most. For all three fluids, it was seen that the
percentage of irreversibility in the evaporator was greater than
the other components. Moreover, in the system containing
R113 fluid, it is stated that irreversibility value in the turbine is
also important. When the results were evaluated, R113 fluid
showed better results than the others. R123 and Isopentane
fluids, which are close to each other in terms of thermophysical
properties, also showed close results in thermal efficiency and
exergy efficiency parameters.
As a result, we show that the thermodynamic design model
developed by MATLAB and EES for the Organic Rankine
Cycle in this study can be successfully applied to energy and
exergy analysis of different dry fluids at the same operating
intervals.
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Abstract— In this study, the performance of the Organic Rankine
Cycle (ORC) model, which was designed using n-pentane fluid, at
different evaporation pressures and superheating temperatures
was determined. Design modeling was done using MATLAB and
EES (Engineering Equation Solver) program. Condenser inlet
pressure, the isentropic efficiency of pump and turbine is kept
constant. n-pentane with a boiling temperature of 36.1 oC and a
critical temperature of 196.55 oC is widely used as a organic fluid
for geothermal power plants including ORC technology.
Therefore, in the designed ORC model, n-pentane was selected as
the organic fluid. In the prepared design model, firstly, energy
analysis was performed by keeping the superheating temperature
constant at different evaporation pressures. Then, to determine
the effect of the superheating temperature on the performance, the
evaporation pressure was kept constant, the amount of heat
required for the system, the turbine work and thermal efficiency
were determined. In this study, the thermodynamic design model
using MATLAB and EES program showed the effect of
evaporation pressure and superheating temperature on the
Organic Rankine Cycle and optimum values for system efficiency
were determined.
Keywords— Organic Rankine Cycle (ORC), Evaporation
Pressure, Superheating Temperature, n-pentane

I. INTRODUCTION
Organic Rankine Cycles work on the same principle as
Rankine cycles in terms of thermodynamics. Rankine cycles
are conventional steam turbines where electricity is generated
from the heat and require high temperature and pressure
resources depending on operating conditions. Unlike the
Rankine cycle, the organic Rankine cycle is a power system in
which organic fluids are used instead of water which is fluid in
low temperature ranges. Because of the evaporation of the
organic fluid at lower temperatures, electric fields are possible
from lower temperature heat sources. Thanks to these
properties, energy production can be used more efficiently in
non-economic industrial waste heat, geothermal heat, solar
energy, oil and gas fields [1].

Kaska [2] have analyzed energy and exergy analysis of waste
heat-driven Organic Rankine Cycle. The effect of the
evaporator/condenser pressure, superheating and sub-cooling
on energy and exergy efficiency is shown. The order of the
components with the most exergy destruction is evaporator,
turbine, condenser and pump. It has been found that the effect
of the evaporative pressure on both energy and exergy
efficiency is great. Lecompte et al. [3], studied the second lawbased thermodynamic performance analysis for nonsuperheated subcritical Organic Rankine cycle using the
zeotropic mixture as the organic fluid. REFPROP9.0 provides
thermo-physical data of zeotropic mixture and pure fluids.
R245fa-pentane, R245fa-R365mfc, isopentane-isohexane,
isopentane-cyclohexane, isobutane-isopentane and pentanehexane selected as zeotropic mixture. The second law is used
as the optimization criterion. Compared with pure fluids, the
efficiency of the second law was increased by 7.1% and 14.2%.
Le et al. [4], optimized the performance of a supercritical ORC
system with low temperature power generation using fluids
with low global warming potential (GWP) as the organic fluid.
Commonly used R134a fluid is used for comparison. Hot water
at 150 ° C and 5 bar pressure was used as the heat source
medium. The thermodynamic performance comparison of the
supercritical Organic Rankine Cycle was performed using the
Ranking method and the exergy method using different organic
fluids. For the highest available efficiency of the system; R152a
was obtained for 11.6% for simple cycle and 13.1% for
regenerative cycle. The best organic fluids for system
efficiency optimization are R32 for simple cycle and R152a for
regenerative cycle. Javanshir and Sarunac [5], assessed the
thermodynamic performance of the simple subcritical and
super-critical Organic Rankine Cycle. They have analyzed
organic fluids over various operating conditions and have made
the best fluid choice. Ebsilon Professional software was used
for thermodynamic modeling. The efficiency of isentropic
fluids is higher than that of dry and wet fluids.

In this study, the role of evaporation pressure and
superheating temperature in ORC performance was determined
by the thermodynamic design model. In the thermodynamic
design model prepared with MATLAB and EES, n-pentane was
selected as the organic fluid. In geothermal power plants with
ORC technology, the effect of the n-pentane fluid, which is
widely used as organic fluid, on the system has been
determined. Within the scope of the study two different models
were created. In the first model, the superheating temperature
is kept constant to detect the effect of the evaporation pressure
on the system. In the second model, the results of the change in
superheating temperature under constant evaporation pressure
were examined.
In both models , the amount of heat requirement, work done
by the turbine, turbine inlet-outlet temperature and thermal
efficiency values were determined. In the study, considering the
thermo-physical properties of the n-pentane fluid, the input
parameters were determined so as not to be in contradiction
with the laws of thermodynamics. The main purpose of this
work is to determine the effect of the n-pentane fluid on the
system performance, which is used extensively in the ORC
application field, together with the evaporation pressure and
superheating temperature changes.

Table 1. Physical and environmental properties n-pentane used
in design [7]
Properties
ds/dT
Molecular Mass (g/mol)

n-pentane
Dry fluid
72.15

Normal Boiling Point (oC)

36.1

Critical Temperature (oC)

196.6

Critical Pressure (MPa)

3.37

ASHRAE 34 safety group

A3

ODP
GWP

0
20

When the slope of the saturation curves in the T-s diagrams of
the fluids is positive, it is called the dry fluid. The T-s diagram
of the n-pentane fluid which is a dry fluid is given in Fig.2.

II. MATERIALS AND METHODS
The working principle of the Organic Rankine Cycle and
the T-s diagram are given in Fig.1.
1-2: Isentropic compression in the pump, 2-3: Heat input at
constant pressure in evaporator, 3-4: Isentropic expansion in
turbine, 4-1: Heat output at constant pressure in condenser.

Fig. 2 T-s diagram of n-pentane fluid

Fig. 1 ORC Working principle and T-s diagram [6]

The physical and environmental properties of the n-pentane
fluid determined in the study are given in Table 1. It is
noteworthy that it has a low boiling temperature and that ODP
value which is important from environmental care is 0.

Within the scope of the study two different models were
created. For each of the prepared models, 9 different
thermodynamic states were analyzed. For all situations; pump
inlet temperature 20 oC, cooling water temperature 17 oC, hot
heat source temperature 120 oC. In addition, the isentropic
efficiency of the turbine and pump is taken as 85%.
Thermodynamic design models were created using MATLAB
and EES. All equations for energy analysis and values that are
considered as constant in the input conditions are introduced to
the system by EES.

The purpose of this study is to demonstrate the effect of
evaporation pressure and superheating temperature on ORC
performance. In determining the amount of heat required in the
system, the importance of the evaporation pressure is specified.
In evaporative pressure change, a system that does not have an
superheating temperature and a system that has a fixed
superheating temperature of 5, 10, 15, and 20 oC have been
examined. Secondly, the influence of the superheating
temperature change on the system under fixed evaporation
pressures of 250-300-350 and 400 kPa was determined. The
performance of the n-pentane fluid, which is used in ORC
application field, at different evaporation pressures and
superheating temperatures, has been tried to be explained by
energy analysis.
III. RESULTS AND DISCUSSIONS
In this study, the input parameters were determined for the
selected n-pentane fluid by checking the compatibility with the
second law of thermodynamics. A much lower evaporation
pressure range was determined compared to the evaporation
pressures of the classic Rankine cycle.
I) MODEL-A
In the first model, the system performance was examined by
changing the evaporation pressure between 250 kPa and 400
kPa. The thermodynamic design model has been prepared
separately for the following 5 different situations. For all cases,
the amount of heat required for the system, turbine work,
turbine inlet-outlet temperatures and thermal efficiency values
are determined separately. With 75 input numerical test values,
375 numerical output values for each case were obtained. The
analysis of model A was done with a numerical output value of
1875 for 5 different situations in total. These situations are;
•
•
•
•
•

Fig. 3 Change of heat input with evaporation pressure
Figure 4 shows the effect of evaporation pressure change on
turbine inlet temperature for different superheating
temperatures conditions. In all cases, as the evaporation
pressure increases, the turbine inlet temperature increases.
When the system without superheating is examined, the turbine
inlet temperature for the 250 kPa evaporation pressure is 65.51
o
C, while for 400 kPa this value has risen to 83.54 oC. The
highest turbine inlet temperature value (103.4 oC), constant 20
o
C superheating temperature and 400 kPa evaporation pressure.

No superheating
5 oC degree of superheat
10 oC degree of superheat
15 oC degree of superheat
20 oC degree of superheat

Figure 3 shows the effect of evaporation pressure change on
the amount of heat requirement for different superheating
temperatures. In all cases, as the evaporation pressure increases,
the system seems to require more heat. As the evaporation
pressure increased from 250 kPa to 400 kPa, the heat
requirement increased by 28 kJ/kg for a no superheating system,
while it increased by 31 kJ/kg for a system with constant 20 oC
degree of superheat.

Fig. 4 Change of turbine inlet temperature with evaporation
pressure
Figure 5 shows the effect of evaporative pressure change on
turbine work for different superheating temperature conditions.
In all cases, as the evaporation pressure increases, the turbine
work seems to increase. When the system without superheating
was examined, the turbine work for the 250 kPa evaporation
pressure was 44.21 kJ/kg, while for 400 kPa this value

increased to 59.81 kJ/kg. For different superheating
temperatures, the turbine work seems to give a closer result
than the heat requirement.

thermal efficiency increases. Since the different superheating
temperatures give very close results, two situations have been
mentioned that are more obvious. When the system without
superheating was examined, the thermal efficiency for the 250
kPa evaporation pressure was 9.93%, while it increased to
12.59% for 400 kPa. When the system has a constant 20 oC
superheating temperature, the thermal efficiency appears to
drop slightly for all pressures.

Fig. 5 Change of turbine work with evaporation pressure
Figure 6 shows the effect of evaporation pressure change on
the turbine outlet temperature. As the evaporation pressure
increases, the turbine outlet temperature increases. When the
system without superheating is examined, the turbine outlet
temperature for the 250 kPa evaporation pressure is 36.07 oC,
while for 400 kPa, this value has increased to 43.66 oC. For a
400 kPa evaporation pressure, the turbine inlet temperature was
reported to be 103.4 oC when the system had a constant 20 oC
superheating temperature on Fig.2. Under the same values, the
turbine outlet temperature was calculated as
64.19 oC.

Fig. 7 Change of thermal efficiency with evaporation
pressure
II) MODEL-B
In the second model, the system performance was examined
by changing the superheating temperature between 0 oC and 20
o
C. The thermodynamic design model is prepared separately for
the following 4 different situations. For all cases, the amount of
heat required for the system, turbine work, turbine inlet-outlet
temperatures and thermal efficiency values are determined
separately. With 100 input numerical test values, 500 numerical
output values for each case were obtained. The analysis of
model B was made with 2000 numerical output values for 4
different situations in total. These situations are;
•
•
•
•

Fig. 6 Change of turbine outlet temperature with evaporation
pressure
Figure 7 shows the effect of heat transfer on evaporation
pressure change. As the evaporation pressure increases, the

250 kPa evaporation pressure
300 kPa evaporation pressure
350 kPa evaporation pressure
400 kPa evaporation pressure

Figure 8 shows the effect of superheating temperature
change on the amount of heat requirement for different
evaporation pressure (Pe) conditions. In all cases, as the
superheating temperature increases, the system seems to
require more heat. For a 250 kPa constant evaporation pressure,
the heat requirement for the system is 441.4 kJ/kg when there
is no superheating, while this value rises to 480.7 kJ/kg when
the superheating temperature is 20 °C.

Fig. 8 Change of heat input with superheating temperature
Figure 9 shows the effect of superheating temperature
change on turbine inlet temperature for different evaporative
pressure situations. For 250 kPa constant evaporation pressure,
the turbine inlet temperature is 65.41 oC when there is no
superheating, while this value increases to 85.41 oC with
20
o
C superheating temperature.

Fig. 10 Change of turbine work with superheating
temperature
Figure 11 shows the effect of the superheating temperature
change on the turbine outlet temperature for different
evaporation pressure states. In all cases, the temperature of the
turbine outlet increases as the superheating temperature
increases. For a 250 kPa constant evaporation pressure, when
there is no superheating, the turbine outlet temperature is 36.07
o
C, while at 20 oC superheating, this value
rises
to 56.29 oC.

Fig. 9 Change of turbine inlet temperature with superheating
temperature
Figure 10 shows the effect of the superheating temperature
change on turbine work for different evaporation pressure states.
In all cases, the turbine work seems to increase as the
superheating temperature increases. For 250 kPa constant
evaporation pressure, turbine work value is 44.21 kJ/kg when
there is no superheating, while this value increases to
47.45 kJ/kg when it is 20 oC superheating.

Fig. 11 Change of turbine outlet temperature with
superheating temperature
Figure 12 shows the effect of the superheating temperature
change on the thermal efficiency for different evaporation
pressure states. For all cases, it is seen that as the superheating
temperature increases, the thermal efficiency decreases slightly.
For 250 kPa constant evaporation pressure, the thermal
efficiency is 9.93% when there is no superheating, while it
decreases to 9.79% when the superheating temperature is 20 °C.

As a result, it is presented that the energy analysis of the
ORC system containing n-pentane fluid can be successfully
applied with the thermodynamic design model developed with
MATLAB and EES in this study.
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Fig. 12 Change of thermal efficiency with superheating
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In
many
engineering
applications,
Abstract—
sandwich composites are quite valuable due to their
light
weight
and
excellent
bending
stiffness.
Sandwich composites are preferred in different
application areas such as aerospace, marine or
transportation, as the combination of different
materials provides superior material properties to
the structure, that is to be a performance developer.
A sandwich composite consists of two rigid thin face
sheets, a core material bonded to the face sheets and
an interlayer between the core and the face sheets.
Flexural
and
shear
rigidities
are
the
most
remarkable bending strength properties. In a
component subjected to flexural loading and the
most affected by the transverse shear forces in the
structure is the core. So, the shear failure generally
occurs in the core. Also, the presence of the core
results in a large flexural rigidity with a small weight
gain in the structure.
In this paper, a mathematical model is introduced
to obtain the structural and mechanical properties of
sandwich composite beams with foam core under the
mechanics of materials principle. It is presented that
the bending stiffness depends on both material and
geometrical properties such as the thickness of the
face sheets and the core.
Keywords— Sandwich composite beams, mathematical
modelling, flexural properties, equivalent moment of
inertia, elasticity modulus

I. INTRODUCTION
A typical sandwich structure which is widely used in kind
of applications is the separation of two rigid and thin face
sheets, a lightweight core such as foam, honeycomb and balsa
wood and the interlayer between the foam core and the face
sheets [1,2]. When the interlayer is well bonded, the
mechanical property of the core approximates to the bending
stiffness from the shear stiffness [3].
Mechanical properties of the material as well as
geometrical properties are important parameters in the design
of sandwich composites. Different mechanical properties and
strength development studies of sandwich composites have
been investigated and presented in the literature [4]. Bastida

and his friends [5] studied the dependence of the modulus of
elasticity measured in the tensile test on the thickness. They
produced the samples with thicknesses varying from 0.1
millimeters to 2 millimeters by different production methods,
and they found that as the thickness increased, the modulus of
elasticity decreased. Li and Crocker [6] analyzed the effects of
the thickness of the (methyl methacrylate)-modified vinyl ester
polymer concrete applying curing temperatures as test
variables. They present the effects on MMA contents and
curing temperatures on compressive strengths, flexural
strengths, the coefficient of thermal expansion, and the
modulus of elasticity. Deshmukh et al. [7], studied the effect
of core thickness and the face sheet thickness on the flexural
strength and the elastic modulus of glass/epoxy polyurethane
sandwiched polymer matrix composite at fixed density of the
core. Their work has shown that the flexural strength is
proportional to face sheet thickness and inversely proportional
to core thickness as a result of experimental study and
numerical analysis. Focacci et al. [8] presents an analytical
model for describing the mechanical behaviour of composite
beams, under no restrictive assumptions on the connection and
interaction. Also Aşık and Tezcan [9], introduced the
mathematical model for the behaviour of laminated glass
beams. They validated the model with the experimental and
finite element models for the simply and fixed supported
beams, respectively. It is presented that the behaviour of
laminated glass beams under large deflections could be linear
or non-linear regarding the boundary conditions or constraints.
In this study, the flexural rigidity which is the most important
design parameter, due to dependence not only the material
structure but also the geometrical properties, was obtained for
a sandwich composite beam with foam core under the threepoint bending conditions.
II. BENDING BEHAVIOR OF SANDWICH COMPOSITE
Three-point bending tests are often performed to find the
flexural and shear rigidities of sandwich beams [10]. Flexural
rigidity and stiffness are the most important parameters for the
bending behaviour of sandwich composite beams. Combining
a laminated composite with a foam core, i.e. sandwich
composite, results in significant increases in the bending
strength of the structure. A schematic representation of the
three-point bending test according to ASTM C393/C393M [11],

which is basically applied to investigate the bending strength,
is shown in Fig. 1.

P

Also in Eq. (1),

tf2

s
L
Fig. 1 A schematic of the sandwich composite subjected to the three-point
bending test

where ,
and ℎ are the thicknesses of the upper face
sheet, lower face sheet and the core, respectively. Also , and
are the width, span length and the longitudinal length of the
sandwich beam, respectively.
In the mechanics of materials approach both fibers and
matrix are assumed to be isotropic [12]. On the basis of the two
assumptions, two different moments of inertia will be
calculated for different material and geometrical properties.
These assumptions are described below:
1. The thicknesses of the face sheets are too thin in
comparison with the core thickness.
2. The shear stress is acceptable only through the thickness of
the core. Generally, since the core is weak compared to the
face sheets, the contribution to the bending stiffness of the
core can be negligible [13].
is the elasticity modulus of the face sheets and
is the
core modulus. First, let’s find the center of gravity of the
sandwich composite with the same material but with different
thickness for the face sheets. Embedding the reference
coordinate axes at the center of the core:

y,

b
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ℎ

ℎ
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and

=

.

=

A new cross-section of the new area is the same material
with the face sheets. The new cross-section consisting only one
material is called the transformed section.
Here, it is essential to obtain the equivalent sectional (per
unit width) moment of inertia, i.e. ( )/ , due to calculate the
flexural rigidity. For the face sheets with the same material but
different thicknesses, the equivalent moment of inertia of the
foam sandwich composite can be obtained as:

=

+

( − ) +
+ ℎ

+

( + ) +

(2)

The last two terms in Eq. (2) are the inertia moment of the
core and because of the very small contribution they are the
terms than can be neglected. If the face sheet thicknesses are
equal, then = 0. So, Eq. (2) is converted to,

=

+

(

)

(3)

When the assumption 1 is taken into account, Eq. (3)
becomes

=

(4)

According to the second assumption, the flexural rigidity of
the sandwich composite beam is dependent to the elasticity
modulus of the face sheet, the flexural rigidity is

y,

x

(1)

is the gravity point on the y-axis of the transformed
sectional area presented as Eq. (1). On the Fig. (2), n = .

b

hc

=

x

b
(b)

Fig. 2 Cross-section of the sandwich beam. (a) in terms of the original crosssection and (b) in terms of the transformed cross-sectional area

=

(5)

Now, considering the face sheets with the same thickness
but the different material, the new transformed sectional area
is shown in Fig. 3.

materials and the thickness of the core or the face sheets
it is possible to obtain various properties and desired
performance for the sandwich structures [14].

y,
b

ℎ

x

nb
Fig. 3 Transformed cross sectional area of the sandwich beam with the same
thicknesses but the different materials of the face sheets

Since only thickness contribution to the inertia moment of
the core, revealed with the Eq. (4), the display of the face sheets
and the core is sufficient to calculate the equivalent inertia
moment of the sandwich beam. Let the upper face sheet has
elasticity modulus
and the lower face sheet has
. The
gravity point on the y-axis is

=

(6)

III. SHEAR ACTION IN SANDWICH BEAMS
The structural performance and safety of sandwich
composites, which composed of foam-core, depend on the
strength of the core-skin bonding [15]. The purpose of the core
is to keep the distance between the laminates and to meet the
shear strength. Failure modes for sandwich composites during
flexural, compression and tension loading are simulated by the
failure of the interface zones between the core and the face
sheets. The initiation of the failure modes which can be occurs
at the interface between the core and the face sheets depend on
the mechanical properties of the core and the skins, geometrical
dimensions and type of the loading (it can be concentrated or
distributed in which static or dynamic). The performance of a
sandwich composite beam depends not only on the properties
of the facings, but also those of the core and interface
properties-such as capability of the bonding between the core
and interlayer-, and also the geometrical properties [16].
Researchers studying theoretically on the shear strain, , in
the interlayer have presented that depends on two important
parameters that result from the slip action and the rotation [8,9].
Fig. 4 shows that the shear strain that occurs at the per unit
element in the interlayer.

is the ratio of the elasticity modulus of the face sheets, i.e.
=

dx

. So, the second material was transformed into the first

material. The inverse of this ratio provides the inverse of the
material transform. The moment of inertia of the beam is

=

+

[( − ) + ( + ) ]

(8)

The bending stiffness of the sandwich composite is
.
The elasticity modulus of the core is negligible because of its
low density [13]. Eventually, the inertia moment of the
sandwich beam is

=

θ

x

N

(7)

where =
. If the face sheets are the same material,
then = 1. Taking into account assumptions and plugging the
Eq. (6) into Eq. (7), finally the equivalent moment of inertia,

=

N

(9)

Cross-section
transformation
in
a
sandwich
composite beam can be applied to improve the stress
distribution through the interface. Also, varying the

τ
Fig. 4 Shear strain at the per unit element of the interlayer

The axial force N applied from the axis of the interlayer
produces a longitudinal shear stress per unit length:

=τ

(10)

So, the shear stress can be written as Eq. (11):

τ=G = ( + )

(11)

A component subjected to flexural loading produces a
rotation. is a function of the slip and rotation. So, the terms
in the brackets of the Eq. (11) are dependent of .
Consequently, the axial force can be expressed as:

References

N=

(12)

where;
: modulus of shear
: slip in unit length
: angle of rotation in unit length resulting from bending
: the amount of length along the x-axis in the longitudinal
edge
: thickness of the interlayer
IV. CONCLUSIONS
This paper presented the flexural rigidity properties to
understand the bending behaviour of the foam core sandwich
composite structures. It is shown under different material and
geometric conditions that the flexural rigidity is the parameter
that characterizes the bending behavior which is also dependent
on the geometrical properties as well as on the material
properties. It can also be said that the flexural rigidity is one of
the most important parameters in sandwich composite design.
Flexural rigidity;
 Two studies have been carried out to find the equivalent
moment of inertia of the foam core sandwich beams.
Firstly, the inertia moment was calculated for the same
material but for different thickness face sheets applying
the transformed sectional area.
 The equivalent moment of inertia of the sandwich beam
with the same material but the different thickness for the
face sheets was calculated.
 Secondly, for the face sheets with the same thickness but
the different material, the equivalent inertia moment of the
sandwich composite was obtained.
 The bending stiffness of the sandwich composites was
found when the moments of inertia were multiplied by the
modulus of elasticity of the face sheet.
 Both flexural rigidity equations, calculated for two
situations, showed that the contribution of the core is
limited only by its thickness; so the contribution of the
modulus of elasticity of the core was neglected.
Shear effect;
 The shear strength of the foam core is directly
proportional to the ability of bonding between the core
and the interlayer. Therefore, the shear strain function in
the interlayer should be determined well.
 The shear strain refers to a displacement field in the
sandwich composites that is dependent on the rotation
angle and the slip action .
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Abstract— In this study, the characterization of Elbistan Lignite
(EL) and liquefaction of EL combined with manure char products
with Scanning Electron Microscopy (SEM) and X-ray
fluorescence (XRF) analysed. To show red mud behaviour as a
catalyst on co-liquefaction not only has the role of transferring
hydrogen from manure to coal during liquefaction but also has the
important role of increasing (H/C)atomic value of light oils products
XRF analysis conducted on red mud and selected experiment char
results. Due to the SEM results regarding char structure seemed
more permeable, the pores were larger and in a great deal.
Furthermore, it seems blended in a more heterogeneous and
irregular type. EL before liquefaction surface is smooth, in
contrast, after liquefaction the char surface is not. It can also
conclude that during liquefaction red mud penetrates EL surface
as well. The XRF results exhibits that with the increasing of red
mud concentration the amount of Fe2O3 catalyst (mainly as the
constituted of red mud) decreased. The results showed that red
mud also behaved as a catalyst with consumption of its Fe2O3 value
as well.

complete resid conversion and still produce resid product.
Ebullating bed processes have not achieved huge development
due to high capital cost, which makes them the least robust at
low-oil price scenarios [5, 6]. Ebullating beds have also been
prone to high operating costs, and have sometimes been
plagued with low operability. The liquid products, although
improved vs. coking, still require secondary processing to
produce clean fuels. The inability to achieve near complete
conversion still requires processing to convert the unconverted
resid [7, 8].
In this study, the resid characterization after co-liquefaction
of Elbistan Lignite combined with manure biomass was done
because of the investigating red mud catalyst activation which
effects the liquefaction cost.
II. MATERIALS AND METHOD

Keywords— Coal char, Red mud, XRF, SEM analysis

I. INTRODUCTION
Continuous low-capital-cost resid conversion to marketable
fuels has been a long-term goal for the industry. A wide range
of resid conversion technologies has been developed and
deployed in the refining industry, including various coking
technologies, resid fluid catalytic cracking (FCC) and
ebullating bed hydrocracking [1, 2].
Historically, the drive for gasoline and reasonably strong
markets for petroleum coke have made delayed coking the most
prolific resid conversion technology. Future demand for clean
low-sulfur products such as ultra-low-sulfur diesel (ULSD),
plus potential future limits on fuel oil and petroleum coke due
to environmental reasons may prompt different technologies
choices. Coking and visbreaking are low-pressure, thermalcracking processes with relatively low capital costs that make
them economic in a low crude cost environment. Visbreaking
is a low conversion thermal cracking process for improving fuel
oil viscosity. Conversion is limited such that no solids are
produced. Visbreaking is predominantly used in lowconversion hydroskimming refineries that produce large
amounts of fuel oil [3-5].
In the 1970s, in response to high oil prices, significant effort
was spent in developing resid hydrocracking process that add
hydrogen rather than reject carbon. The processes that achieved
widest application were ebullaitng bed hydrocracking
processes. These processes are continuous and produce higher
levels of liquid fuels (no coke). But they are unable to achieve

A. SEM Analysis
As far SEM analyses, Figure 1 reveal a few of the
micrographs (taken with 20 µm which is the same variety)
obtained for char structure after the co-liquefaction of lignite
and manure with the tetralin solvents studied when red mud
used as a catalyst. And Figure 1 reveals the four photos taken
by a different region of EL sample in the petrographic analysis.
In the first step, regarding char structure seemed more
permeable, the pores were larger and in a great deal.
Furthermore, it seems blended in a more heterogeneous and
irregular type. In the second step, to compare same size photos
taken by SEM and Petrographic analysis, it can obviously say
that EL before liquefaction surface is smooth, in contrast, after
liquefaction the char surface is not. Moreover, coal structure
appeared to be more porous, the pores were bigger and in large
number. In the third step, concerning the image of catalyst
(Figure 2), it can also conclude that during liquefaction red mud
penetrates EL surface as well. Also, upon liquefaction, organic
solvent diffuses into the raw coal particles and breaks down the
coal into smaller particles and consequently dissolved in an
organic solvent [9]. This observation also corroborates with the
SEM images. In the fourth step, as shown in Figure 2, SEM
exhibits completely different morphology compared with the
raw and residue coals. Therefore, it is also observed that coal
particle agglomerates composed of the very fine particle form.
The chemical structure of vitrinite, in simple terms, is
moderately aromatic with significant aliphatic chains in the

bituminous range of rank. In comparison, inertinite is more
structurally ordered and aromatic while liptinite is
predominantly aliphatic [10] .
As can be seen in Figure 1 that vitrinite+inertinite structure
is higher on more aliphatic contents, In contrast, after coliquefaction, SEM photos showed that with the use of catalyst
aliphatic structures decreases above H-NMR results mentioned.
Finally, In any case, it also refers to red mud’s catalytic
activities on co-liquefaction. In other words, it can say that red
mud is the suitable catalyst for EL+manure’s co-liquefaction.

increase of catalysts concentration. Thus, the information
reveal minimizing quantity of Fe2O3 is because of the overall
reaction of Fe2O3 as follows [11];
3 Fe2O3 + 9H2 → 6Fe + 9H2O
Finally, we apparent to state that red mud acted as a coliquefaction catalyst.
TABLE 1
COMPOUND DISTRIBUTIONS OF RED MUD AND SELECTED
CHARS
Compounds

Fig 1. Photos taken in petrographic analysis of EL

SiO2

Red mud
(wt., %)
15.74

E4
(wt., %)
16.1

E7
(wt., %)
18.7

Al2O3

20.39

6.91

6.88

Fe2O3

36.94

4.68

2.56

TiO2

4.98

0.67

0.35

CaO

2.23

20.64

26.68

MgO

–

1.57

1.83

K2O

–

1.49

1.55

Na2O

10.10

1.14

0.60

L.O.I.

8.19

40.38

3.61

V2O5

0.05

-

-

III. CONCLUSIONS
That is to say, XRF results reveal that with the using of red
mud from 0% to 12% concentrations Fe2O3, are necessary exist
during liquefaction for catalyst behavior, decreased
considerably. It is also the highly proof of red mud acts as a
catalyst also.
Apart from SEM analysis compared to petrographic,
outcomes reveal the fact that red mud is the catalyst for this coliquefaction reaction, moreover, it can also be used for
decreasing liquefaction procedure cost as well.
Fig 2. Photos taken in petrographic analysis of a) E5, b) E6 chars and c) red
mud

B. XRF Analysis
In this study, XRF analysis results of selected chars are
displayed in Table 1. Firstly, Red mud primarily included iron
oxide, alumina, and silica, associated with by TiO2, CaO, Na2O,
and V2O5. Secondly, the chars consisted generally of CaO,
silica, associated with alumina, iron oxide, TiO2, MgO, K2O,
and Na2O. The greatest compound quantity of portion in the
catalyst is iron oxide. Nevertheless, the other oxides present
impacted the total char content. For circumstances, Table 1
presents that amount of Fe2O3 decreases with 0% to 12%
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Abstract— In this study, the Elbistan Lignite (EL) combined with
Manure liquefaction oil+gas products analysed with Nuclear
Magnetic Resonance Spectroscopy (H-NMR) technique.
Analytical techniques have also been employed for determining
the structures of liquefaction products. Among the more
important techniques are, Solid State Carbon Nuclear Magnetic
Resonance (13C-NMR), Proton Nuclear Magnetic Resonance (1HNMR) combined with Gel Permeation Chromatography (GPC),
and Infrared Spectroscopy (IRS). In the same way, it is observed
that oils which as they fragment to an alkane-alkene mixture,
serve as a hydrogen "sponge" and put a serious hydrogen need on
the parts of the resid molecules that are currently hydrogen poor.
As for it can state that red mud catalyst, used 9 % concentration,
promotes H transfer to EL surface area during co-liquefaction.
Concerning Elbistan lignite and manure do not have any aromatic
hydrogen. Moreover, when the aromatic compounds were
hydrogenated, their aromatic hydrogen was transformed to
naphthenic hydrogen. As a result the major outcomes revealed the
hydrogen transfer possibility from manure to EL in this research.
Keywords— Co-liquefaction, Liquefaction products, Hydrogen
transfer mechanism, NMR analysis

I. INTRODUCTION
Slurry-type technologies designed for coal liquefaction are
able to cope with solids formation that is a result of asphaltene
degradation. The slurries are set up either by additives or by
catalyst addition. These reactors have no internals and show a
high degree of back mixing to ensure temperature and
concentration homogeneity. The slurry transports all formed
solids safely out of the reactor. Some slurry-type processes can
achieve more than 90 % residue conversion [1-3].
The first commercial application of slurry-phase
hydrocracking was operated successfully in Germany in the
1950s in modified coal liquefaction units. Later developments
took place in Germany (1980s), and in Canada (1980s) and in
Italy (1990s). These technologies are differentiated by
operating pressures and catalyst additives. On slurry-type
process uses higher pressure with a lower cost additive ad
higher space velocity than other technologies. The
differentiating feature is the integrated hydrotreater (IHT),
which gives high products qualities and simplification in
downstream processing [4-6].
By comparison, the second type of slurry-phase
hydrocracking process operates at low pressure and uses a
sophisticated molybdenum catalyst. To ensure the stability of
the slurry-phase reactor, conversion is limited to a medium
range. A solvent-deasphalting unit separates products from the
unconverted bottoms that are recycled to the slurry-phase
reactor. By using the recycle, this process also achieves high
overall conversion [7, 8].

Other slurry-phase hydrocracking technologies are in
between these two cases. There are trade-offs between simple
operation at high pressure and more complex configurations
with lower space velocities, and, therefore, larger pressure
vessels are necessary. High pressure ensures higher process
stability and flexibility, and the integrated hydrotreating
reduces propagation of costs throughout the host refinery
during commercial integration [9, 10].
Up to now, none of these developments are in commercial
use, However, a low-pressure slurry-phase hydrocracking
commercial unit was under construction in Italy for 2012
startup, and in Venezuela, there is a ongoing sluryy-phase
project [10-12].
The NMR technique of hydrogen transfer mechanism which
are crucial for hydrocracking mechanism determination of oil
products for co-liquefaction Elbistan Lignite combined with
manure biomass is presented in this study.
II. MATERIALS AND METHOD
In this study, the 1H-NMR spectra of the chosen heavy oil
constituents gotten from the liquefaction experiments as well as
that manure and Elbistan lignite (EL) samples were determined
and shown in Figure 1. For this purpose, 1H NMR can be used
to identify the contents of aromatic hydrogen, by contrast, it can
not provide the distribution of aromatic ring number [13, 14].
First of all, the ratio of the aromatic hydrogen to the total
hydrogen was identified by the ratio of the incorporated peak
area varying from 6.5 to 8.5 ppm to that of the total peak area
in the 1H NMR spectrum. The second, the oils ratio of the
aromatic hydrogen to the total hydrogen from 27.8 to 31.8.
However, when no catalyst uses in the co-liquefaction the
aromatic hydrogen ratio is 31.8 %, also, catalyst usage coliquefaction the aromatic hydrogen ratio has to do with 27.8%.
The third, aliphatic hydrogen content and aromatic ring
substitution index boost with the red mud, particularly for Hα
proton, however, aromatic hydrogen percentage is decreased. It
is because aliphatic components concentrate in the alkanealkane mixture which has similarly low aromaticity. In the
same way, it is observed that oils which as they fragment to an
alkane-alkene mixture, serve as a hydrogen "sponge" and put a
serious hydrogen need on the parts of the resid molecules that
are currently hydrogen poor. As for it can state that catalyst
promotes H transfer to EL surface area during co-liquefaction.

[8]
[9]
[10]

[11]

[12]
[13]

Fig 1. H- NMR analyses of the optimum process parameters: a) E4, b)E13,
c)E19, d)E20, e)E11, f)M, g)EL

III. CONCLUSIONS
It can be resumed the enhancing of the percentage of manure
boost aliphatic hydrogen content likewise in Figure 1, As for
using more manure enhances hydrogen transfer from manure to
coal. According to previous outcomes that manure serves as a
hydrogen donor. Concerning Elbistan lignite and manure do not
have any aromatic hydrogen. Moreover, when the aromatic
compounds were hydrogenated, their aromatic hydrogen was
transformed to naphthenic hydrogen.
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Absract:
In this study, selective extraction of metals from
chalcopyrite concentrate was investigated. For this
purpose, chalcopyrite concentrate was subjected to
leaching in the presence of oxalic acid and hydrogen
peroxide in a pressure reactor system. The oxalic acid
salt was used to supply different solubility compounds
on metals. Investigating leach parameters are leaching
temperature, leaching time, hydrogen peroxide
concentration, and oxalic acid concentration. Stirring
speed and liquid-solid ratio was kept constant in all
experiments as 400 rpm and 25 mL/g, respectively.
90.6% of Fe was dissolved under optimum leaching
conditions.
Keywords: Chalcopyrite; Pressure Leaching; Oxalic
acid; Hydrogen peroxide.

I. INTRODUCTION
Chalcopyrite CuFeS2, along with bornite
Cu3Fe3S5, covellite CuS and chalcocite Cu2S,
belongs to the economically most important sulphide
copper minerals. Among the aforementioned
minerals, chalcopyrite contains the least copper, only
34.5%; it is, however, the most important copper
mineral because it is the most abundant in the
sulphide copper-bearing deposits. The need for
exploiting poor and complex ores with a low copper
content and increasingly stringent regulations
concerning SO2 emissions into the atmosphere have
led to the development of hydrometallurgical
methods of copper extraction as opposed to the
classic pyrometallurgical routes. Thus, at present 1520% of the total world copper production accounts
for hydrometallurgical treatment (Antonijevic et al.,
2004). Hydrometallurgical treatment comprises
leaching, extraction and elecrowinning. Leaching, as
the first step in the sequence of operations, consists
of extraction of copper from ore into solution –
dissolution, which is accompanied by redox
reactions. Dissolution of copper sulphides is
performed by the use of suitable reactants in the
presence of oxidants. Numerous studies have been
conducted to this end. Chalcopyrite dissolution has
been carried out most. Chalcopyrite dissolution has

been carried out most frequently in acid sulphade
and chloride media in the presence of iron(III) as an
oxidant (Mahajan, et al.,2007).
On the other hand, leaching of chalcopyrite is
difficult and strong oxidant or pressure conditions
must be used. These effective conditions are usually
provided by using oxygen gas in the autoclave
system (Padilla, et al., 2008; McDonald and Muir,
2006a; McDonald and Muir, 2006b), But, pressure
leaching in the presence of oxygen gas introduces
operational problems such as, the need for a high
pressure gas supply, and difficulty maintaining the
autoclaves (Turan et al., 2015). Therefore, the use of
oxidative such as hydrogen peroxide is considered a
viable alternative in the chalcopyrite pressure
leaching process.
Hydrogen peroxide is a good oxidizing agent
and it can be used for copper leaching because of
its high oxidation potential (1.77V). The oxidative
role of hydrogen peroxide in acid solution is based
on its reduction according to equation 1 and 2.
H2O2 + 2H+ + 2e-  2 H2O
(1)
H2O2  O2 + 2H+ + 2e(2)
Hydrogen peroxide is unstable compound under
condition of acid-base solutions, mineral surface and
soluble ions. To avoid rapid decomposition of
hydrogen peroxide, some stabilizers have been used
such as glycol, phosphoric acid, oxalic acid, citric
acid and acetic acid in leach solution (Pecina et al.,
2008).
In this study, selective extraction of metals from
chalcopyrite concentrate was investigated. For this
purpose, chalcopyrite concentrate was subjected to
leaching in the presence of oxalic acid and hydrogen
peroxide in a pressure reactor system. The oxalic
acid salt used in leaching was used to make different
solubility compounds on metals. High-resolution
iron oxalate formation in leaching was allowed the
iron to be removed from the solid. As well as, copper
was enriched in solid residual due to the lowsolubility property of the copper oxalate structure
that emerged during the leaching process.

II. MATERIAL AND METHODS

III. RESULTS AND DISCUSSION

Chalcopyrite concentrates namely Ergani
concentrate was obtained from Elazig, Turkey. This
concentrate was classified by sieving through 200
mesh. The fraction passed (90 % of total mass)
through this sieve was used in all experiments. For
the chemical analyses of the chalcopyrite
concentrate, sample was dissolved by using
microwave-assisted acid dissolution technique.
After the dissolution, chemical analyses of clear
supernatant were carried out by ICP-OES (PerkinElmer Optima 2000 DV). Table 1 is listing the
results of the chemical. Mineralogical analyses of the
concentrate were made by using X-ray diffraction
system (Shimadzu XRD-6000) (Fig.1) and powder
diffraction technique. X-ray diffraction results
showed that dominant mineral phases are
chalcopyrite (CuFeS2) and pyrite (FeS2).
Leaching experiments were performed in a
pressure reactor system. At the end of the leaching
period, the contents were cooled and filtered.
Filtered solutions were analyzed for copper and iron
using an AAS (Perkin Elmer-Analyst 400).

In this study, the chalcopyrite concentrate was
leached in the presence of hydrogen peroxide with a
solution prepared from the oxalic acid salt in a
pressure reactor system. In this context, the effect of
each parameter was examined by changing the
hydrogen peroxide concentration between 0-5 M and
the leaching time between 15-360 min. As shown in
fig 2, it was observed that at the concentration of 5
M H2O2 at a constant concentration of 100 g/L
H2C2O4 together with increasing hydrogen peroxide
concentration and leaching time and at the end of the
180 min leaching period, a maximum of 90.6% of Fe
was extracted. However, iron dissolution was
decreased to around 13% absence of hydrogen
peroxide in the same experimental conditions. It can
be said that peroxide compounds seem to be suitable
oxidant for sulphide minerals in aqueous solutions.
The effect of oxalic acid concentration in the
experiments was studied in a wide range of 10-125
g/L. In addition, 5M hydrogen peroxide, which was
obtained as an optimum condition from the previous
experiments, was used constantly in the experiments
in this section. As shown in fig 3, iron extraction is
increasing with increased oxalic acid concentration.
It can be said that, according to Eq. (1.1), various
iron oxalate compounds/complexes (Fe(C2O4)33-,
FeC2O4.2H2O) are formed.

Table 1. Chemical composition of chalcopyrite concentrate.

Constituent
Composition
Al
0.30 %
Co
947 mg/kg
Cu
28.31 %
Fe
28.52 %
K
0.52 %
Mn
0.11 %
Ni
490 mg/kg
Pb
0.37 %
S
29.36 %
Si
1.12 %
Zn
802 mg/kg
*LOI (Loss of ignition for 1073 K): 13.36%

Fig 1. XRD patterns of Ergani chalcopyrite concentrate

Fe2O3+6H2C2O4→
2Fe(C2O4)33-+6H++3H2O

(1.1)

It was seen that the leaching temperature was a
very important parameter in a short leaching time.
The effect of leaching temperature is given in Fig 4.
Leaching experiments were carried out in range of
308-338 K leaching temperature. It was observed
that leaching pressure was significantly affected by
temperature changing because of decomposition rate
increased with increasing of temperature. It was seen
that the leaching pressure increased with the increase
of leaching time.

IV. CONCLUSION
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Fig 2. Effect of hydrogen peroxide concentration (100 g/L
H2C2O4; liquid-solid ratio: 25 mL/g; stirring speed: 400 rpm;
leaching temperature: 318 K).

REFERENCES

100
90
80
70
60
50
40
30
20
10
0

M.D. Turan, H. Arslanoğlu, H.S. Altundoğan, ‘’Optimization of
the leaching conditions of chalcopyrite concentrate using
ammonium persulfate in an autoclave system,’’ Journal of the
Taiwan Institute of Chemical Engineers, 50: pp. 49-55, 2015.
M.M. Antonijevic, Z.D. Jankovic, M.D. Dimitrijevic, ‘’Kinetics
of chalcopyrite dissolution by hydrogen peroxide in sulphuric
acid,’’ Hydrometallurgy, 71: pp. 329-334, 2004.
R. Padilla, P. Pavez, M.C. Ruiz, ‘’Kinetics of copper dissolution
from sulfidized chalcopyrite at high pressure in H2SO4-O2,’’
Hydrometallurgy, 91: pp. 113–120, 2008.

0

25

50

75

100

125

150

Oxalic acid concentration, g/L
Fig 3. Effect of oxalic acid concentration (H2O2 concentration: 5
M; leaching time: 180 min; liquid-solid ratio: 25 mL/g; stirring
speed: 400 rpm; leaching temperature: 318 K).
100
90

Fe Extr ac tion , %

R.G. McDonald, D.M. Muir, ‘’Pressure oxidation leaching of
chalcopyrite. Part II: Comparison of medium temperature kinetics
and products and effect of chloride ion,’’ Hydrometallurgy, 86:
pp. 206-220, 2007b.
R.G. McDonald, D.M. Muir, ‘’Pressure oxidation leaching of
chalcopyrite. Part I: Comparison of high and low temperature
reaction kinetics and products,’’ Hydrometallurgy, 86: pp. 191–
205, 2007a.
T. Pecina, T. Franco, P. Castillo, E. Orrontia, 2008. ‘’Leaching
of a zinc concentrate in H2SO4 solutions containing H2O2 and
complexing agents,’’ Min. Eng, 21: pp. 23-30, 2008.

80
70
60

V. Mahajan, M. Misra, K. Zhong, M.C. Fuerstenau, ‘’Enhanced
leaching of copper from chalcopyrite in hydrogen peroxide–
glycol system,’’ Hydrometallurgy, 20: pp. 670-674, 2007.

50
40
30
20
10
0

The leaching of chalcopyrite concentrate with
oxalic acid and hydrogen peroxide was investigated
in an autoclave system. Oxalic acid concentration,
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extraction did not exceed to 2%.
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Fig 4. Effect of leaching temperature (H2O2 concentration: 5 M;
H2C2O4 concentration: 100 g/L; liquid-solid ratio: 25 mL/g;
stirring speed: 400 rpm).
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Abstract— Zinc Plant Residue (ZPR) is known as important
residue because of its containing precious metals such as Zn, Pb,
and Ag. ZPR is produced during zinc metal production from
oxide-carbonate ores using Waelz kiln method. This residue is
considered as hazardous waste because of containing heavy
metals, and also it is considered as alternative metal source
because it has high grade metals. In this study, this important
metal residue was characterized by using several analysis
methods.
Keywords— Zinc, lead, SEM, characterization, residue.

I. INTRODUCTION
Zinc is primarily produced from sulphidic ores; however,
some zinc is produced from oxide-carbonate ores and different
secondary resources such as zinc ash, zinc dross, flue dusts of
electric arc furnace, leach residues, etc. Pyrometallurgical and
hydrometallurgical routes or their combination can be
employed
for
treating
secondary materials.
The
hydrometallurgical processes are regarded as eco-friendlier for
treating such materials having a low zinc content [1].
The Waelz technology is developed by German firms at the
beginning of 20th century. The material containing zinc (oxide,
silicate, carbonate, zinc ferrite) must be pelletized with a carbon
reductant. The carbon reductant must be a coal with low
volatiles content, only the carbon units which are not volatilized
are useful for the zinc fuming reaction:
ZnO + C → Zn(Vapour) + CO

(Eq.1)

Zn(Vapour)+ CO + O2 → ZnO + CO2

(Eq. 2)

C + O2 → CO2

(Eq. 3)

ZnS + CaO + C → Zn(Vapour) + CaS + CO

(Eq. 4)

ZnS + FeO + C → Zn(Vapour) + FeS + CO

(Eq. 5)

The volatile part of the coal is liberated at the very beginning
of the kiln, with little part of this thermal energy being valorized
inside the kiln. Pellets preparation reduces dust formations,
they are fed into a rotary kiln where temperature is
progressively increased up to 1100-1400 °C. Pellets and
combustion gases flow counter-currently in the kiln rotating at

low speed (0.4-0.7 rpm). Solids residence time is about 3-10
hours depending on the feed material.
The zinc oxide product quality range could be 70-85% ZnO, it
depends on zinc material feed as other elements and
compounds are volatilized with zinc: e.g. lead, cadmium,
chlorine, fluorine, sodium and potassium. If needed, a further
calcination of the zinc oxide produced can occur in a secondary
rotary kiln at 1000°C to separate the zinc oxide from other
elements increasing the product quality to above 90% ZnO,
depending on the lead content.
Zinc plant residue (ZPR) is produced in insoluble filter cake
after proceed this above baked processing. During Waelz
processing, baked material is leached with sulphuric acid.
At this time, insoluble lead sulphate is concentrated in residue
together with other precious metals such as zinc and silver. This
residue includes also zinc ferrite that its solubility is so low.
Recent studies contain to decomposition of this ferrite structure
[2,3,4].
It is clear that this residue is an important source for the
recovery of metals. However, ZPR is disposal in plant because
of its having insoluble metal contain. For high metal recovery,
detailed characterization of this residue is necessary and it
would be light to future similar studies.
In this study, detailed characterization of the zinc plant residue
supplied from the ÇİNKUR plant was studied.
II. MATERIAL AND METHODS
Zinc plan residue (ZPR) was supplied from ÇINKUR
located at Kayseri-Turkey. Approximately 35 kg of ZPR was
supplied from the plant in accordance with sampling methods.
To reflect the actual condition, the supplied material has not
been further comminution, except dispersed some
agglomerated rough pieces via glass baguette. Subsequently,
ZPR was spread on laboratory floor and then placed in 50 ºC
oven. Characterization studies were conducted in Fırat
University, Inonu University, TUBITAK-MAM and Canada
ACME laboratory.
III. RESULT AND DISCUSSION
Zinc plant residue was analyzed to obtain chemical
composition. For this purpose, the residue was analyzed with
XRF in TUBITAK-MAM laboratory to obtain general structure.
Then, elemental analysis of the residue was performed in

Canada ACME laboratory with ICP-OES after digestion of
sample (Table I).
Table I. Chemical composition of ZPR

The particle size distribution of the zinc plant residue was
determined using a Mastersizer-2000 laser size distribution
analyser. The obtained results are shown in Figure 2 and Figure
3, and the numerical values of the particle size distribution are
shown in Table II.

Fig 2. Particle size distribution of ZPR.

As seen in Table I, ZPR contains precious metals such as
7.89%Zn, 15.02%Pb, 68.4 ppm Ag, and also 5.44% Fe.
Especially, recovery of these metals by using
hydrometallurgical techniques is considered as significant due
to reduce metal losses and environmental risk.
XRD analysis of ZPR was carried in order to determinate the
chemical phases (Figure 1). As shown in figure, dominant
peaks of ZPR are gypsum (CaSO4.2H2O) and anglesite (PbSO4).
It is also seen that the zinc found in the ZPR is in the form of
Franklinite (ZnFe2O4).

Fig 3. Cumulative size distribution curve of ZPR.
Table II. Average particle size distribution data of ZPR.

Figure 4 shows the mapping of analytical images obtained
from scanning electron microscopy of the zinc plant residue.

Fig 1. XRD analysis of ZPR.
Fig 4. SEM image and distribution map of the ZPR.

On the other hand, the N2-BET surface area measurements
of zinc plant residue were performed with the ASAP 2020
instrument. According to the results obtained, the BET surface
area of zinc plant residue is 28.2945 ± 0.5045 m2/g.
IV. CONCLUSSION
Metal composition of zinc plant residue was determined as
7.89%Zn, 15.02%Pb, 68.4 ppm Ag, and also 5.44% Fe. ZPR’s
rich metal content is considered to necessary to recovery
precious metals using economical metallurgical methods. For
this purpose, hydrometallurgical techniques are thinkable
because of having some economic and environmental
advantages.
Mineral phases of these metals are defined by XRD analysis.
Gypsum (CaSO4.2H2O) and anglesite (PbSO4) mineral phases
are determined as dominant peaks in zinc plant residue. As
detected in XRD pattern, zinc in ZPR is franklinite (ZnFe2O4)
form. Under recovery conditions of precious metals via
hydrometallurgy, franklinite structure of ZPR can be
considered as the biggest problem. Because decomposition of
franklinite is difficult using leach agents under ambient
leaching conditions.
According to particle size distribution analysis of ZPR, it
was determined that d (0,90) fraction is having almost 411
microns.
This residue, especially if recovered by using
hydrometallurgical methods, surface area of particle is
significant because of defining reaction surface area. BET
surface area of zinc plant residue was determined as 28.2945 ±
0.5045 m2/g.
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Abstract— Polymer-silicate composites are highly sought-after
materials, mainly due to their applicability in a variety of
avenues. The natural zeolite (clinoptilolite) of Gördes–Manisa
(in Western Anatolia of Turkey) used in this work. The O-zeolite
was obtained through the purification of zeolite and was
organically modified by hexadecyltrimethyl ammonium
bromide (HTAB) with certain surfactant concentration. Ozeolite/PS composites were prepared using the solution blending
method with the application of ultrasound and using
trichloromethane as solvent. Ultrasonic waves were used to
enhance the nanoscale dispersion of the silicate. Polymer
composite of a polystyrene (PS) matrix containing 5%
Organozeolite (OZ) by mass was investigated using X-ray
diffraction (XRD) Scanning electron microscopy (SEM) and
transmission electron microscopy (TEM). XRD; SEM and TEM
confirmed the formation of O-zeolite/PS composite was
intercalated-and-flocculated structure.
Polystyrene;
Nanocomposites;
Preparation,
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I. INTRODUCTION
Polymer composites have been widely used in various areas
of transportation vehicles, construction materials, electronics
and sporting goods and consumer products. The synthesis and
development of polymer/silicate composites have attracted
considerable attention from both basic research and
commercial applications, as they often exhibit remarkable
improvements in the mechanical properties, thermal stability,
gas barrier properties, enhanced ionic conductivity, reduced
flammability and biodegradation, etc., as compared with the
pure polymers or conventional micro- and macro-composites
[1-3]. These improvements in the properties are the result of the
nanometer scale dispersion of silicate in the polymer matrix.
The dispersion of zeolite layers in a monomer or polymer
matrix can result in the formation of three types of composite
materials [4,5]. The first type is a intercalated, that can be
formed if the interlayer distance increases but the layer
morphology
remains
unchanged,
an
intercalated
nanocomposite structure is obtained. The other type is
intercalated-and-flocculated conceptually the same as
intercalated nanocomposites. However, silicate layers are
sometimes flocculated due to hydroxylated edge–edge
interaction of the silicate layer. The last type is the exfoliated
structure, which can only be obtained if the silicate layers
totally disperse in the polymer matrix. Exfoliated polymer–
silicate nanocomposites are especially desirable for improved

properties because of the homogeneous dispersion of clay and
huge interfacial area between polymer and silicate.
Polystyrene (PS) is a commercialized and mass productive
polymer and PS/clay nanocomposites may have wide
applications. Hence, continuing research efforts have been
devoted to the development of PS/clay nanocomposites.
Friedlander and Grink, 1964 [6] observed a slight expansion of
the basal (d001) spacing of clay galleries by in situ
polymerization and concluded that polystyrene was
intercalated in clay galleries; but Blumstein, 1965 [7],
questioned intercalation by polystyrene because he did not get
any increase in the basal spacing. Later, Kato et al., 1981 [8],
reported
the
intercalation
of
PS
into
stearyl
trimethylammonium cation exchanged MMT. Akeelah and
Moet, 1993, 1996 [9,10] have also prepared intercalated
PS/clay nanocomposites using an organic solvent (acetonitrile)
in which the sodium ions of the MMt were ion exchanged with
vinylbenzyltrimethylammonium ions, and an intercalated
polystyrene–clay nanocomposite were obtained. Noh and Lee,
1999 [11] and Kim et al., 2003, 2002 [5,12] have synthesized
intercalated PS/MMt nanocomposites by emulsion
polymerization in the presence of hydrophilic clay (Na-MMt),
and found that PS/clay nanocomposites exhibited higher
thermal stability and increased Young's modulus compared
with pure polystyrene. Beyond the work mentioned above Kim
et al., 2003 [13] prepared high impact polystyrene
(HIPS)/organoclay nanocomposites by in situ polymerization
and found that the organoclay prefers to disperse into the rubber
phase. Weimer et al., 1999 first [14] reported a successful
strategy to achieve exfoliated polystyrene/layered silicate
nanocomposites by in situ controlled free radical
polymerization. They modified MMt by making and anchoring
the nitroxyl-based organic cation, which is known for the
ability to mediate the controlled ‘living’ free radical
polymerization, on the silicate surface. Zeng and Lee, 2001 [15]
prepared (PS) clay nanocomposites via in-situ bulk
polymerization; the effects of initiators and clay surface
chemical modification on the nanocomposite structures were
studied. They prepared a masterbatch, containing high clay
content, by bulk polymerization and then used a compounder
to lower the clay concentration. Hasegawa et al., 1999 [16]
synthesized PS nanocomposites via melt intercalation using an
organoclay prepared by ion exchange with protonated
delaminated-type PS. Exfoliated PS-clay nanocomposites were
also prepared by melt blending of styrene-vinyloxazoline
copolymer with organophilic clay. Laus et al., 1998 [17] and
Qutubuddin et al., 2002 [18] synthesized a functional cationic

surfactant vinylbenzyldimethyldodecylammonium chloride for
intercalation montmorillonite and achieved exfoliated PS/clay
nanocomposites through in situ free radical bulk
polymerization. Doh and Cho, 1998 [19] prepared polystyreneclay intercalated nanocomposites by polymerization of styrene
in the presence of organophilic clay and the synthesized
nanocomposites exhibited better thermal stability than the pure
polystyrene. Xie et al., 2003 [20] prepared PS-organo
montmorillonite nanocomposites with suspension free radical
polymerization of styrene in the dispersed organophilic
montmorillonite and exfoliated nanocomposite structure is
obtained with this method. Vaia et al., 1993 and Giannelis et al.,
1999 [21,1] eveloped a new approach to fabricate polymer–clay
nanocomposites via polymer melt intercalation. PS–clay
intercalated nanocomposite was prepared by using this method.
Zhu and coworker, 2001 [22] prepared both intercalated and
exfoliated structure PS clay nanocomposites using a bulk
polymerization technique. Tseng et al., 2001 [23] reported the
preparation of syndiotactic polystyrene/modified-clay
nanocomposites by solution blending a mixture of pure s-PS
and organophilic clay in dichlorobenzene. Hoffmann et al.,
2000 [24] reported a correlation between the morphology and
rheology of exfoliated PS/clay nanocomposites based on
organophilic layered silicates such as fluoromicas. Chen et al.,
2001 [25] reported Fourier transform IR (FTIR) spectra,
thermal properties, and dispersibility of exfoliated
PS/montmorillonite (MMt) nanocomposite. Sohn et al., 2003
[26] prepared polymer nanocomposites based on an
organophilically modified montmorillonite (OMMt) and
polystyrene (PS) by solvent blending method using chloroform
as a co solvent. Uthirakumar et al., 2005 [27] prepared the
exfoliated polystyrene (PS)/clay nanocomposites via in situ
polymerization using a cationic radical initiator-intercalated
montmorillonite hybrid. The exfoliated structure resulted
mainly due to the anchored radical initiator inside the clay
galleries. Zhang et al., 2006 [28] prepared styrenic
polymer/clay nanocomposites by melt blending of the polymers
with an oligomerically modified clay. Polymers used in this
study are polystyrene (PS), high-impact poly styrene (HIPS),
styrene-acrylonitrile copolymer (SAN) and acrylonitrilebutadiene-styrene (ABS). Intercalated nanocomposites were
formed for PS and HIPS by this method while delaminated
nanocomposites were formed for SAN and ABS. Bhiwankar
and Weiss, 2006 [29] used quaternary ammonium salts of
sulfonated polystyrene (SPS) as compatibilizers for melt
intercalation of PS and pristine Na-MMt. Tetraoctyl
ammonium SPS and tetra-decyl ammonium SPS ionomeric
compatibilizers produced significant exfoliation and a
homogeneous dispersion of the polymer–clay nanocomposites.
Despite the widespread use of the clays for preparations of
composites, has not done much work on zeolites in the
literatüre.
In the present work, Polymer nanocomposites of a
polystyrene (PS) matrix containing 5% organozeolite (OZ) by
mass were prepared using the solution blending method with
sonication. Hexadecyl trimethyl ammonium bromide was used
to modify the montmorillonite after its surface was saturated

with Na+ ions. X-ray diffraction and transmission electron
microscopy revealed the mixed morphology of composites. The
majority of O-Zeolite is dispersed in the polymer matrix in the
form of an ordered tactoid (multilayer particles) structure
consisting of few silicate layers and intercalated-andflocculated structure was achieved. Characterization studies
were performed by use of XRD, TEM and SEM.
II. MATERIALS
2.1. Materials
PS was provided by Sigma–Aldrich (Mw ~280,000 by
GPC). Hexadecyltrimethylammonium bromide (HTAB,
C19H42BrN, Purity %98) and sodium chloride (NaCl,
Purity %99.5) were provided by Merck and used as received.
Trichloromethane (TCM, Purity %99.8) was purchased from
Sigma–Aldrich. The natural zeolite (clinoptilolite) of Gördes–
Manisa (in Western Anatolia of Turkey) used in this work was
supplied from Rota Mining Corporation. Because it was
received as it was taken out of the ground, without having been
processed, it contained many impurities. In order to purify it
and also increase its zeolite content, a decantation process was
applied. Following this process, the clay had been dried in an
oven at 90 oC and it was ground.
2.2 Preparation of organo-zeolite and composite:
In order to prepare the organic-intercalated zeolite
firstly,1l of 2M NaCl solution was added to 20g of purified clay
and was mixed at 500rpm with a Heidolph magnetic stirrer for
24h at room temperature. Then the mixture was centrifuged and
rinsed three times with distilled water. The obtained Na-zeolite
was dried at 110 oC. Na- zeolite aqueous suspension and a
certain amount of HTAB were mixed for 24h by adding
distilled water heated at 60 oC. Next, th e mixture was
centrifuged and the obtained white solid was dried in an oven
after being rinsed with distilled water. After being ground, it
was sieved to pass through a 90 μm sieve.
Organo zeolite /PS nanocomposites were prepared by the
solution blending method. The organo zeolite was dissolved in
trichloromethane (TCM) and the solution was magnetically
stirred until all the clay appeared to be completely dispersed at
50 °C. After stirring, the mixture was placed in an ultrasonic
bath for sonication at room temperature, for 1 h. PS was
dissolved in toluene at room temperature. Zeolite solution was
added slowly to PS solution and then it was stirred until the
solution became homogeneous. O-zeolite/PS mixture was
placed in an ultrasonic bath, for 20 min. After sonication it was
poured in glass moulds and toluene was then evaporated which
was performed by two consecutive steps: air drying for 12 h,
and in an oven at 60 °C, for 3 h. For comparison, polystyrene
was dissolved in toluene, then sonicated and dried using the
same procedure described above, obviously without adding Ozeolite. Finally, samples were cryo-milled using a Retsch
cryogenic jar mill. The samples were labeled to describe the
amount of OZ and PS5 mean PS contained and 5 wt.% of OZ,
respectively.
2.3. Characterization techniques

III. RESULTS AND DISCUSSION
Complementary to XRD, TEM is the most popularly
employed technique to determine composite morphology,
using TEM one can image the composite structure. In general,
one collects several images at high and low magnification and
at several positions in the nanocomposite sample. Both a low
magnification image, to show the global dispersion of the
additives in the polymer, and a higher magnification image, to
evaluate the registry of additives are needed. The ordered
intercalates exhibit microstructures very similar to the un
intercalated organically modified layered silicate. Polymer
intercalation occurs as a front which penetrates the primary
organically modified layered silicate particle from the external
edge. The disordered composites exhibit heterogeneous
microstructures with increased layer disorder and spacing
towards the polymer-primary particle boundary. In these
hybrids, individual silicate layers are observed near the edge
whereas small coherent layer packets separated by polymerfilled gaps are prevalent toward the interior of the primary
particle. The heterogeneous microstructure indicates that the
formation of these disordered composites occurs by a more
complex process than simple sequential separation of
individual layers starting from the surface of the crystallites and
primary particles. In general, the features of the local
microstructure from TEM give useful detail to the overall
picture that can be drawn from the XRD results and enhance
the understanding of various thermodynamic and kinetic issues
surrounding composite formation [30,31].
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East Sussex, UK). For transmission electron microscopy
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on a copper TEM grid and dried overnight at room temperature,
and examined by a Jeol JEM-1220 Electron Microscopy
(Tokyo, Japan, at an accelerating voltage of 80 kV).
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Fig.1. . X-ray diffraction patterns of PS0, %5OZ-PS and Zeolite.

It is well known that only materials ordered enough to
diffract X-ray can be detected; disordered materials will show
no pattern with the X-ray technique. Generally, the formation
of an intercalated nanocomposite results in an increase in basal
spacing in the XRD pattern, while the formation of an
exfoliated nanocomposite leads to the complete loss of registry
between the layers and therefore no peak can be observed [30].
Figure 1 shows the XRD patterns of PS, zeolite, and
PS/Ozeolite. Dispersion of the zeolite particles in the polymer
matrix is very important because the filler dispersion has a main
effect on the final morphology and properties of the polymer
nanocomposites. In study, the XRD peak of PS-MMt
composites appeared at the 2θ . However, the OZ/PS
composites, prepared using 5wt% of OZ, did not showed any
noticeable diffraction peak at the 2θ values from 1 to 20°. This
result suggests that the zeolite platelets was able to intercalated
and-flocculated dispersed in the PS matrix. Because the peak
intensity is very low; indicating that an insignificant amount of
agglomeration was present, probably due to zeolite platelet
reorganization during ring-opening polymerization in the
absence of shear flow. The XRD patterns suggest that the
strongly hydrophobic PS was inserted into the galleries of the
hydrophilic zeolite through emulsion polymerization [11]. This
was confirmed by comparison with the XRD patterns for
various polymeric systems, such as polyaniline [32] and
PMMA [33].
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Fig. 2. SEM images of 5% O-zeolite/PS nanocomposites at magnifications of
a) ×100 and b) x1000

Fig. 3 . TEM micrographs of 5% O-zeolite/PS nanocomposites (a) at low
magnification (b) at higher magnification.

The morphology of the composites is evaluated by using
SEM and TEM. The images of SEM give information about the
reinforcement aggregates, adhesive failures and phase
boundaries in composites, surface roughness, and fractured
surfaces. The roughness like recesses and protrusions on the
surface is very important because it intensively affects the
wettability property. This property is known as the tendency of
fluids to stick to the surface and can be determined by the
characteristics of the surface structure [34]. In this study, SEM
analysis is performed to display the surface of materials and the
distribution of reinforcement in polymer matrix. The SEM
images of composites are given at magnifications of ×100 and
×5000 in Figure 2. SEM images of composite exhibit quite well
dispersion. Some bridges within the polymer matrix and
dangling structures are also observed. These results may be
attributed to the good dispersion of the zeolite and the
compounding ratio seems not to be a prominent parameter
within this phenomena.

The dispersion microstructure of the intercalated andflocculated zeolite layers was also examined by means of TEM.
Direct evidence for the dispersion of the O-zeolite in the final
polymer composites can be obtained from TEM. The
intercalated and flocculated trend of the zeolite in the PS/zeolite
nanocomposites was confirmed by TEM, as shown in Fig. 3.
Figure 3 shows the TEM image of 5% O-zeolite/PS, which
demonstrates that the zeolite layers are structured in good order
and are well, dispersed in the polymer matrix [12,24,35]. The
image confirms that the synthesized composite is a nanoscale
material and no delamination of the O-zeolite layers took place
during intercalation.
IV.
CONCLUSIONS
The composite’s surface usually has different chemical and
physical properties from both matrix and filler, probably due to
changing surface roughness and chemical heterogeneity. It is
important to understand the zeolite-filled polymer surfaces to
control adhesion, wettability, and printability properties of
these nanocomposites. In this study, O-zeolite/PS composites
were prepared by solution blending method using TCM as
solvent. Solution blending is widely used in composite
preparation. It is a simple way to obtain silicate/polymer

composites if both the polymer and the nanoparticles are
dissolved or dispersed in solution. The toxic solvent in the
process could be recycled. In solution blending method, it is
easy to control the concentrations of the polymer and inorganic
components. In the present work, ultrasonication is applied to
further improve the exfoliation of the O-zeolite.
A combination of XRD, SEM and TEM studies showed
that the nanocomposites obtained have a mixed
nanomorphology. From SEM, TEM and XRD results, the
polystyrene was intercalated and-flocculated into the zeolite
layers, and had fine dispersion in the polystyrene matrix.
HTAB-zeolite in the PS/O-zeolite nanocomposite indicates that
the zeolite was transformed into fine particles and dispersed
homogeneously in the PS matrix after polymerization. SEM,
TEM and XRD analyses provided a high depth of focus to the
morphology and the quite well dispersions are observed. This
will provide the necessary flexibility for the potential
applications of these new composites.
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Abstract— The surface characteristics of the zeolites need to be
known for their effective use especially, as ion exchangers,
catalysts, and adsorbents. Surface acidity of zeolites (ZSM-5
zeolites, Y zeolite, mordenite) were investigated with Fourier
transform infrared spectroscopy (FTIR) and Hammett acidity
functions; the n-butylamine titrationmethod. In the amine
titration method, the total amount of acid sites on zeolites can be
measured. The IR spectrums of all samples were recorded using
diffuse reflectance infrared Fourier transform (DRIFT) technique.
Pyridine adsorption and desorption processes have given some
clues about the surface acidity of zeolites.
Keywords— surface characterization, acidity; FTIR; modified
Hammett method; zeolite.

I. INTRODUCTION
Zeolites are a group of minerals of great scientific and
industrial importance. The first zeolite mineral was discovered
in the middle of the 18th century by the Swedish mineralogist
A. Cronstedt. Zeolites are crystalline, hydrated aluminosilicates
consisting of a three-dimensional network of [SiO4] 4- and
[AlO4] 5- tetrahedra. The tetrahedra are linked by sharing
oxygen atoms. More than 150 different zeolite and zeolite-like
frameworks are known today, both natural and synthetic [1].
A general formula for zeolite structures can be written as:
Mx/n[(AlO2)x(SiO2)y]·wH2O
where n is the valence of cation M, w is the number of water
molecules per unit cell, x and y are the total number of
tetrahedral atoms per unit cell. The y/x ratio (Si/Al ratio)
usually ranges from 1 to 5 or 10 to 100 for high silica zeolites.
The framework structure contains channels or interconnected
voids that are occupied by the cations and water molecules. The
cations are mobile and ordinarily undergo ion exchange. The
water may be removed reversibly, generally by application of
heat [2]. The special structures of zeolite materials contribute
to their unique properties and applications. For example, the
microporous nature of zeolites with uniform pores of molecular
dimensions allows certain hydrocarbon molecules to enter the
crystals while other molecules are rejected based on the
molecular size. This makes the phenomenon of shape
selectivity possible in catalytic reactions [3]. The ion exchange
properties of zeolite materials result from the exchangeable
cations and lead to many different applications, such as water
softening. The high surface area and high thermal stability of
zeolites make them desirable materials for a wide range of
applications including adsorbents, detergents and catalysts [4].

To understand the characteristics and composition of the
solid surface, the surface characterization tools are required.
Many techniques as wetting measurements, X-ray
photoelectron spectroscopy, microcalorimetry, titration,
Fourier transform infrared spectroscopy (FTIR) and inverse gas
chromatography (IGC) have been used to obtain detailed
information on solid surfaces [5,6]. The acid, or basic
properties of solid surfaces, are interesting aspects of surface
structure, and important in the fields of ion exchange and
heterogeneous catalysis. Acid/base catalysed reactions belong
to the technologically most important classes of heterogeneous
catalytic conversions [7,8]. Acid/base properties seem to be
important in many organic reactions. A variety of
physiochemical techniques have been developed for the
characterization of type, strength and numbers of acid sites on
solid catalysts. One of the oldest techniques for measuring
acidity is based on proposal by Hammett [9] for ordering
strengths of solid acids on the basis of amine titrations. Other
physiochemical techniques used to characterize surface acidity
and basicity include the adsorption of acidic and basic gasphase probe molecules combined with spectroscopic
measurements (IR) and calorimetric, gravimetric or thermal
desorption measurements. The use of these different techniques
is closely related, and in combination, can provide a
characterization of type, number and strength of acid/base sites
on surfaces. Infrared is the most powerful technique for the
study of zeolitic acidity. Pyridine is a widely used probe for
acidity of solid oxides, zeolites and zeolite-like materials [10].
IR spectroscopy of pyridine attached to Bronsted acid sites
(acidic hydroxyls), Lewis centers (e.g. Al-containing entities)
and cations (such as alkaline metal, alkaline earth, rare earth or
transition metal ions) is very popular because of the rather sharp
bands which can be observed in the deformation region. The
positions of the bands are typical of the respective adsorption
sites. For instance, Bronsted acid sites give rise to bands around
1540 cm−1. Bands around 1450 cm−1 are indicative of ‘true’
Lewis sites (in the case of zeolites, extra-framework Alcontaining species) [11].
Traditional method of Hammett indicator was widely used
for measuring the acid strength of solid acids or superacid and
ionic liquids [7,12,13]. The method of nonaqueous butylamine
titration introduced by Benesi [14] was used to quantitatively
study the acid strength of zeolite [15]. Consequently, the acidity
of zeolites has been extensively studied and, generally,
researchers have concentrated on the kinds of acid sites, the
acid amounts and acid strength of zeolites for their catalytic
performance [16–22].

In this study, the surface acidity of zeolites was investigated
with FTIR and Hammett acidity functions, that is, the nbutylamine titration method. The nature of Bronsted and Lewis
acidic sites in zeolites was investigated using FTIR spectrums
of adsorbed pyridine. Additionally, the amount of acid sites on
a solid surface can be measured by amine titration immediately
after determination of acid strength. In the amine titration
method, indicators are used and the color of suitable indicators
adsorbed on the surface will give the measure of its acid
strength. The method consists of titrating a solid acid,
suspended in petroleum ether, with n-buthylamine using an
indicator. This method gives the total amounts of both Bronsted
and Lewis acids, and is rarely applied to colored or dark
samples where the usual color change is difficult to observe.
II. MATERIALS
ZSM-5 zeolites (CBV28014, CBV8014, CBV3024),
mordenite (CBV21A) and NH4-Y (CBV 500) with different
SiO2/Al2O3 ratios were purchased from Zeolyst International
Inc. The properties of the zeolite samples are listed in Table 1.
The Hammett Indicators used were neutral red, methylred, pdimethylaminazo benzene, thymol blue and pKa values of them
are as; 6.8, 4.8, 3.3 and 2.8, respectively. Acid colors of these
are red and basic colors are yellow. Other chemicals like
benzene, petroleum ether, n-butylamine were supplied from
Merck and Fluka reagent grades.
TABLE I
ZEOLITE ZSM-5, Y, MORDENITE AND THEIR MANUFACTURE ASSAY DATA
Zeolite
Trade name

Type

SiO2/Al2O3
Mole ratio

Na+K,
wt%

BET Area,
m2/g

CBV28014
G
CBV8014
CBV3024E
CBV21 A
CBV500

NH4-ZSM-5

280

0.05

400

NH4-ZSM-5
NH4-ZSM-5
Mordenite
NH4-Y

80
30
20
5.2

0.05
0.05
0.08
0.2

425
400
500
750

Thermal activation of the zeolites
The physical modification of the zeolite material was
done by thermal activation. The mined clay was washed,
sundried for 24 hours and grinded to 0.212mm particle size. 20
g of the sized sample was measured into a crucible and placed
in a murfle furnace. The thermal activation was performed over
a temperature range of 100 to 500 0C (100,200, 300, 400, and
500 0C) for a fixed period of 90 minutes. At the completion of
the activation duration, the samples were taken out and cooled
in a desiccator for 4 hours.
Acid amount determination
Acid strength measurements and acid amount
determination were made according to the adapted method of
antititration, inserting method and using ultrasonic oscillator
[13]. The Hammett indicators were used for the acid strength
from H0 ≤ +7.2 to H0 ≤ −8.2 in the present study. The limits of
the H0 of samples were established by observing the color of
adsorbed form of the suitable indicators. Neutral red (pKa: 6.8),
methyl red (pKa: 4.8), p-dimethylaminazobenzene (pKa: 3.3),
thymol blue (pKa: 2.8) indicators were used according to those

color observations. Their acid colors are red and basic colors
are yellow. In the titration procedure, the sample was weighed
(ca 0.02–0.04 g) and transferred to ten vials. Petroleum ether
(1.5 ml) was injected to the vials using a pipette. The desired
amount of standard n-butylamine in petroleum ether (ca 0.5
mol l−1) was calculated according to the degree of titration. The
degrees of bentonite titration were 0.1, 0.2, 0.3, 0.4, 0.5, 0.6,
0.7, 0.8, 0.9 and 1.0 mmol n-butylamine per gram catalyst
(mmol g−1). The calculated amount of standard n-butylamine
solution was added to each vial. The ten vials were fixed and
were oscillated in the ultrasonic oscillator for 50 min. The
determined indicators were added to each group. After a few
minutes for diffusion and reaction of the indicator, the color of
indicators in the vials of some groups changed from acid color
to basic color and some of them did not. The total acid amount
of solid surface is equal to the sum of mmol g−1 values of the
changed vials.
The FTIR spectra of zeolites were recorded on a Perkin
Elmer 100 FTIR spectrometer in the 4000 to 400 cm−1
wavenumber range using DRIFT (Diffuse Reflectance Infrared
Fourier Transform) technique. A spectrum of the bentonite was
obtained using KBr dilution, and finely powdered KBr was
used as reference. For acidity determinations by FTIR, the
sample was heat treated at 400 ◦C overnight, followed by
evacuation at ca 10−5 Torr for 2 h at the same temperature.
Pyridine adsorption was performed at room temperature until
saturation (60 min). The sample was then evacuated for 10 min
at 100 ◦C and cooled to room temperature before recording the
spectrum. The desorption of the probe molecule was
successively monitored stepwise by evacuating the sample for
10 min at 100, 150, 200, 300 and 400 ◦C and cooling to room
temperature between each step, to record the spectrum [12,20].
III. RESULTS AND DISCUSSION
In the amine titration method using indicators, the color of
suitable indicators adsorbed on the surface will give a measure
of its acid strength. If the color is that of the acid form of the
indicator, then the values of the H0 function of the solid is equal
to or lower than the pKa of the conjugate acid of the indicator.
Color test were made by transferring of dried, powdered solid
to a test tube, adding a solution of indicator in benzene. From
the results of such tests, it was easy to decide whether the solid
under study was basic to all indicators, acid to all indicators, or
had an H0 lying between two adjacent indicator pKa’s. We used
indicators for acid strength from H0 ≤ +7.2 to H0 ≤ −8.2. The
limits of the H0 of samples were established by observing the
color of the adsorbed form of the Hammett indicators. The acid
strengths of solids changed between +2.8 and +6.8 (Table 2).
The summation of acid sites with strengths gives the total acid
amount of solid surface. In amine titration method, the total
acidity increased as the Si/Al ratio decreased, as expected
[12,13]. Similar results for zeolites with different Si/Al ratios
were obtained by FTIR which agree well with this study,
reported in the literature [18–21].

TABLE III
ACID STRENGTH DISTRIBUTION FOR ACTIVATED ZEOLITES
Solids
CBV28014
(ZSM-5)
CBV8014
(ZSM-5)
CBV3024E
(ZSM-5)
CBV21A
(Mordenite)
CBV 500
(NH4-Y)

Ho ≤
+2.8

Acid amount (mmol/g)
Ho ≤
+3.3

Ho ≤
+4.8

Ho ≤
+6.8

_

_

0.1

0.3

Total acid
amount
(mmol/g)
0.4

_

0.2

0.2

0.3

0.7

_

0.3

0.3

0.2

0.8

_

0.2

0.3

0.3

0.8

_

0.2

0.3

0.5

1.0

[14], as some investigators stated that this peak is a contribution
of both Bronsted and Lewis acid sites [16,28].

400

300

%A

FTIR spectroscopy is used to probe the structure of
zeolites and monitor reactions in zeolite pores. Specifically,
200
structural information can be obtained from the vibrational
frequencies of the zeolite lattice [13]. Lattice termination
silanol groups are mainly located on the external surface. For
zeolites in the H-form, the hydroxyl groups bridging a Si and
150
an Al atom possess strong Bronsted acid properties. The type
(Bronsted or Lewis acidity), concentration and accessibility of
surface acid sites can be determined by the adsorption ammonia,
pyridine or substituted pyridine [14]. Zeolites possess two
100
kinds of acidity. The most important from the catalytic point of
view are the Bronsted acid sites known as structural hydroxyl
groups. Lewis acid sites in zeolites, some authors believe, that
1700 1650 1600 1550 1500 1450 1400 1350 1300
Lewis acidity is associated with three-coordinated framework
-1
Wave number (cm )
aluminium, but more recently it has been suggested that it is
associated with extra-framework Al, O species [15].
Figures 1–5 show the stepwise desorption spectrums of Fig.1. FTIR spectrum for pyridine desorption on activated ZSM-5 (CBV 28014)
the activated ZSM-5 zeolites, activated NH4-Y zeolite and at 100, 150, 200, 300 and 400 ◦C.
activated mordenite at 100, 150, 200, 300 and 400 ◦C. All
figures clearly reveal the pyridine adsorbed on strong Lewis
(1620, 1590 and 1445 cm−1) acid sites [23,24]. The band
around 1530 cm−1 which is attributed to pyridine adsorption on
Bronsted acid sites were observed in all figures, and an
additional band at 1645 cm−1 attributable to Bronsted acid sites
was also observed in mordenite [25].
The band around 1445 cm−1 which is attributed to pyridine
adsorption on Lewis acid sites, did not change significantly
with increasing evacuation temperature up to 400 ◦C. The
spectrum inspection indicates that pyridine is strongly bound to
the surface Lewis acid sites and is not removed by N2. The
behavior observed as a function of temperature confirms the
high strength of the pyridine- Lewis acid sites bond and did not
complete the pyridine desorption [26]. The intensity of
Bronsted acid site bands decreased only slightly at temperatures
below 400 ◦C throughout all of the runs. It appears that the
pyridine molecules desorption bands on Lewis acid sites is
much stronger than those desorbed on Bronsted acid sites, and
the molecules cannot be easily removed. It has long been
recognized that Lewis acid sites are an important part of the
total on silica–alumina catalysts [27]. The third strong band
around wave number 1490 cm−1 is due to physisorbed pyridine
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Fig.4. FTIR spectrum for pyridine desorption on activated Mordenite (CBV
Fig. 2 . FTIR spectrum for pyridine desorption on activated ZSM-5 (CBV
8014) at 100, 150, 200, 300 and 400 ◦C

21A) at 100, 150, 200, 300 and 400 ◦C.
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Fig. 3. FTIR spectrum for pyridine desorption on activated ZSM-5 (CBV 3024)
at 100, 150, 200, 300 and 400 ◦C.
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Fig. 5. FTIR spectrum for pyridine desorption on activated NH4-Y (CBV 500)
at 100, 150, 200, 300 and 400 ◦C

IV. CONCLUSIONS
Due to wide industrial applications of zeolite, it is necessary
to characterize surface. The catalytic activity and selectivity of
the zeolites in usage areas can be restricted by solid surface
acid-base property. The reliability and practicability of the
methods that are used for determining the surface acid-base
property gain a great importance. The sample preparation
protocol makes the objective comparison of different zeolites
possible based on their DRIFT-FTIR spectra which eliminates
the effect of adsorbed water. DRIFT method promises for these
by recording the dynamic process of adsorption and desorption.
In this study using DRIFT and amine titration methods together,
the surface of thermal activated zeolites were determined as
acidic. DRIFT adsorption and desorption of pyridine method
indicated that there are strong Lewis acid sites and weak
Bronsted acid sites of zeolites. Amine titration method exposed
that the total acidity increased as the Si/Al ratio decreased.
Comparison of the activated samples with the raw sample
showed a decrease for acidity of activated samples. This could
be attributed to complete removal of water and organic
substances from the zeolite structure.
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Abstract— In this study, porcelain tiles containing up
to 5 wt.% talc as a secondary flux were fabricated using the
firing temperature of 1210C. The effects of talc addition on the
linear shrinkage, bulk density and water absorption, chemical
and microstructural properties of porcelain tiles were
investigated in comparison with an industrial standard porcelain
tile. Additionally, the porcelain tiles were characterized with
DSC analyses to obtain useful information on the evolution of
solid-state reactions/or phase transitions of the samples during
firing process. The results of this study show that porcelain tiles
containing different amount of talc (1-5 wt.%) have similar water
absorption value (zero) which was recommended for porcelain
tiles, slight decrease were observed in the density and linear
shrinkage (%) values after addition of 2 wt.% talc. Furthermore,
the talc additions did not affect the presence of phases (mullite,
glassy phase) but markedly influenced their contents.
Keywords— Flux, Porcelain tile, Feldspar, Talc, Water absorption

I. INTRODUCTION
Talc is known as an naturally occurring mineral which is
composed of magnesium, silicon, oxygen and hydrogen with
the chemical formula Mg3Si4O10(OH)2. In ceramic bodies, the
role of talc addition as a flux material on the ceramic bodies is
to promote the sintering process and enhance the formation of
mullite which affects the strength, toughness, and durability of
ceramics. Effect of talc addition on the microstructural
changes, physical properties, chemical reactions and sintering
characteristics during firing of feldspar-kaolinitic clay
ceramics [1], traditional ceramics [2], B4C ceramic [3], fly ash
based ceramics [4], Al2TiO5 based ceramics [5], alumina
strengthened porcelain ceramics [6] has been extensively
investigated. Njoya and Hajjaji [1] demonstrated that up to 4
wt.% talc addition on the vitreous ceramics led to
improvement of mechanical strength (about 15%) and reduced
shrinkage (5%) by simultaneous development of mullite and
glassy phase formation. Serra et al [2] reported the effect of
talc, spodumene and calcium carbonate as secondary fluxes
which partially (15 wt.%) replaced by feldspar on the
properties of traditional ceramics fired at different
temperatures (800 C-1200 C). Their studies revealed that the
three studied secondary fluxes enhanced the sinterization of
traditional ceramics above 1100 C and the higher density
value at 1200 C was obtained by addition of talc compared

with the other fluxes. Considering the above mentioned
studies, the effect of talc addition on the physical properties
and microstructure of porcelain tiles are quite scarce. The
purpose of this work is to understand the role of talc that is
added between 1wt% and 5 wt% as sintering aid on the some
technological properties (water absorption, linear firing
shrinkage) and microstructure changes of porcelain tiles.
Additionally, these properties are compared with an industrial
porcelain ceramic tile.
II. MATERIALS AND METHODS
In this study, six different porcelain tile were prepared
containing different amount of talc as a flux which partially
replace by feldspar. For the base porcelain tile ceramics,
kaolen and albite (soda feldspar) were used as the starting
materials. Raw materials were supplied from Kalemaden
Company, Turkey. Sodium silicate (0.5g) were used as a
deflocculant. For comparison, the XRF analysis of talc and
feldspar used in the porcelain tile are presented in Table I. In
addition, the designed six different compositions are shown in
Table II. All of the compositions given in Table II were wet
milled using a planetary ball mill (GabbrielliTM ) containing
70 wt.% of solid with alumina balls for 20 min.
TABLE I.
THE CHEMICAL ANALYSIS OF TALC AND ALBITE (WT.%).
Talc
Albite
60.16 70.96
SiO2
31.99 17.87
MgO
0.04
0.32
TiO2
0.85
0.05
Fe2O3
0.25
0.60
CaO
1.07
0.17
Al2O3
0.08
9.50
Na2O
0.01
0.24
K2O
5.41
0.29
L.O.I*
*
loss on ignition

The liter weight of slurries was measured by using a
pycnometer and was held at 1700 g/L. The slurry was dried at
100°C in an oven until 6% of humidity. The granules were
uniaxially pressed into cylindrical specimens with a
dimension of Φ 45mm 5 mm under a pressure of 44 bar. The
pressed green bodies were dried at 110 C for 24 h and fired
in industrial roller kiln at 1210°C for 2 h.

TABLE II.
STUDIED PORCELAIN CERAMIC (WEIGHT BASIS)
Kaolen

Feldspar

Talc

Sample
name
Base

Linear
shrinkage
(%)
8.52

Water
absorp.
(%)
0

Bulk
density
(g/cm3)
2.43

T1

8.44

0

2.42

7.97

0

2.37
2.31

Sample
name
Base

Clay
23

27

50

-

T2

T1

23

27

49

1

T3

6.91

0

T2

23

27

48

2

T4

6.11

0

2.22

T3

23

27

47

3

T5

5.75

0

2.20

T4

23

27

46

4

T5

23

27

45

5

Fired samples were used to determine the linear shrinkage,
water absorption and bulk density using determined by the
Archimedes method using distilled water as liquid media. The
results presented are the average of those obtained for at least
five samples. The microstructure of the fired tiles was
examined by scanning electron microscopy (Zeiss EvoTM ). Xray diffraction measurements of the tiles were carried out by
using Rigaku Rint 2200 diffractometer (a monochromatic Cu
Kα radiation), in the range of 2ϴ=15-65. The crystalline
phase composition was quantitatively analysed with
HighScorePlus software based on Rietveld method. Before
firing, DSC/ TGA (LeinseisTM) analysis of powder mixtures
were carried out under air at temperatures up to 1200°C with
10°C min−1 heating rate.

Thermal behaviour of base, T3 and T5 ceramic mixtures
were evaluated using DSC analysis in order to obtain useful
information in the evolution of the reactions in solid-state
during firing process. Figure 1 shows the results of DSC
analysis in a temperature range 20-1200 C in atmospheric
conditions. Note that only DSC curves belonging to T1 and
T2 ceramic samples are not given in this figure since similar
DSC curve corresponding with T3 sample were observed .

III. RESULTS AND DISCUSSIONS

A. Physical Characteristics
The firing behaviour has been evaluated by determining by
linear shrinkage, water absorption and bulk density of
samples (Table III). The linear shrinkage of the samples
containing up to 3 wt.% talc was higher and it reaches more
stable value after addition of 4 and 5 wt.% of talc compared to
the base porcelain tile ceramic.
For all compositions, water absorption percentage of
porcelain tile ceramics was measured as zero at 1210 C,
which is desirable for porcelain tiles according to ISO 105453 standard (should be lower than 0.5%). This indicates that
complete maturation of porcelain bodies was obtained at
industrial firing temperature of base porcelain tiles with talc
addition between 1 and 5 wt.%. Similar water absorption
value was observed in our previous study [7] by using up to 6
wt.% BaCO3 as secondary flux in porcelain tile. The density
values of samples vary between 2.43-2.20 g/cm3. As can be
seen from Table III, density values of samples gradually
decreases with talc content after addition of 2 wt.% talc. It can
pointed out from this table although density values reduce
with talc content, water absorption values of sample remained
constant.

TABLE III.
CHARACTERIZATION RESULTS OF THE FIRED SAMPLES.

Fig. 1 DSC curves of ceramic mixed powders

DSC curves of base ceramic display two main endothermic
peaks at about 208 C and 507 C due to water evaporation of
clay and kaolinite decomposition, respectively. Similar
endothermic peaks were also observed in the DSC scans of T3
and T5 samples. For base ceramic, the exothermic peak
appears at 983 C is likely due to formation of mullite crystals
also observed in XRD analysis of fired ceramics (Fig.2). This
exothermic peak temperature slightly decreases from 983 C
for base ceramic to 976 C and 973 C when the talc addition
increases from zero to 3 and 5 wt.%, respectively.
Additionally, the intensity of exothermic peak emerged at
around 983C becomes smaller with addition of talc (in the
case of T3 and T5). Similarly, second endothermic is related
to kaolinite decompositions.

B. XRD and SEM Investigations

This is likely because of reduced mullite and quartz content
(Table IV) which attributed to low density.

Fig. 2 X-ray diffraction patterns of fired base, T2, T3 and T5 samples (M =
mullite, Q= quartz, A= albite).

Figure 2 shows XRD patterns of fired samples of base
ceramic and 2, 3 and 5 wt.% talc containing samples T2, T3
and T5, respectively at 1210 C. It is shown that the main
phases are quartz (JCPDS card no. 5-490), mullite (JCPDS
card no. 15-776). In addition, weak peak belonging to
unreacted albite phase (JCPDS card no. 9-0466) was also
present in diffraction patterns of base and T2 sample. As
compared the XRD peak intensities of base porcelain ceramic
with those of talc containing ceramics, addition of talc
decreases the intensity of mullite and quartz phase while the
glassy phase increases (i.e. high background at around 2ϴ=
17-25 ).
According to XRD analysis from Fig. 2, and quantitative
phase amounts shown in Table IV, the amount of quartz and
mullite phase decrease gradually and the amount of glassy
phase increases with the addition of talc. Higher amount of
MgO in talc compared with albite (Table I) is attributed to
increase in the amount of glassy phase since MgO act as a flux.
The increase of the amount of glassy phase yielded shrinkage
(see Table III). Note that after addition of 2 wt.% talc, albite
was completely dissolved. Therefore, we could not see the
amount of albite from the rietveld refinement results in Table
IV for sample T3 and T5.
TABLE IV.
QUANTITATIVE PHASE ANALYSIS OF SINTERED CERAMIC TILE
Sample
name

Quartz
(wt.%)

Mullite
(wt.%)

Albite
(wt.%)

20.5

Glassy
Phase
(wt.%)
53.7

Base

24.3

T1
T3

15.7

17.5

67.2

0.4

14.2

9.2

76.6

T5

-

12.7

8.6

78.7

-

0.6

As mentioned above, the amount of glassy phase increases
with addition of talc as a high MgO source. Therefore, the
increase in density with talc addition is expected with increase
the amount of glassy phase. However, the gradual decreases in
density values were observed with talc content (Table III).

Fig. 3 Backscatter SEM images of fired (a) base, (b) T1, (c) T2, (d)T3, (e) T4
and (f) T5 porcelain samples.

The microstructures of fired base and talc containing
ceramic porcelain samples were taken after etching with 3%
HF solution (Figure 3). All the SEM images displayed the
typical morphology of porcelain tiles consisting of quartz (Q),
primary/secondary mullite crystals and glassy phase from the
fluxing material (feldspar, talc). As can be seen from Figure
3(a), the microstructure of base ceramic revealed mostly scaly
crystals of mullite (marked with M) and quartz particles
(marked with Q). These mullite particles resemble mostly
primary mullite produced from kaolinite decomposition.
However, mullite particles occurred as needles (secondary
mullite) in talc containing samples. The formation of
secondary mullite crystals is likely due to addition of talc
(with high MgO content) which act as a sintering aid [1].
Additionally, from Fig. 3(b)-(f), the glassy phase content
(marked with G in Fig. 3b) seems to be increased with talc
additions and this is also evidenced by XRD analysis given in
Fig. 2. The high magnification SEM micrograph and
corresponding EDS analysis (Fig. 4) result revealed the
presence of secondary mullite crystals (as marked X in the
SEM image) with the average thickness of 68 nm. Besides,
small amount of interlock particles of primary mullite crystals
were seen together with secondary mullite crystals.



In a general analysis, the experimental fired bodies
presented similar water absorption characteristics to
an industrial base porcelain ceramic fabricated in
Kaleseramik /Turkey. Hence the results shows that
talc addition between 1-5 wt.% did not alter the
properties of standard porcelain tiles. Therefore, this
kind of talc material (with ~32 wt.% MgO content) is
acceptable as secondary flux material.
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Abstract— Nowadays most of the manufacturing industries have
chosen to determine alternative resources because of
environmental concerns. Approximately 70 million tons of fibers
have been produced from agricultural wastes, which can be used
in the industry per year in total. Agriculture okra fibers from
Amasya in Turkey are one of these kinds of wastes. In this
research work, okra waste stem residues were processed using
state-of-the-art-equipment to extract bast fibers. These recycled
fibers were treated with cellulase by conventional and ultrasonic
methods, followed by binding treated fiber blending, carding and
needle punching to form nonwoven. Fiber diameter, weight loss
and thermal conductivities of treated materials were investigated
and compared with each other. The fiber diameter and weight
loss values of cellulase treated fibers were decreased by
ultrasonic method. On the other hand, high thermal conductivity
results were obtained.

of houses is estimated to be more than 4 billion dollars. New
buildings are using more energy.

Keywords— Natural fibers, enzyme, thermal conductivity,
agriculture, waste.

Fig. 1. Schematic representation of a façade system [3]

INTRODUCTION
Thermal properties like thermal conductivity, resistance
and insulation are important in many textile applications such
as apparel, blankets, sleeping bags, interlinings, building
insulation, automobiles, aircraft and industrial process
equipment. The different types of textile materials, which are
generally used as thermal insulation media, are mostly in
nonwoven, woven or knitted forms. Thermal conductivity of
needled nonwoven structures can be predicted with high
accuracy using model with fabric thickness, porosity, and
structure along with applied temperature [1].
There are so many advantages of textile fibers and their
nonwoven usage in buildings. The weight of a fabric is
approximately 30:1 of the weight of a brick, steel or a
concrete. So that, less reinforcement can be used and also
production cost can be decreased. Some textiles and their
composites are evaluated as insulation materials in civil
engineering as shown in Figure 1 [2].
Approximately 40 % of the energy is spent on buildings in
Turkey. Although the total energy consumption per capita in
the last 25 years has increased by 5%, this ratio has increased
by over 100 % in Turkey due to the energy consumption to
heat uninsulated houses with an average of 200 kW h/m2 per
year. Heating houses requires financial resources of 3.5 billion
dollars. Today, the cost of the energy required for the heating

New buildings, which are using more energy than
necessary, are being built every day. Millions of today's
inefficient buildings will remain standing until at least nearly
2050. It’s therefore necessary to start reducing energy use in
new and existing buildings in order to reduce the planet's
energy related carbon footprint [4-5].
For increase the thermal performance in the buildings was
also highlighted by a comparative analysis about energy
production and consumption estimations. Some researches
evidences that about the 75% of energy production will be
produced from fossil fuels in 2035. In order to reduce adverse
environmental impacts the one of the important strategy is
performed by investments aimed at increasing energy
efficiency in the building sector [6].
The studies on bio-based products increased due to rapid
consuming of natural sources around the world and
environmental problems in the global scale. Approximately 70
million tons [7] plant wastes are showing up every year in
Turkey.
Okra is an agricultural plant that is easy and effortless to
cultivate due to drought-tolerant formation and low water
requirements. However, research and studies on the
assessment of agricultural stem wastes have begun for the last
fifty years and studies on the fiber extraction from them have
been done in the last decade. Okra fibers are obtained from the
stem wastes remaining on the fields after harvest of okra



plants (Abelmoschus esculentus) from the family Malvaceae
(Malvaceae). Okra stem waste fibers contain 67.5% acellulose, 15.4% hemicellulose, 7.1% lignin, 3.4% pectin, 3.9%
fat and waxes and 2.7% water-soluble ingredients [8].
The use of natural waste fibers in the production of new
materials is an important feature for both the environment and
the economy. The use of waste fibers in textile waste is
gaining more and more importance day by day. Natural waste
fibers are known to exhibit less mechanical properties than
untreated fibers, but the use of waste fibers in the formation of
new products has a great influence on the preservation of
natural resources and energy, if suitable application areas are
available and environmentally friendly surface modifications
are applied to the fibers [5].
The use of natural waste fibers in the production of new
materials is an important feature for both the environment and
the economy. The use of waste fibers in textile waste is
gaining more and more importance day by day. Natural waste
fibers are known to exhibit less mechanical properties than
untreated fibers, but the use of waste fibers in the formation of
new products has a great influence on the preservation of
natural resources and energy, if suitable application areas are
available and environmentally friendly surface modifications
are applied to the fibers [5].
In recent years, enzymes have progressed rapidly in their
effect on textile fibers. Cellulase is one of the most successful
enzymes used in textile applications. This enzyme inhibits
fiber fibrillation and acts cellulose to hydrolyse the β (1-4)
bonds along the cellulose chain, to hydrolyse the molecules on
the side of the cellulose polymer and to break down short
chain cellulose oligomers such as cellobiose into glucose [9].
Although there are some studies in the literature
investigating the thermal insulation properties of nonwovens,
studies on thermal insulation properties of nonwovens
produced from okra body waste fibers are very limited.
This work focuses on investigating the thermal insulation
properties of needle-punched nonwovens produced from okra
waste body fibers. At the same time, the diameters of the
fibers and the results of weight loss were also investigated. In
this study, biodegradable and environmentally friendly okra
fibers with abundant production were used in our country.


EXPERIMENTAL

I. Materials
Okra stem wastes obtained from Amasya zone classified
and separated due to their length and diameter. Okra stem
fibers were extracted form the stem of the plant by using
specially designed machine, which is used for the extraction
of lignocellulose fibers of Turkey. This lignocellulosic fiber
extraction machine has portable, economic, safe, easy-to-use
and transportable design. Its efficiency is 100 kg/hour. It is
possible to process different fiber types used in textile or
industrial fields by changing the method, speed and wires on
the machine.

Fig. 2. Extracted okra stem fibers

In order to remove the sticky impurities remained on the
extracted fiber, they were soaked in a container for 20 days.
After 20 days fibers were rinsed by running water and dried in
Binder brand drying-oven at 100oC for 2 hours.
Dried fibers were conditioned for 24 hours under
laboratory conditions (65%2 relative humidity and 202ºC).
II. Fiber Treatments
Extracted okra stem fibers are amorphous due to their
lignocellulosic base and the most important contents are
cellulose, hemicellulose and lignin. Characteristic properties
of each of content have important role on the properties of the
whole fiber. Okra stem fibers are bonded to each other
because of the lignin, gum and wax. After extracting of fibers
hydrophilic process should be applied to remove waterrepellent substances such as lignin etc.
Okra fibres were exposed to two processes: TABLE I
shows the properties of the conventional and ultrasonic
processes, respectively. Conventional process and ultrasonic
energy process was applied in laboratory condition at different
time. Kerman' Laboratory sample heater (220 Volt and 3000
Watt) was used for conventional method. Alex (220 Volt 660
Watt) ultrasonic bath was used for the ultrasonic method with
40 kHz frequencies.
In conventional process; the fibers were weighed on a
precision scale and samples of 2 g weight were prepared. 400
ml distilled water at 20:1 ratio was heated to 55 °C in a
Kerman’ Laboratory sample heater 220 Volt and 3000 Watt.
According to the determined concentrations (%w/v), the
prepared substance/enzyme is added. 2 g fiber sample was
added and kept in the solution for the determined times. At the
end of the time, the fibers were removed and washed 4-5
times with distilled water. The enzymatic treated samples
were neutralized with 5 % (v/v) acetic acid for 5 minutes. At
the end of the time, the fibers were removed and washed 4-5
times with distilled water. The fiber samples were dried at 100
° C for 2 hours. Alex (220 Volt 660 Watt) ultrasonic bath was
used differently from the conventional method in the
ultrasonic method with 40 kHz frequencies. Surface treated
okra waste fibers were rinsed in 24 ° C pH 7 distilled warm
water for 2 minutes and dried at 100 ° C for 2 hours.

at two steps as a web forming. A wool-type carding machine
for forming webs from okra ﬁbers and a needle-punching
machine for bonding of the webs were used. The needlepunching operations were carried out using low capacity
machines instead of laboratory machines (CFS1/ 1000 mm,
650 m/min) to bond staple ﬁbers better. Firstly, okra ﬁbers
were opened and mixed manually. The webs from okra fibers

Fig. 3. Treated okra stem fibers
TABLE I
CONVENTIONAL AND ULTRASONIC PROCESSES APPLIED TO OKRA
FIBER

Methods

Treatment
Time
(min)

Conventional

Ultrasonic
Energy

Temperature
(°C)

10
20
30
40
5
10
15
20

Cellulase
Enzyme
Concentration
(%)

55

TABLE II
PARAMETERS FOR THE NEEDLE -PUNCHING MACHINES

1

III. Analytical Method
The weight loss percentage (Wi) was calculated from the
differences in weight using the following equation;

Wi=

Wpre-Wafter x 100 (%)
Wpre

using a wool-type carding machine were formed. Parallel-laid
webs were obtained. The circular drum was used to collect the
web from the carding machine instead of the cross lapper.
Then, the webs were fed into the needling machines (Fig. 4.).
After needling, the nonwoven fabric production was
completed. The needle-punching machine parameters of all
needle-punched fabrics barbed needles were used for all
needle-punching machines. The punch densities of the
needling machine were held constant at 75 punches per cm2.
For needled fabric, 75 punches per cm2 were applied. The
needle penetration depths were 0.50 cm at the needling
machine. The weights per unit area of the produced needlepunched nonwoven fabrics were approximately 50 g/m2
(TABLE II).

Needle penetration depth (cm)
Feeding speed of needle-punching machines (m/min)
Delivery speed of needle-punching machines (m/min)
Needle-punching speed (rpm)
Needle punch density per cm2 (punches/cm2)
Weight (g/m2)

0.50
2.1
3
360
75
50

(1)

IV. Testing and Characterization of Okra Fibers After
Enzymatic Treatments
Before performing the characterization tests, fiber samples
were conditioned at 20ºC and 65% relative humidity for 24
hours. A sample of 100 fibers was randomly taken from fibers
the diameter measured by using the microscopic method. In
these fibers the diameter varies throughout the length of the
fiber (Three different point top, mid-span, and tail). Fiber
diameter (µm) properties were measured with a Projectina
CH-9495 model microscope. Fifty measurements were
performed, 10 fibers were calculated from 5 different
locations along fiber.
V. Production of Okra Nonwoven Surfaces
Enzymatic treated okra fibers with conventional and
ultrasonic methods are carded and needle punched to fabricate
lightweight nonwoven web surface. Nonwoven production
methods were preferred to produce nonwoven fabric from
okra fibers. The nonwoven fabric production was carried out

Fig. 4. Needle-punching process

As shown in Fig. 7., when the needles enter the
surface, the notches begin to pull the okra waste fibers up the
needles by catching some fibers and move the needles several
times downwards through the needles that take up the fibers
formed during the movement, the fibers have been converted
into a more dense structure and become a needled surface.

VI. Measurements of The Thermal Conductivity Coefficient
Thermal conductivity coefficients of the samples were
evaluated in accordance with TS ISO 5085 Standard via using
P.A.HILTON LTD.H940 testing machine in Marmara
University laboratories. In order to measure thermal
conductivity coefficients of the samples prepared, the samples
with the diameter of 30 mm was experimented.

TABLE III
WEIGHT LOSS RESULTS OF THE SAMPLES

Process Time
(min)
10
20
30
40
5
10
15
20

Methods
Conventional

Ultrasonic

Weight Loss
(%)
34.8
32.4
38.9
41.8
35.1
44.8
43.9
41.0

The weight loss (%) results of the conventionally and
ultrasonic treated fibers from Amasya Region with cellulase
enzyme were influenced by the treatment time. The highest
weight loss (%) value was obtained by ultrasonic method for
10 minutes as shown in TABLE III.

B. Fiber Diameters

Fig. 5. Thermal conductivity coefficient testing machine

The heat value (Q) in watt was determined from the digital
screen of the instrument. The measurements of the thickness
and area of the tested nonwovens as well as heat difference
between them were replaced in the following equation 2 [10].

The physical diameters (μm) and longitudinal profiles of
okra steam waste fibers from the Amasya Region were
obtained by using light microscopes. The images of the
diameter changes and longitudinal of the fibers, before and
after enzymatic treated with cellulase enzyme, by different
methods are shown in Fig. 6.

(2)
Q: Heat flow(W)
K:Thermal conductivity coefficient (W/m °C)
A:The surface area(m2)
ΔT: temperature difference(°C)
dx: thickness of nonwoven samples (m)



RESULT AND DISCUSSION

A. Weight Loss
The untreated and treated samples were conditioned at
20°C and about 65% relative humidity in the laboratory. In
two methods, similar weight loss results were obtained and the
results were summarized in TABLE III.

Unterated
(30.00 μm)

Conventional
Method, 30 min
(17.80 μm)

Ultrasonic Method,
10 min.
(26.50 μm)

Fig. 6. Longitudinal images of the fibers before and after enzymatic
treatments by different methods

When longitudinal views and diameters of the okra stem
fibers were investigated, linear deformation was observed
same as other lignocellulosic fibers [11].

C. Okra Nonwoven Surface
The tissues prepared from 100 % okra body waste fibers
were laid crosswise. The webs were then fed to a needing
loom containing 75 needles per cm2. The weight of nonwoven surface was 50 per m2. The fiber samples, which have
highest strength values, were selected for the non-woven

surface production. These non-woven surfaces’s images were
given in Fig. 7.

Unterated

Conventional Method, 30 min

Ultrasonic Method, 10 min.

Fig.7. Nonwoven surface images of Amasya region okra waste fibers surface
modified with 1 % Cellulase enzyme by different methods

The “green” based waste okra stem fibers have or going to
become on alternative to non-natural fibers such as glass fiber
etc.
Agriculture waste okra stem fibers have been developed
with surface treatment ultrasonic energy the aim of improving
thermal conductivity properties.
An important requirement influencing the sustainability of
these insulators is related to the availability of its components
since the use of local materials lead to a reduction of
economic and environmental impacts.
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Abstract— In this research, the use of tea waste has been
investigated as a cheap and available precursor of activated
carbon. The activated carbon was prepared from tea waste by
chemical activation with H3PO4 as activating agent at 400-600 oC
and 3/1 impregnation ratio. The surface area, pore volumes, pore
size distribution, and average pore diameter of the activated
carbons were characterized by N2 adsorption at 77 K using the
Brunauer–Emmett–Teller (BET), t-plot, and density functional
theory methods. The highest BET surface area and total pore
volume of the activated carbon were obtained as 704 m2/g and
0.577 cm3/g, respectively, at 500°C and with an IR of 3:1 . To
determine the effectiveness of products for adsorption processes,
adsorption of methylene blue from aqueous solutions were tested.
Optimum adsorption conditions were determined as a function of
temperature and initial methylene blue concentration. Isotherm
studies were carried out and the data were analyzed by Langmuir
and Freundlich equations. The best fit was obtained with a
Langmuir isotherm model, and a maximum monolayer adsorption
capacity of methylene blue was 256 mg/g at 45 oC.
Keywords— activated carbon, characterization, adsorption,
methylene blue

I. INTRODUCTION
Wastewater containing dyes derived from industry
discharges is recently increasing in volume, due to the fact that
they are widely used for various purposes [1]. Dyes and
pigments are widely used in various industries such as textile,
cosmetics, leather, food coloring, dying, and printing industry
[2, 3]. The widespread use of synthetic dyes in the dyeing and
textile industries has resulted in severe problems to the health
of humans and aquatic life worldwide because of the
mutagenic, carcinogenic, or toxic properties of the dyes and
their potentials to contaminate water resources [4]. Therefore,
it is necessary to remove them from wastewater before it is
discharged [5]. Many methods such as precipitation, ionexchange, membrane filtration, chemical coagulation,
electrochemical methods and chemical oxidations, aerobic and
anaerobic microbial degradation, ion exchange, and adsorption
have been used for the removal of dyes from waste water [2, 5].
Most of these methods have various disadvantages like high
operational and maintenance cost. So it can not be applied for
the removal of dyes from dye stuff industries. Among various
available methods, adsorption is considered to be superior to
other techniques and it is most widely used method because of
its flexibility and simplicity of design, ease of operation,
insensitivity to toxic pollutants and comparable low cost [2, 6].

Activated carbon is often considered to be the most
commonly used adsorbent for the decolorization of dyes in
wastewater when compared to the other adsorbents such as
agricultural solid wastes, industrial by-products, and inorganic
materials [7]. Their large adsorption capacity is linked to their
well-developed internal pore structure, large surface area, and
the presence of a wide spectrum of surface functional groups
[8]. Activated carbons can be produced from many substances
having carbon content at the lab scale. In producing activated
carbon less inorganically structured and rich in carbon, cheap
raw materials are preferred, although there is no limitation for
the raw material which will be used [9].
There are two processes for the preparation of activated
carbon: physical and chemical activation. Physical activation
involves two stages: biomass sample is first carbonized at
moderate temperatures and the carbonized material is further
activated by an oxidizing atmosphere such as steam or carbon
dioxide at relatively higher temperatures [10]. In chemical
activation, the starting material is impregnated with a chemical
agent such as H3PO4, ZnCl2, KOH and etc., and the
impregnated material is heated for carbonization in an inert
atmosphere [10, 11]. After impregnating the precursor by
chemical agent and heat treatment of the mixture, the
impregnating agent and its salts are removed by washing with
acid/base and water, which makes the pore structure available
in activated carbon [12].
The adsorption ability of prepared activated carbon was
tested towards to a cationic dye, which is methylene blue. The
recent studies on methylene blue adsorption onto activated
carbon, black cherry stones [13], waste Elaegnus stone [4],
coconut husk [14], tea waste [15], coir pith carbon [16] and
waste tea [17] have been reported.
In this study, activated carbons were prepared by chemical
activation with H3PO4 from tea waste. The effects of the
activation temperature on the pore structures (specific surface
area, pore volume and pore size distribution) of the activated
carbons were investigated. The resultant activated carbon was
used to remove of methylene blue from aqueous solutions.
Toward this aim, the effects of temperature and initial
concentration of solution on the adsorption of methylene blue
were investigated. The Langmuir and Freundlich isotherm
models were tested for the applicability.
II. EXPERİMENTAL
The tea waste used in the present investigation as an
adsorbent was collected from household. The collected

III. RESULTS AND DİSCUSSİON
Characterization of activated carbon:
Identifying the pore structure of activated carbons by
nitrogen adsorption at 77 K is an essential procedure before
applying them onto liquid phase experiments. General
properties of activated carbons can be explained by the shape

of adsorption isotherms. The shape of adsorption isotherm can
provide preliminary qualitative information on the adsorption
mechanism as well as on the porous structure of carbon [18].
The N2 adsorption isotherms of activated carbons prepared at
different activation temperatures are shown in Fig.1.
400
Volume adsorbed, cm3/g

materials were then washed with water till the washing water
contains no color. The washed materials were then dried at 80
o
C for 24 h. Chemical activation of tea waste was carried out
using phosphoric acid with an impregnation (H3PO4:tea waste)
ratio of 3:1. Samples were kept at 80 oC temperature for 6 h and
then dried at 85 oC for 24 h to prepare impregnated sample.
About 10 g of the impregnated sample was placed in a stainless
steel boat and carbonized in a vertical furnace and heated up to
the final activation temperature (400-600 oC) under the nitrogen
flow (100 ml/min) at heating rate of 10 oC/min and held for 1 h
at this final temperature. After the cooling, all the carbonized
samples were washed with hot water until the pH became
neutral and finally washed with cold water to remove residual
chemicals. The washed samples were dried at 105 oC for 24 h
to obtain the final activated carbons.
Methylene blue is selected as a model compound in order to
evaluate the capacity of tea waste activated carbon for the
removal of dye (methylene blue) from its aqueous solutions. A
commercial textile dye Methylene Blue was obtained from
Merck, Germany and used without further purification. A stock
solution of dye was prepared by dissolving an accurate quantity
of dye in deionized water. Other concentrations prepared from
stock solution by dilution varied between 100 and 600 mg/L. A
fixed amount of activated carbon (0.1 g) and 50 mL of dyestuff
solution (100-600 mg/L) were placed in capped volumetric
flasks and shaken at 130 rpm using a temperature controlled
water bath with a shaker (Memmert) for 24 h. After adsorption
process the adsorbent separated from the samples by filtering
and the filtrate was analyzed using UV spectrophotometer
(Thermo Electron Corporation, Aquamate) at 663 nm
wavelength. To investigate the effects of adsorption parameters
on adsorption of methylene blue onto tea waste derived
activated carbon such as, initial methylene blue concentration
(100–600 mg/L) and temperature (25–45 oC) were studied in a
batch mode of operation.
Activated carbon was characterized with respect to the
surface area was examined at 77 K by means of a standard BET
procedure N2 adsorption (Quantachrome, Autosorb-1C).
Before the measurements, activated carbon was degassed at
300 oC for 3 h. BET (Brunauer, Emmett and Teller) equation
was used to calculate the specific surface area. The same
adsorption data were also used for the calculation of the
micropore volume by the t-method. The total pore volumes
were calculated at a relative pressure of 0.995. The pore size
distributions of the activated carbons were determined by DFT
(Density Functional Theory) method. The microstructures of
tea waste and activated carbon produced from tea waste were
examined using scanning electron microscopy (JEOL JSM5600 LV Model SEM).
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Fig. 1. Nitrogen adsorption–desorption isotherms of activated carbons

All the isotherms in this study were classified in to type I
and type IV. According to IUPAC classification, type I
isotherm can be associated with microporous structure while
type IV isotherm exhibited by mixture of microporous and
mesoporous material. The activated carbons obtained at various
final activation temperatures (400–600°C) show both
microporous and mesoporous structures [12, 18]. The effect of
activation temperatures on the BET surface areas and pore
volumes (total and micro) of the activated carbons are shown
in Table 1. Fig. 2 shows pore size distributions of activated
carbon samples.
TABLE 1. Surface properties of the activated carbons.

AC
samples
31400
31500
31600

SBET
(m2/g)
63
704
625

Vmicro
(cm3/g)
0,02
0,269
0,235

VTotal
(cm3/g)
0,101
0,577
0,489

Dp
(Å)
71,28
32,82
31,32

The surface area increased from 63 to 704 m2/g as the
temperature was increased from 400 to 500 °C and then
decreased to 625 m2/g at 600 °C. The micropore volume and
total pore volume followed the same trend. The BET surface
areas and pore volumes of the samples reach their maximum.
The structures of the porous activated carbons are classified
into three groups as micropore (<2 nm), mesopore (2- 50 nm)
and macropore (>50 nm) according to the International Union
of Pure and Applied Chemistry (IUPAC) [19]. The activated
carbon produced from tea waste in this study contains both
micropores and mesopores. The presence of mesopores in
combination with micropores is expected to play a significant
role in the adsorption of large molecules of adsorbates
including dye molecules.

capacity and intensity of adsorption, respectively. The
Freundlich constants were determined from the slope and
intercept of a plot of log qe versus log Ce (Fig.4) and were
reported Table 2.
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Fig. 2. Pore size distribution of the activated carbon samples.
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The adsorption isotherms describe how the adsorbate
molecules are distributed between the liquid phase and solid
Ce
phase when the adsorption process reaches the equilibrium [20].
The analysis of isotherm data by fitting them to different
Fig 3. Langmuir isotherm model for methylene blue adsorption.
models is important to find a sustainable model that can be used.
For designing any adsorption system, it is necessary to evaluate
the data using different adsorption isotherm to determine the TABLE 2. Adsorption isotherm constants for the adsorption of methylene
adsorption capacity [2]. The Langmuir and Feundlich equations blue onto activated carbon at various temperatures.
are the most frequently used models to describe the
T(oC)
experimental data of liquid phase adsorption isotherms [21].
25
45
The Langmuir model assumes that the uptake of adsorbate
Langmuir
molecules occurs on a homogenous surface with a finite
Qm (mg/g)
243.9
256.4
number of adsorption sites, by monolayer adsorption without
b (L/mg)
0.108
0.153
R2
0.982
0.984
any interaction between adsorbed molecules. Once a site is
Freundlich
occupied by adsorbate molecules, no further adsorption can
n
3.436
4.53
occur at that site. The surface will reach the saturation point,
k
60.78
88.21
f (L/g)
and the maximum adsorption of the surface will be achieved
R2
0.9459
0.980
[22]. To ensure equilibrium conditions, the linear form of the
2,60
Langmuir isotherm model was applied to the experimental data
as [23]:
2,40
Ce
1
Ce


2,20
(1)
q e bQm Qm
2,00
where qe is the amount of methylene blue adsorbed on activated
1,80
carbon (mg/g), Ce is the equilibrium concentration (mg/L), b is
the adsorption equilibrium constant (L/mg) and Qm is the
1,60
25 °C
maximum adsorption capacity. A plot of Ce/qe versus Ce (Fig.3)
1,40
gives the adsorption coefficients. The Langmuir isotherm
45 °C
constants for the adsorption of methylene blue onto activated
1,20
carbons were listed in Table 2.
1,00
The Freundlich isotherm is an empirical model that is based
-0,50
0,00
0,50
1,00
1,50
2,00
2,50
on adsorption on heterogonous surface [24] and is given by the
log Ce
following equation:

loq q e  log k f 

1
logC e
n

(2)

where qe is the adsorption capacity (mg/g), Ce is the equilibrium
concentration of methylene blue solution (mg/L), and the
constants kf and n are the factors affecting the adsorption

Fig. 4. Freundlich isotherm model for methylene blue adsorption.

As seen from Table 2, the Langmuir equation represents the
adsorption process very well; all the R2 values were higher than
0.982. The best fit of equilibrium data in the Langmuir isotherm

expression confirms the monolayer coverage of methylene blue
onto activated carbon. The maximum adsorption capacities
were found to be 243.9 and 256.4 mg/g at 25 and 45 oC,
respectively. Maximum adsorption capacities of activated
carbon increased with increased temperature. The adsorption
capacity of the activated carbon and Langmuir constant b
increases with the increase in temperature. This suggests that
the adsorption process is endothermic in nature when
temperature increased from 25 to 45 oC.
IV. CONCLUSİON
This study demonstrated the tea waste as a promising
precursor for the production of activated carbon with a
noticeable adsorption capacity for the removal of methylene
blue. The maximum BET surface area of the activated carbon
was determined as 704 m2/g. Langmuir and Freundlich models
were applied to investigate the adsorption isotherms for the
adsorption of MB. The adsorption equilibrium was best
described by the Langmuir isotherm model with maximum
monolayer adsorption capacities found to be 243.9 and 256.4
mg/g at 25 and 45 oC, respectively. It can be concluded that
activated carbon produced from chemical activation of tea
waste seems an effective and alternative adsorbent for the
removal of methylene blue from aqueous solution, because of
its high surface area, adsorption capacity, availability, and low
cost.
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Abstract-- Fabrication of alloy based and low-density metals are
required for automotive, defense and aerospace applications due
to their high strength to weight ratio. The aim of this study is to
examine mechanical behavior of boron carbide (B4C) reinforced
with Al matrix alloys. Small aluminum pieces were melted with
the addition of 5%, 10%, 15% and 20% weight fraction of B4C
particles (3.0 µm ± 0.5 µm) and produced by casting
manufacturing route at 800 °C. All specimens were held under
various holding durations (30 min, 45 min and 60 min). The effect
of process parameters of holding time, boron carbide addition and
mechanical properties such as hardness and impact results were
investigated. In order to construct the link between the holding
conditions and mechanical property, microstructural analysis like
optical and scanning electron microscopy were also examined.

In this study, mechanical properties of 99.95% pure
commercial aluminum was improved by the addition of
different amount of boron carbide (B4C). Boron is reduced from
boron carbide by aluminum and dispersed into the aluminum
melt in the forms of aluminum borides. Holding duration and
boron carbide addition are main searching variables.
Experimental investigation and mechanical assessment of cast
Al- B4C alloy was performed. All of the samples were subjected
to impact and hardness tests. Test results of cast Al- B4C master
alloys were measured and compared with those of the
unalloyed aluminum alloy. Experimental parameters,
procedures and experimental setup were also explained. All
specimens were subjected to microstructural analysis and their
relations with mechanical results were also drawn.

Key words-- Aluminum Matrix, B4C, Mechanical Properties,
Casting, Metal Alloys

I.
INTRODUCTION
In recent years, investigations of finding new materials
superior than the conventional ones and improving the already
existent material’s properties have an increasing demand to
respond the need in the use of light-weight functional material
in emerging industrial applications. In this regard, a lot of
research has been done on aluminum alloys [1-4].
Aluminum is a light metal which have many important
properties such as high strength, low density-low weight,
superior malleability and formability, excellent weldability,
easy machining, perfect corrosion resistance, high thermal and
electrical conductivity. Structural components produced by
aluminum, have wide application field in daily life from
automotive to aerospace, medical to military industry and from
transportation to the construction industry [5-7]
Boron carbide is an attractive reinforcement for aluminum
and its alloys. Mechanical and physical properties required for
an effective reinforcement like high hardness, 3700 Hv, and
stiffness, 445 GPa [8, 9] can be maintained due to its high
hardness, low density and anti-corrosion ability.
In literature, although it is seen some affords have been
made on different behaviors of Al-B materials [10, 11], there is
no adequate technical achievement on the effect of boron
carbide addition and holding conditions to improve the
mechanical properties of cast Al-B4C alloys.

II.

EXPERIMENTAL PROCEDURE

A. Material
Materials used in this study were %99,95 pure aluminum
and boron carbide (B4C, average size 3 microns). The chemical
composition of aluminum used in the present work is given in
Table 1.
TABLE I
THE CHEMICAL COMPOSITION OF ALUMINUM (%)

Al

Cu

Fe

Mg

Mn

Si

Zn

Other

99,95

0,005

0,015

0,001

0,005

0,02

0,001

0,002

B. Manufacturing Conditions and Specimens
During the experimentation, conventional casting method
was used to produce aluminum-boron carbide alloys. In this
study, melting temperature was kept constant at 800 0C but
amount of boron carbide and holding duration were altered
according to the design of experiment (DoF). Aluminum matrix
reinforced with B4C were prepared with twelve different
casting conditions which are shown in Figure 1.

Fig. 1 Parameters Used in the Experiments

Boron carbide was added within 5, 10, 15 and 20
weight percentage of pure aluminum and casting process were
carried out at temperature 800°C . All samples were also held
30, 45 and 60 minutes in the oven at elevated temperatures
before casting into dies.
During holding duration dross was generated on the
surface and this dross provided an effective mechanism for
protecting the molten alloy from the environmental effects.
Before casting into a permanent mold, dross was skimmed off
from the surface and the melt was stirred thoroughly with
graphite rods to ensure homogeneity. As a last step, the melt
was poured into a metal mold.
All samples were subjected to impact and hardness
tests to observe the variations of mechanical properties. Impact
test was performed on specimens with square cross section
10x10 mm and length of 55 mm by using Tinius Olsen charpytype impact test equipment at RT. All impact test specimens
have “v” type notch with the degree of 45◦ and 2 mm depth
(Figure 2). Impact test machine used for experiments is shown
in Figure 3.

Figure 3 Impact test machine

In metallographic examination, specimens firstly were
cut with a height of 20 mm. In order to obtain a highly reflective
surface for microscopic examination that is free from scratches
and damages. All specimens were carefully grinded and
polished. Samples were grinded with 320, 600 and 1000 mesh
SiC emery papers. Afterwards samples were polished by
diamond solutions. All grinding and polishing operations were
made with Metkon Forcipol 2V grinding and polishing device.
Samples were chemically etched with Keller's solution (2 ml
HF + 3 ml HCl + 5 ml HNO3 + 190 ml Distilled water) for 45
seconds. Microstructures of the alloyed samples were
investigated by computer equipped Nikon MA-100
metallographic microscope (Figure 5).

Figure 2 Specimen for impact test

Hardness tests were carried out by using Digirock-RBOV
Universal Hardness Tester Device (Figure 4). Hardness values
of the specimens were measured using Rockwell B hardness
method. Hardness test values were evaluated by averaging the
results of 3 successive measurements in all samples.

Figure 4 Hardness test machine

Figure 6 Impact energy variations of the samples according to
a) Holding duration
b) Addition rate
Figure 5. Optical Microscope

III.

RESULTS AND DISCUSSION

Mechanical properties of aluminum compounds reinforced
with boron carbide are searched regarding with the
microstructural changes between different specimens.
Microscopic images and SEM views are also presented in this
section. Experimental results are discussed according to the
parameters such as amount of boron carbide addition and
holding duration.
A. Impact Test Result

There is strong relationship between the holding
duration and impact energy as seen in Figure 6. Higher impact
energy values were observed when the holding duration
increased from 30 to 45 minutes. A significant point was
observed that increasing holding duration from 45 minutes to
60 minutes resulted in reduction in impact resistance for both
pure aluminum and alloyed samples in all conditions. Another
conclusion can be drawn that increment in B4C amount from
5% to 20% is worsening the impact resistance of the samples
for all holding conditions.
Figure 7 shows the specimen view giving the highest impact
energy.

Impact test results are depicted in Table 2. The greatest
impact energy value of 7,2 was obtained at 5% boron carbide
addition. Variations of the impact energy value of the samples
as a function of holding duration and addition rate are displayed
in Figure 6.
TABLE II
IMPACT TEST RESULTS (kg*m)

Pure

%5 B4C

%10 B4C

%15 B4C

%20 B4C

30 min.

2,8

5,3

3,25

1,4

0,6

45 min.

5,0

7,2

6,9

4

2,05

60 min.

4,5

6,7

6,1

3,5

0,8

Figure 7 Sample view resulting with the highest impact energy
(%5 B4C and 45 min)

B. Hardness Test Result
Rockwell Hardness (HRB) test results are presented in
Table 3. Data imply that hardness test results of these
reinforced samples are better than the pure aluminum for all
conditions.
The worst hardness property performances were recorded at
20% B4C addition almost in all conditions. When the effect of
holding duration on hardness property of Al- B4C alloys are
considered, higher HRB values were observed when the
holding time increased from 30 to 45 minutes. However,
increasing holding time generally resulted in a downgrade
hardness behavior for 60 minutes.

TABLE III
HARDNESS TEST RESULTS

Pure

%5 B4C

%10 B4C

%15 B4C

%20 B4C

30 min.

83,5

116,1

112,2

114,3

87,5

45 min.

88,5

121,5

118,1

120,3

108,6

60 min.

84,5

119,6

115,0

116,7

106,7

Figure 10 shows the scanning electron micrograph image
(SEM) of the same sample. The dark region represents the
matrix while the bright region represents boron carbide. In
general, it has been observed that the boron carbide particles
have a homogeneous distribution.

Variations of the hardness value of the samples as a
function of holding duration and addition rate are displayed in
Figure 8. Similar to impact properties, higher hardness values
were observed when the holding duration was 45 minutes.
However, further increasing holding duration causes reduction
in hardness values.

Figure 9. Microstructure of produced Al-B4C alloy

Figure 10. SEM image of produced Al-B4C alloy

IV.
Figure 8 Hardness value variations of the samples according to
a) Holding duration
b) Addition rate

C. Metallographic Study
Figure 9 depicts the microstructure of the sample held
45 minutes in oven with the addition of 5% boron carbide.
Boron carbide particles are appeared as different flake
structures.

CONCLUSIONS

In this study, casting of aluminum reinforced with Al-B4C
has been achieved successfully. It is concluded that mechanical
properties of aluminum in respect to hardness and impact can
be enhanced with boron carbide.
By imposing various boron carbide additions and holding
durations on the samples, the following conclusions can be
drawn:


Optimum holding duration and addition rate for the
highest mechanical properties has been found at 45
minutes and %5 boron carbide, respectively.






Increasing holding duration from 45 minutes to 60
minutes resulted in reduction in impact resistance for
all conditions.
Comparing to pure aluminum, B4C addition to
aluminum is increasing the hardness values for all
conditions.
Higher hardness values were observed when the
holding time increased from 30 to 45 minutes.
Microscopic observations of alloyed samples reveal
that B4C particles are appeared in different flake
structure with homogeneous distribution.
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Abstract—In this study, iron oxide coated sepiolite (IOCS) as a
new composite adsorbent was synthesized and employed for the
removal of Cd(II) ions from aqueous solution by adsorption.
Batch experiments were conducted to investigate the effects of
adsorbent dosage, pH, contact time, initial concentration and
temperature on the cadmium ions uptake. The kinetics of
adsorption has been studied, and various kinetic models, such as
pseudo-first-order, pseudo-second-order and intraparticle
diffusion models were tested with experimental data for their
validity. The pseudo-second-order kinetic model was determined
to correlate well to the experimental data. The Langmuir and
Freundlich isotherms were utilized for the analysis of adsorption
equilibrium. The Langmuir isotherm gave a better fit for Cd(II)
adsorption and maximum loading capacity was found as 98.04
mg/g at 25°C. This value was almost three times bigger than that
of raw sepiolite. Experimental results indicated that the IOCS
appear to be a promising adsorbent material for the removal of
Cd(II) ions from aqueous media.
Keywords— Adsorption, Cadmium removal, Iron oxide, Sepiolite

I. INTRODUCTION
Heavy metals are generally recognized as a threat toward
human health and ecosystems because of their high
persistence in surface and ground water [1]. The metals
hazardous to human include arsenic, mercury, chromium, lead,
nickel, cadmium, cobalt and copper [2]. The World Health
Organization has set a maximum guideline concentration of
0.003 mg/L for cadmium in drinking water [3]. Therefore, it is
very essential to control the concentration of heavy metals in
waste water before its disposal into the environment. There
are many chemical and physical processes to remove heavy
metals from water. Of these, adsorption is one of the
promising technologies due to its high removal efficiency, and
simplicity, provided easy availability of low-cost adsorbent
can be found locally [4]. Iron, aluminium and manganese
oxides are frequently used for coating of adsorbents, because
these oxides usually have a large surface area, porous
structure and an abundance of binding site, metal ions are
easily bound to them [5]. Sepiolite is a natural fibrous clay
mineral with Si12O30Mg8(OH)4(H2O)4·8H2O molecular
formula. This mineral has a high surface area. So this mineral
should provide an efficient surface for the iron oxides. At the
same time, the iron oxides can improve the heavy metal
adsorption capacity of sepiolite [6].
The aim of this research is to examine the effectiveness of
iron oxide coated sepiolite in the removal of Cd(II) ions from
aqueous solution and to determine the adsorption
characteristics. The effects of various experimental parameters

such as adsorbent dosage, pH, contact time, initial
concentration and temperature have been studied. Adsorption
isotherms and kinetics were also investigated.
II. MATERIALS AND METHODS

A. Preparation of Iron Oxide Coated Sepiolite
The sepiolite used in this study was meerschaum carving
residue supplied from a workshop and originated from
Türkmentokat-Gökçeoğlu region in Eskişehir, Turkey. It was
ground and sieved under 75 μm using an ASTM standard
sieve, and then dried at 300°C for 5 h. 20 g of sepiolite
immersed in 200 mL of freshly prepared 0.5 M
Fe(NO3)3·9H2O solution in a glass beaker. The mixture was
stirred with a magnetic stirrer at the rate of 500 rpm for 4 h.
Then 400 mL of 1.0 M NaOH aqueous solution was added
drop wise to precipitate the iron oxide on the surface of
sepiolite. The beaker was covered with a stretch film and the
suspension was stirred for 48 h at 60°C. Then the cover on the
beaker was opened and the mixture was heated to dryness.
The solid sample was ground and washed several times with
distilled water to remove unattached oxides. The particular
sample was dried and finally stored in a capped bottle for
further use.

B. Adsorption Studies
Batch adsorption experiments were carried out by varying
solution adsorbent dosage, pH, contact time, initial
concentration and temperature. A fixed amount of adsorbent
and 50 mL of Cd(II) solution were placed in capped
volumetric flask and shaken at 150 rpm using a temperature
controlled water bath with shaker for determined time
intervals at constant temperatures. After adsorption, the
adsorbent was filtered and the Cd(II) concentration retained in
the solution was determined by Thermo ICE 3300 model
atomic absorption spectrophotometer at 228.8 nm wavelength.
Percentage of Cd(II) removal was then calculated as follows:
Removal (%) =

100

(1)

where C0 and Ct are the concentrations in the solution (mg/L)
at time t = 0 and at time t (min), respectively. From the mass
balance, the amount of Cd(II) adsorbed per unit mass of IOCS
(q, mg/g) was calculated using the following equation:
=(

−

)

(2)

III. RESULTS AND DISCUSSION

A. Effect of Adsorbent Dosage
Different adsorbent dosages ranging from 0.01 to 0.20
g/50 mL were used to investigate the effect of adsorbent
dosage. Fig. 1 presents the results of the experiments. It is
observed that the amount of Cd(II) adsorbed per unit mass of
adsorbent (q) decreases with increase in adsorbent dosage,
while the percentage removal of Cd(II) on IOCS increases
rapidly up to 0.05 g/50 mL and becomes almost constant
thereafter. This may be because of the increase in surface area
with increase in adsorbent dosage. Further increment of
adsorbent dosages not affects much due to limited availability
of adsorbate around the adsorbent. 93.93% Cd(II) removal
was obtained at 0.05 g/50 mL adsorbent dosage.
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Fig. 1. Effect of adsorbent dosage on the removal of Cd(II) ions by IOCS (pH:
6, contact time: 24 h, initial Cd(II) concentration: 50 mg/L, temperature:
25°C).

B. Effect of pH
To study the adsorption capacity of the adsorbents, the
initial pH value of the solution is an important factor.
Therefore, optimization of the pH value is required. To better
understand the effect of solution pH on the adsorption
performance of IOCS, the investigation was carried out at pH
range of 2-8. This pH range was chosen based on the reason
that Cd2+ started to precipitate when the pH was higher than 8

[7]. The results in Fig. 2 show that the adsorption decreases at
lower pH and increases at high pH values. At lower pH values,
the IOCS surface would be surrounded by hydrogen ions
resulting to an increased competition of adsorption sites with
metal ions. Increasing the pH of the solutions leads to a
decrease in the competition of hydrogen ions with metal ions
for adsorption sites, and thus favouring higher removal of
metal ions in the solution.
100
80
Removal (%)

where V is the volume of the treated solution (L) and m is the
mass of adsorbent (g).
Different adsorbent dosages (0.01-0.20 g/50 mL) were
applied to investigate the effect of adsorbent dosage on the
removal of Cd(II) ions. The effect of solution pH was
investigated by varying the initial solution pH from 2 to 8.
The pH was adjusted by addition of 0.1 M HCl or 0.1 M
NaOH into the solution. Batch experiments were also repeated
for various time intervals (5-1440 min) to determine when the
adsorption equilibrium was reached. The adsorption isotherms
were obtained by varying the initial Cd(II) concentration from
50 to 500 mg/L at three different temperatures (25, 35 and
45°C).
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Fig. 2. Effect of pH on the removal of Cd(II) ions by IOCS (adsorbent dosage:
0.03 g/50 mL, contact time: 24 h, initial Cd(II) concentration: 50 mg/L,
temperature: 25°C).

C. Effect of Contact Time
The time it takes metal ions and adsorbent to reach
equilibrium is of great importance in adsorption experiment
because it depends on the nature of the system used. The
effect of contact time for the adsorption of cadmium onto
IOCS is presented in Fig. 3. The results indicates that the
amount of cadmium adsorbed on IOCS increases as contact
time increases up to 480 min, after which no further
significant adsorption is recognized. Adsorption of cadmium
ions seems to follow two-phase sorption mechanism. The
initial fast phase occurs due to a larger surface area of the
adsorbent being available for the adsorption of the metal ions.
The subsequent slow phase occurs due to quick exhaustion of
the adsorption sites.

D. Effect of Initial Concentration
The equilibrium cadmium adsorption capacities of IOCS
at various initial cadmium concentrations are depicted in
Fig. 4. Cadmium adsorption was studied using different initial
concentrations of 50, 100, 150, 200, 250, 300 and 500 mg/L.
The adsorption capacity of cadmium (qe) by IOCS in terms of
mg of cadmium per gram of adsorbent increases with
increasing concentration of cadmium as seen from Fig. 4. The
cadmium adsorption capacity of IOCS increased from 50.44
to 97.08 mg/g as the initial concentration was varied from 50
to 500 mg/L, for 25°C. The observed trend may be because of
the increase in adsorption sites as a result of increase in metal
concentrations. Higher metal concentration increases the
affinity of Cd(II) ions to bind with the adsorbent [8].
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Fig. 3. Effect of contact time on the removal of Cd(II) ions by IOCS
(adsorbent dosage: 0.05 g/50 mL, pH: 6, initial Cd(II) concentration: 50
mg/L).
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Fig. 4. Effect of initial concentration on the removal of Cd(II) ions by IOCS
(adsorbent dosage: 0.05 g/50 mL, pH: 6, contact time 24 h).
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In order to investigate the controlling mechanism of the
adsorption processes, pseudo-first-order, pseudo-second-order
and intraparticle diffusion kinetic models were applied to the
experimental data. The pseudo-first-order equation can be
expressed as [9]:
)=

−

.

(3)

where k1 (1/min) is the rate constant of pseudo-first-order
adsorption, qe (mg/g) and qt (mg/g) are the amounts of metal
ion adsorbed per gram of IOCS at equilibrium and at any time
t (min), respectively. A straight line for the plot of log(qe - qt)
versus t would give the first-order rate constant k1 and
equilibrium adsorption capacity qe, from the slope and
intercept of the line (Fig. 5).

25°C

10

E. Adsorption Kinetics

−

(4)

+

t/qt (min g/mg)

qe (mg/g)

The pseudo-second-order kinetic rate equation can be
given as [10]:

C0 (mg/L)

(

1000

where k2 (g/mg.min) is the rate constant of pseudo-secondorder adsorption. The plot of t/qt versus t would give the
pseudo-second-order rate constant k2 and qe (Fig. 6).
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Fig. 5. Pseudo-first-order plots for the adsorption of Cd(II) ions by IOCS.
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Fig. 6. Pseudo-second-order plots for the adsorption of Cd(II) ions by IOCS.

The intraparticle diffusion model can be given as [11]:
=

/

(5)

where kp (mg/g.min1/2) is the intraparticle diffusion rate
constant. According to this model, the plot of qt versus t1/2
(Fig. 7) should be linear if intraparticle diffusion is involved
in the adsorption process and if this line passes through the
origin then intraparticle diffusion will be the rate controlling
step. When the plot does not pass through the origin, this is
indicative of some degree of boundary layer control and
shows that the intraparticle diffusion is not the only rate
limiting step, and other kinetic models may also control the
rate of adsorption, all of which may be operating
simultaneously.

F. Adsorption Isotherms
In order to identify the mechanism of the adsorption
process the adsorption isotherms are one of the most
important data. Different isotherm models are available,
among them more simple and reliable models Langmuir and
Freundlich were used in the present study.
The Langmuir model assumes that the adsorbent surface is
homogeneous and contains only one type of binding site so
the energy of adsorption is constant, which can be expressed
in linear form as [12]:
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Fig. 7. Intraparticle diffusion plots for the adsorption of Cd(II) ions by IOCS.

Table 1 lists the kinetic parameters of pseudo-first-order,
pseudo-second-order and intraparticle diffusion models. The
correlation coefficients (R2) for the pseudo-second order
kinetic model are higher than those for pseudo-first order and
intraparticle diffusion models, indicating that the pseudosecond order model is more suitable for describing the
adsorption behaviour of Cd(II) onto IOCS. Besides, the
calculated qe values by pseudo-second-order model were
closer to the experimental qexp than that of pseudo-first-order,
suggesting that the curve modelled by pseudo-second-order
model would be more consistent with the experiment data. As
seen in Fig. 7, the plot did not pass through the origin and this
deviation from the origin might be due to the difference in the
mass transfer rate in the initial and final stages of adsorption.
The adsorption of Cd(II) ions onto IOCS may be followed by
an intraparticle diffusion model up to 5 min. This indicates
that although intraparticle diffusion was involved in the
adsorption process, it was not the only rate controlling step.
Table 1. Kinetic parameters for the adsorption of Cd(II) ions by IOCS.
Model
Experimental

Pseudo-firstorder

Parameter

25°C

35°C

45°C

50.44

51.37

52.22

16.50

12.14

7.41

5.07

5.30

4.38

0.934

0.986

0.967

50.76

51.55

52.36

1.34

1.87

3.40

R2

1.000

1.000

1.000

kp, 10-3
(g/mg.min1/2)

497.8

368.4

290.1

R2

0.871

0.893

0.810

qexp
(mg/g)
qe
(mg/g)
k1, 10-3
(1/min)
R2

Pseudosecond-order

Intraparticle
diffusion

qe
(mg/g)
k2, 10-3
(g/mg.min)

=

(6)

+

where Ce (mg/L) is the equilibrium metal concentration in the
solution, qe (mg/g) is the amount of metal adsorbed per unit
mass of adsorbent at equilibrium, b (L/mg) is the Langmuir
constant related to the free adsorption energy, and qm (mg/g) is
the maximum adsorption capacity. The values of b and qm can
be determined from the intercept and the slope of the linear
plot between Ce/qe and Ce (Fig. 8).
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Fig. 8. Langmuir plots for the adsorption of Cd(II) ions by IOCS.

In order to predict whether an adsorption system is
“favourable” or “unfavourable” the influences of isotherm
shapes are widely used. One of the main features of Langmuir
isotherm can be described by means of RL a dimensionless
constant referred to as separation factor or equilibrium
parameter. RL can be calculated using the following equation
[13,14]:
=

(7)

where b is Langmuir constant and C0 (mg/L) is the initial
concentration of metal ions. The RL parameter is considered as
more reliable indicator of the adsorption. There are four
probabilities for the RL value: for favourable adsorption
0<RL<1, for unfavorable adsorption RL>1, for linear
adsorption RL=1 and for irreversible adsorption RL=0.
The Freundlich isotherm is an empirical model that
proposes a monolayer sorption with heterogeneous energetic
distribution of active sites. The linear form of it is given by
[15]:

log

= log

(8)

+ log

where Kf (L/g) is roughly an indicator of the adsorption
capacity and n of the adsorption intensity. The values of Kf
and n can be determined from the linear plot of log qe versus
log Ce (Fig. 9). The obtained values of n>1 signify favourable
adsorption conditions.
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model, was 98.04 mg/g for 25°C. This value was reported as
37.59 mg/g for raw sepiolite in another study [16] in which
the uncoated form of the same sepiolite was used. This means
that iron oxide coating increases cadmium adsorption capacity
of sepiolite almost three times.
IV. CONCLUSIONS
The present study proves the capability and effectiveness of
IOCS as an adsorbent for cadmium removal. Adsorption
behaviour of Cd(II) were affected by experimental parameters
such as adsorbent dosage, pH, contact time, initial
concentration and temperature. The adsorption process could
be described well by the pseudo-second-order kinetic model
and the Langmuir isotherm model. The maximum adsorption
capacity of Cd(II) ions by IOCS, estimated from Langmuir
model, was 98.04 mg/g at 25°C. The results obtained in this
study show that IOCS is a good adsorbent for the removal of
cadmium and can be used in water and wastewater treatment.
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Abstract— Hot-mix asphalt is effectively used for heavy or light
traffic conditions in many countries. Correct determination of
asphalt content in the mixture strongly affects the performance of
the mixture. Marshall design, Hveem method, and superpave mix
design are commonly used asphalt mixture design methods. The
main purpose of these design methods is to determine the optimum
asphalt content in the mixture. Marshall design is still used in
many countries in applications and research. It is a time
consuming and sensitive mixture design that requires experienced
personnel. Prior to the Marshall design, aggregate and asphalt
experiments must be completed. The goal of this study is to
develop a mathematical model that uses the results of aggregate
and asphalt experiments (specific gravity of asphalt, penetration,
apparent specific gravity of coarse and fine aggregate and filler,
etc.) as input in order to predict the optimum asphalt content that
is used in hot-mix asphalt. A linear multiple regression model is
developed for this purpose. The advantage of using the proposed
model is testing only three samples to verify the model prediction
of optimum asphalt content instead of preparing and testing three
samples for each asphalt content testing level, i.e., 4%,
4.5%,…,7%. Therefore, implementing the developed model
results in great time and cost savings in determining the optimum
asphalt content of hot-mix asphalt.
Keywords— hot-mix asphalt, statistical, regression, experiments

I. INTRODUCTION
Hot-mix asphalt is used as a pavement solution for heavy or
light traffic conditions in many countries. Correct
determination of asphalt content in the mixture strongly
impacts the performance of the mixture. Marshall design,
Hveem method, and superpave mix design are commonly used
asphalt mixture design methods.
Various studies have been presented to model the
performance of hot-mix asphalt and the optimum asphalt
content in asphalt mixtures. Roberts et al. [1] presented a
review of the past, present, and future trends in asphalt mixture
design as the methods have evolved in an attempt to meet the
ever-increasing demands of traffic. Maupin [2] compared
several methods of selecting the optimum asphalt content of
surface mixes: 50-blow and 75-blow Marshall designs, SHRP
gyratory method, U.S. Army Corps of Engineers’ gyratory
testing machine (GTM) with oil-filled and air-filled rollers, and
Georgia loaded wheel test (GLWT). Kandhal [3] proposed a
test method that can be used to determine the optimum asphalt
content of large stone asphalt mixes. Alawi and Rajab [4]

investigated the applications of neural networks in
determination of optimum bitumen content, Marshall Stability
and Marshall Quotient of asphaltic concrete mixtures. Zou et al.
[5] investigated the effects of fillers on the pavement
performance of asphalt binder, and developed a method for
deciding the optimum filler content. Kandhal and Chakraborty
[6] investigated the relationship between various asphalt film
thicknesses and the aging characteristics of the asphalt paving
mix to establish an optimum film thickness desirable for
satisfactory mix durability. Tarefder et al. [7] identified the
most significant factors which affect rut potential of hot-mix
asphalt among a number of evaluated factors using a designed
experiment to interpret test results. Choi et al. [8] used a backpropagation neural network algorithm to model pavement
roughness. Kandhal and Cross [9] presented a study to evaluate
the effect of aggregate gradation on the measured asphalt
content. Brown and Bassett [10] analyzed the effect of varying
the maximum aggregate size on rutting potential and on other
properties of asphalt aggregate mixtures. Abdulshafi et al. [11]
provided a mix design criteria to assist in optimization of
intermediate course mixes that improves flexible pavement
performance. Sivilevičius et al [12] studied the differences in
determining optimal gradation of hot mix asphalt mixture at the
stages of its selection, initial design and production by
developing models of constrained and unconstrained non-linear
optimization to choose the best hot mix asphalt mixture
gradation based on mineral materials.
Marshall design is a time consuming and sensitive mixture
design that requires experienced personnel. Prior to the
Marshall design, aggregate and asphalt experiments must be
completed. The goal of this study is to develop a mathematical
model that uses the results of aggregate and asphalt
experiments (specific gravity of asphalt, penetration, apparent
specific gravity of coarse and fine aggregate and filler, etc.) as
input in order to predict the optimum asphalt content that is
used in hot-mix asphalt. A linear multiple regression model is
developed for this purpose. The advantage of using the
proposed model is testing only three samples to verify the
model prediction of optimum asphalt content instead of
preparing and testing three samples for each asphalt content
testing level, i.e., 4%, 4.5%,…,7%. Therefore, implementing
the developed model results in valuable time and cost savings
in determining the optimum asphalt content of hot-mix asphalt.

II. METHODOLOGY
In this section, optimum asphalt content, which is the
dependent variable, is modelled against a number of factors
(independent variables) by implementing multiple regression
technique. Two main targets of using a multiple regression
approach are to develop an easy and quick tool to determine the
optimum asphalt content in hot-mix asphalt, and to discover the
effects of fifteen different factors on optimum asphalt content.
Factors that were taken into the analysis are given in Table 1.
TABLE I

FACTORS THAT WERE USED IN THE ANALYSIS

Notation
a
b
c
d
e
f
g
h
i
j
k
l
m
n
p
y

Factor Definition

Penetration
Specific gravity of bitumen
Bitumen absorption of aggregate
Effective specific gravity of aggregate
Bulk specific gravity of aggregate
Apparent specific gravity of aggregate
Bulk specific gravity of course aggregate
Apparent specific gravity of course aggregate
Bulk specific gravity of fine aggregate
Apparent specific gravity of fine aggregate
Apparent specific gravity of filler
Effective specific gravity of mixture
Proportion of coarse aggregate
Proportion of fine aggregate
Proportion of filler
Optimum asphalt content

In order to use a simple representation, factor names were
denoted from a to p as given in Table 1. Optimum asphalt
content was denoted as y. Forty one optimum asphalt content
values and the corresponding factor values were entered to the
regression analysis.
Correlation among the factors and collinearity may arise as
problems in the multiple regression model. Since asphalt is
composed of coarse aggregate, fine aggregate, and filler,
m+n+p=1. This means that the value of factor m depends on
the values of factors n and p, which causes collinearity.
Similarly, value of n depends on the values of m and p; value
of p depends on the values of m and n. Because of this
collinearity, there is negative correlation between percentage of
coarse aggregate (m) and percentage of fine aggregate (n).
According to data analysis, there is strong positive correlation
between bulk specific gravity (e) and bulk specific gravity of
coarse aggregate (g), apparent specific gravity (f) and apparent
specific gravity of fine aggregate (j), effective specific gravity
(d) and effective specific gravity of specimen (l), and apparent
specific gravity (f) and apparent specific gravity of filler (k).
If the correlated factors enter the regression model together
as separate variables, it is difficult to come up with reliable
estimates of their individual regression coefficients. Strong

correlation or collinearity does not affect the ability of a
regression equation to predict the output. However, it poses a
problem if the purpose of the study is to estimate the
contributions of factors. In order to overcome this problem,
combined effects of correlated variables were entered to the
regression model, rather than entering the variables separately.
III. RESULTS AND DISCUSSION
Table 2 shows the summary of the results obtained from the
regression analysis.
TABLE III
REGRESSION ANALYSIS OUTPUT
y = - 11,0 b - 3,75(e+g) + 1,70(d+L) - 1,38(m-n) +
2,46(f+j+h+k)
Predictor
b
e+g
d+L
m-n
f+h+j+k

Coef
-10,978
-3,7531
1,701
-1,3825
2,4648

S = 0,130013

SE Coef
2,289
0,7514
1,246
0,3785
0,2553

R-Sq = 99,9%

Analysis of Variance
Source
DF
SS
Regression
5 808,11
Residual Error 36
0,61
Total
41 808,72

t
-4,80
-4,99
1,37
-3,65
9,66

p
0,000
0,000
0,181
0,001
0,000

R-Sq(adj) = 97,1%
MS
161,62
0,02

F
9561,53

P
0,000

Normal probability plot of the residuals is given in Figure 1.
It can be seen that residuals are close to the fitted line, which
supports the normality assumption.
Normal Probability Plot of the Residuals
(response is y)
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Fig. 1 Normal probability plot

The results show that the adjusted R2 value is 97.1%, which
means that the estimated regression line makes a good fit for
the data. Coefficients in the regression equation represent the
effect of each predictor (factor). The most significant effect on
the value of optimum asphalt content is the combined effect of
f, h, j, and k, which means that the sum of ‘apparent specific
gravity’, ‘apparent specific gravity of coarse aggregate’,
‘apparent specific gravity of fine aggregate’, and ‘apparent

specific gravity of filler’ has a statistically significant effect on
the level of optimum asphalt content. With increasing values of
f+h+j+k, optimum asphalt content increases. Bitumen (b), and
the sum of bulk specific gravity and bulk specific gravity of
coarse aggregate (e+g) have statistically significant negative
effects on optimum asphalt content value. Proportion of coarse
aggregate minus proportion of fine aggregate (m−n) have also
a statistically significant negative effect on optimum asphalt
value.
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Abstract— The aim of the present work is the valorization of
activated carbon prepared from grape pulp, known as a pressing
waste of wine industry, in the adsorption of Metribuzin pesticide.
This purpose, activated carbon was produced activated at
temperature 700 °C, heating rate of 5 °C min-1 and a ZnCl2:grape
pulp impregnation ratio of 1:1 under nitrogen atmosphere (150
cm3 min-1). The first part includes structural characterization of
raw material and activated carbon. In the second part, the effect
of different parameters on the adsorption capacity of Metribuzin
was investigated such as adsorbent dosage, initial solution pH,
contact time and solution temperature. The obtained data were
modelled using pseudo first order, pseudo second order and Intraparticle diffusion equation. According to these results, prepared
activated carbon could be used as a low-cost adsorbent to compare
with the commercial activated carbon for the removal Metribuzin
from wastewater.
Keywords— Wine industry pressing waste; Activated carbon,
Metribuzin, Adsorption.

I. INTRODUCTION
Metribuzin is one of the most organometallics herbicides
used in Turkey as well as all over the world. Metribuzin is a
synthetic organic compound. It is a selective triazinone
herbicide used primarily to discourage the growth of broad leaf
weeds and annual grasses among vegetable crops and turf grass
[1]. Many processes have been proposed for Metribuzin
removal from water and groundwater. Electrochemical
treatment, ultraviolet oxidation, electro-activated granular
carbon, and membranes techniques are among the most
commonly used methods; each has its merits and limitation in
application [1–2]. Adsorption onto activated carbon is the most
widespread technology used to remove toxic substances from
wastewater due to its low cost, ease of operation, flexibility and
simplicity of design [3-5]. Commercial activated carbon should
have been a preferable adsorbent for the removal of organic
pollutants from wastewater, but its widespread use is restricted
due to high associated costs [4, 6]. Therefore, many researchers
have investigated more cheaper and efficient activated carbon
production from industrial and agricultural wastes [6–10].
Grape is a non-climacteric fruit that grows on the perennial
and deciduous woody vines of the genus Vitis. Grapes can be
eaten raw or used for making jam, juice, jelly, vinegar, wine,
grape seed extracts, raisins, and grape seed oil. Approximately
71% of the world grape production is used for wine, 27% as

fresh fruit, and 2% as dried fruit. Wine industry pressing waste,
which generates 20% of the total by products of grape industry,
is the main residue of wine production. These wastes are
composed mainly of stems (25%), skins (25%) and seeds (50%),
while the exact distribution of these components depends on
several factors [11]. Although these wastes are not intrinsically
hazardous, they have to be landfill disposed, incinerated or
biologically treated, therefore causing an economical and
environmental problem. Turkey is one of the main producers of
grape in the world. Grape was cultivated in the area of
4,622,959 decares and 3,650,000 tons of grape was produced in
2015 in Turkey (Turkstat, 2015). Therefore, this study has
focused on the production and characterization of activated
carbon from grape pulp by chemical activation with ZnCl2. In
addition, the adsorption of Metribuzin on activated carbon was
studied with respect to pH, adsorbent dosage, contact times and
solution temperature. The experimental data were analyzed by
the pseudo-first-order, pseudo-second-order and intra-particle
diffusion kinetic models have been used to describe adsorption
mechanism.
II. METHODS
Grape pulp was supplied by the Doluca Wine Factories Ind.
Inc. (Tekirdag, Turkey), and it was first air dried, then crushed
and finally sized, the fraction of particle sizes between 1 and 2
mm was chosen for subsequent studies. All chemical reagents
used in this study were of analytical grade.

A. Preparation of activated carbon
In this study, chemical activation of grape pulp was
performed using zinc chloride (ZnCl2) with an impregnation
(ZnCl2:grape pulp) ratio of 1:1. About 10 g of the impregnated
sample was placed on a ceramic crucible in the tubular reactor
(Protherm PTF 12) and heated up to the final activation
temperature (700 °C) under the nitrogen flow (≈150 cm3min-1)
at heating rate of 5 °Cmin-1 and held for 2 h at this final
temperature.

B. Batch adsorption of Metribuzin
The studied variables were initial pH, adsorbent dosage,
contact times and solution temperature. In the procedure for the
batch pH studies, 0.4 g adsorbent and 100 mL of Metribuzin
solution containing 100 mgL-1 Metribuzin were mixed and
shaken at 298 K for 24 h using a temperature controlled water

Re moval(%) 

C 0  Ce
x100
C0

(1)

Where C0 and Ce (mgL-1) are initial and equilibrium
concentrations of the pesticide (Metribuzin), respectively [4-6].
Adsorption kinetic experiments were conducted by
contacting 0.4 g adsorbent with 100 mL Metribuzin solution
(100 mgL-1) at 298, 308 and 318 K and optimum pH value of
6.22 for 24 h continuous shaking. The concentration of
Metribuzin in supernatant was determined at different time
intervals (15-420 min). Metribuzin uptake at equilibrium, qe
(mg g-1), was calculated by the following equation:
qe 

(C0  Ce )V
w

(2)

Where C0 and Ce (mg L-1) are initial and equilibrium
concentrations of the Metribuzin, respectively, V (L) is the
volume of the aqueous Metribuzin, and w (g) is the weight of
activated carbon used [4-5]. In order to analyze the kinetic
mechanism of adsorption process, the experimental data were
fitted in the pseudo-first-order, pseudo-second-order, and intraparticle diffusion models.
III. RESULTS AND DISCUSSIONS

A. Characterization of grape pulp and activated carbon
The according to the proximate analysis results, the grape
pulp contained 6.16 wt% of ash, 65.10 wt% of volatile matter
and 28.74 wt% of fixed carbon. The volatile matter content of
the grape pulp was high (65.10 wt%) however the pulp could
be used as precursor for activated carbon production, as it was
the case of this work. Also, the acceptable ash content of the
grape pulp indicated that it was a suitable precursor for
activated carbon production [12-13].
The porosity has a strong effect on the adsorption properties
of the activated carbon. The specific surface area and total pore
volume of activated carbon were found to be 727.10 m2g-1 and
1.544 cm3g-1, respectively. The activated carbon produced from
grape pulp in this study contained both micropores and

mesopores but the mesopore volume was larger than the
micropore volume.

B. Effect of initial pH
The initial pH of solution is one of the most important factors
influencing the properties of adsorbate, adsorbent and the
adsorption process. The influence of initial pH was attributed
to the electrostatic interaction between the Metribuzin and the
activated carbon surface. The effect of initial pH value on the
removal of Metribuzin was investigated at the different pH
values (2, 4, 6.22, 8, 10 and 12) for activated carbon (Fig. 1).
As shown in Fig. 1, closer rates of Metribuzin removal were
observed at pH values 2, 4 and 6.22 (97.94 wt.%; 97.29 wt.%
and 97.24 wt.%, respectively). The rate of removal decreased
continuously over pH 6.22 and finally it reached to minimum
value at pH 12 (88.94%). It was observed that the Metribuzin
adsorption was highly dependent on the pH of the solution. The
maximum removal of Metribuzin was reached at the original
solution pH value (6.22) with 24.31 mg g-1 value. Thus pH 6.62
(original value) was selected as the optimum pH value for all
further experiments.
100
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Metribuzin Removal (%)

bath with a shaker (GFL). After adsorption, samples were
filtered and then the concentration of Metribuzin in the
supernatant solution was analyzed. All concentrations were
measured by using UV spectrophotometer (Shimadzu UV-Vis
1240) at 293 nm. The initial pH values of the solutions were
adjusted to different values (2, 3, 5, 6.22, 8, 10 and 12) by
adding dilute NaOH or HCl solutions. The pH was measured
with pH-meter (Mettler-Toledo). After adsorption, the pH
value providing the maximum Metribuzin removal was
determined. Also, for the purpose of researched the effect of
adsorbent dosage, batch experiments were carried out at 298 K
and optimum pH value of the solution for 24 h shaking period
by adding different amounts of activated carbon (0.1-0.8 g) into
each 100 ml Metribuzin solution (100 mgL-1). The removal
percentage of Metribuzin was calculated according to the
following equation:
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Fig. 1 Effect of solution pH on the adsorption of Metribuzin onto activated
carbon.

C. Effect of adsorbent dosage
The effect of the activated carbon dosage on the removal
percentage of Metribuzin is shown in Fig. 2. It is apparent that
the removal percentage of Metribuzin increased as the activated
carbon dosage was increased. The reason for that was the
increase in the number of available adsorption sites arisen from
the increasing the adsorbent dosage [14]. The removal of
pesticide (Metribuzin) at different adsorbent dosages showed
that it was highly dependent on the dosage until a certain level
as explained by the fact that as the adsorbent content increases,
the contact surface offered also increases. The saturation level
that corresponds to the maximum rate of pesticide elimination
is obtained from an activated carbon content of 0.4 g/100 mL
solution. When the activated carbon dosage was 0.4 g/100 mL,

the removal percentage of Metribuzin could reach to 97.60%
beyond which the removal efficiency is negligible. Therefore,
the 0.4 g/100 mL was chosen as the optimum dosage and used
for further adsorption experiments.

model. The adsorption process was found to be controlled by
external mass transfer at the earlier stages and by intra-particle
diffusion at the later stages. The results showed that the
activated carbon from grape pulp can be effectively applied for
the removal of pesticides from wastewater.

100

TABLE I
KINETIC PARAMETERS FOR THE ADSORPTION OF METRIBUZIN ONTO
ACTIVATED CARBON AT DIFFERENT TEMPERATURES

298 K

308 K

318 K

24.119

24.219

24.375

0.0112

0.0094

0.007

7.918

6.742

4.003

0.9055

0.8826

0.7924

0.0704

0.0790

0.1540

24.814

24.750

24.450

0.9961

0.9984

0.9996

kp (mg g-1min-1/2)

0.4365

0.3722

0.3097

D. Adsorption kinetics

C (mg g )

16.137

17.186

18.733

Adsorption kinetic describes the controlling mechanism of
adsorption processes which in turn governs the mass transfer
and equilibrium time [4-5]. The experimental data of
Metribuzin adsorption onto activated carbon at different time
intervals were examined using pseudo-first-order, pseudosecond-order and intra-particle diffusion kinetic models. The
rate constants, calculated equilibrium uptakes and the
corresponding correlation coefficients were given in Table I.
At all studied temperatures, the straight lines with extremely
high correlation coefficients (>0.9961) were obtained. In
addition, the calculated qe values also agreed with the
experimental data in the case of pseudo-second-order kinetic
model. Therefore, the adsorption kinetic could be approximated
more favourably by pseudo-second-order kinetic model for
Metribuzin adsorption. Similar results were also reported by
other researchers [2-5].

R

0.7651

0.9074

0.7256

Metribuzin Removal (%)
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Fig. 2 Effect of solution adsorbent dosage on the adsorption of Metribuzin
onto activated carbon

IV. CONCLUSIONS
This study demonstrated the feasibility of grape pulp as a
promising precursor for the production of activated carbon with
a noticeable adsorption capacity for the removal of Metribuzin.
The optimum adsorbent dosage can be used as 0.4 g/100 mL
because of the Metribuzin removal efficiency is negligible
value at different adsorbent dosage. The batch adsorption
studies clearly suggest that the high adsorption capacity of
activated carbon in neutral solutions (pH around 6.62) is due to
the strong electrostatic interactions between its adsorption site
and pesticide (Metribuzin). The kinetic analyses revealed that
the experimental data well fitted to the pseudo-second-order

g-1)

-1

2
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Abstract— In this study, a novel process, microwave (MW)
radiation, was used for the removal of dye from wastewater of
paint and construction chemicals producing factory in Turkey.
This process is the combination of MW irradiation, MW
adsorbent (as catalyst), coagulant and oxidant. The activated
carbon prepared from olive-waste cake by chemical activation has
been investigated as an MW adsorbent. Aluminum sulfate was
used as coagulant and hydrogen peroxide was used as oxidant.
The effects of radiation time, dosage of adsorbent, coagulant and
oxidant on the removal were investigated. The surface area and
micropore volume of activated carbon was 1418m2 g-1 and
0.197cm3 g-1, respectively. The presence of hydrogen peroxide has
no effect on dye removal. The color of the wastewater can be
removed very well by microwave method using activated carbon
and aluminum sulfate. Results suggest that the prepared activated
carbon of olive-waste cake has potential in remediation of dye
contaminated waters.
Keywords— Olive-waste cake, activated carbon, coagulant,
wastewater, Color.

I. INTRODUCTION
Wastewaters containing paint and construction chemicals
are quite damaging to the environment. The wastewater
discharged from paint and construction chemicals producing
factory is generally highly concentrated with organic and
inorganic pollutants [1]. The direct discharge of this wastewater
into the environment affects its ecological status by causing
various undesirable changes [2]. The discharge of dyes into
receiving waters is one major cause of water pollution. Even
small amounts of dyes will colour the water body because of
their synthetic origin and complex chemical structure [3]. The
dyes in water body are dark enough to weaken the permeability
of sunlight and restrict photochemical and biological activities
of aquatic life [4]. Therefore, the removal of dyes from waste
effluent is of significant environmental importance [5].
Different adsorbents have been used for removal of dyes.
Commercial activated carbon should have been a preferable
adsorbent for the removal of organic pollutants from
wastewater, but its widespread use is restricted due to high
associated costs [6]. Therefore, many researchers have

investigated more cheaper and efficient activated carbon
production from industrial and agricultural wastes [7-9].
There are basically two methods for preparing activated
carbon: physical activation and chemical activation. The
physical activation involves primary carbonization of the raw
material followed by controlled gasification at higher
temperatures in a stream of an oxidizing gas (steam, CO2, air or
a mixture) [10]. Chemical activation is carried out in two stages:
in the first one the precursor is impregnated by a solution of the
chemical (ZnCl2, Na2CO3, K2CO3, KOH, NaOH, H3PO4 etc.)
and in the second the heat treatment influences the
carbonization process, generating the porosity which becomes
accessible when the chemical is removed by washing [11].
Microwave has been increasingly employed in industrial
processes and wastewater treatment [12-15]. MW radiation
exhibits higher heating rates, reduced activation energies,
increased reaction rates, improved energy efficiency and
reduced equipment size. The energy of one mole of photon
from MW at a frequency range of 1-100 GHz is equal to 0.4-40
J. However, the energy of MW is insufficient to disrupt the
chemical bonds of many organic compounds. Therefore, MW
has been combined with catalysts, coagulants and oxidants for
increasing the treatment efficiency [16].
Food industries produce large volume of solid and liquid
residues, which represent a disposal and potential
environmental pollution problem. Likewise, olive oil
production, one of the foremost agro-food industries in
Mediterranean countries, generates different quantities and
types of byproducts depending on the production system
adopted. Depending on the olive oil production method used in
each country, there are different types of wastes, most of which
involve one type of residue or another [17]. The main olive oil
producers are Spain (36%), Italy (27%), Greece (15%), Tunisia
and Syria (6%), and Turkey (4%). Turkey is 6th in olive
production in the world. In Turkey, a great quantity of olivewaste cake is yearly generated as a waste in the industrial
production of olive oil [18]. Therefore, this study has focused
on the production of activated carbon from olive-waste cake by
chemical activation with ZnCl2.
In this study, activated carbon was produced from olivewaste cake by chemical activation has been investigated as an

MW adsorbent. The resultant carbons, coagulant and oxidant
were used to remove dye from wastewater by MW radiation.
The effects of radiation time, dosage of adsorbent, coagulant
and oxidant on the removal were investigated.
II. MATERIAL AND METHODS

A. Materials
Wastewater used in experiments that consisted of dye was
collected from a paint and construction chemicals producing
factory in Eskisehir, Turkey. Figure 1 shows the wastewater
sample. The displayed wastewater color value is bigger than
500 Pt/Co. In this case, it appeared that the wastewater had very
high color and suspended solids. The samples were refrigerated
at 4 oC prior to performing subsequent experiments. Olivewaste cake was supplied by the HISAR Olive Ind. Inc. (Manisa,
TURKEY), and they were first air dried, then crushed and
finally sized, the fraction of particle sizes between 1 and 2 mm
was chosen for subsequent studies. Aluminum sulfate was used
as coagulant. Hydrogen peroxide was used as oxidant. The
chemicals used in this study were analytical grade Merck
product the color value was measured using a HACH DR/2000
spectrophotometer in units of point color (Pt/Co). A domestic
microwave oven (750 W, 2450 MHz, Vestel) with different
power setting was used as MW source.

2867 and ASTM D 5832, respectively. Fixed carbon content
was determined by difference. To determine the surface area of
olive-waste cake and activated carbon, the nitrogen adsorptiondesorption isotherms at 77 K were measured by an automated
adsorption instrument, Micromeritics Instruments, Tristar II
3020. The surface area was determined from nitrogen
adsorption data by using Micromeritics Instruments software.
Adsorption data were obtained over the relative pressure, P/P0,
range from 10-5 to 1. The sample was degassed at 300 °C under
vacuum for 5 hours. The apparent surface area of nitrogen was
calculated by using the BET (Brunauer–Emmett–Teller)
equation within the 0.01-0.2 relative pressure range.

D. Microwave study
In the procedure for the studies, a fixed amount of adsorbent,
coagulant and oxidant and 100 mL of wastewater were mixed
in capped volumetric glass flasks and radiated by MW under
different conditions. All the samples were filtered and the color
values in the supernatant were measured at 455 nm using a UV
spectrophotometer (Hach-Lange DR-2000). In order to achieve
the maximum removal of dye by MW radiation, the operation
conditions were optimized. Five factors, including dosage of
adsorbent (0.01-0.1 g/100mL wastewater), dosage of coagulant
(0.01-0.1 g/100mL wastewater), dosage of oxidant (0.1-0.3
mL/100mL wastewater), radiation time (0.5 and 2 minute) were
investigated.
III. RESULTS AND DISCUSSIONS

A. Characterization of activated carbon
The results of proximate and surface properties of the olivewaste cake and activated carbon are given in Table 1. The olivewaste cake contains 3.56 wt.% ash, 76.08 wt.% volatile matter
and 20.36 wt% fixed carbon.
Fig. 1. Wastewater sample image

B. Preparation of activated carbon
In this study, chemical activation of olive-waste cake was
performed using zinc chloride (ZnCl2) with an impregnation
(ZnCl2:olive-waste cake) ratio of 3:1. About 10 g of the
impregnated sample was placed on a ceramic crucible in the
tubular reactor (Protherm PTF 12) and heated up to the final
activation temperature (800 °C) under the nitrogen flow (≈200
cm3 min-1) at heating rate of 10 °C min-1 and held for 2 h at this
final temperature. The resulting solids after carbonization were
boiled at about 90 °C with 100 mL of 1 N HCl solution for 30
min to leach out the activating agent, filtered and rinsed by
warm distilled water several times until the pH value was
reached to 6-7. Finally, they were dried at 105±3 °C for 24
hours.

C. Characterization of olive-waste cake and activated carbon
Proximate analyses of olive-waste cake were determined
according to the ISO R 771, ISO R 749 and ASTM E 872.
Content of ash, moisture and volatile matter of activated carbon
were determined according to the ASTM D 2866, ASTM D

TABLE I
CHARACTERIZATION OF OLIVE-WASTE CAKE AND ACTIVATED CARBON

Olive-waste
cake

Activated
carbon

BET surface area (m2 g-1)

n.d.

1418

Micropore area (m2 g-1)

n.d.

392.43

Total pore volume (cm3 g-1)

n.d.

0.410

Micropore volume (cm3 g-1)

n.d.

0.197

Average pore diameter (nm)

n.d.

1.16

Moisture content

4.66

1.40

Ash

3.56

0.22

Volatile Matter

76.08

5.81

Fixed carbon*

20.36

93.97

Surface properties

Proximate analysis (wt.%)

*By difference
n.d.: not detected

The acceptable ash content of the olive-waste cake indicates
that it is a suitable precursor for activated carbon production.
The activation process led to an increase in fixed carbon content
while decreasing in volatile matter content. The content of ash
was greatly decreased. This is due to the release of volatiles
during carbonization that results in the elimination of noncarbon species and enrichment of carbon [19]. The porosity has
a strong effect on the adsorption properties of the activated
carbon. The specific surface area of activated carbon was found
to be 1418 m2 g-1 and the most of the material (28%) consist of
micropores. The activated carbon produced from olive-waste
cake in this study contained both micropores and mesopores but
the mesopore volume was larger than the micropore volume.

B. Effect of dosages of adsorbent, coagulant and oxidant
The effects of adsorbent, coagulant and oxidant dosage on
dye removal were investigated by addition of different amounts
of adsorbent, coagulant and oxidant into 100 mL of wastewater.
The impacts of adding different doses of adsorbent varied from
0.01 to 0.1 g/100 mL in combination with a constant coagulant
dose (0.05 g/100 mL) and oxidant dose (0.3 mL/100 mL) at an
initial pH value of 7.8. In the experiments made without carbon,
the color was never removed. Very good color removal results
were obtained in all carbon doses.
TABLE II
EFFECT OF ADSORBENT DOSAGE ON DYE REMOVAL (2 MIN, LOW POWDER)

Activated Aluminium Hydrogen
sulfate
peroxide
Carbon
(g/100 mL) (g/100 mL) (mL/100mL)

pH

Color
(Pt/Co)

0

0.05

0.3

8.24

>500

0.01

0.05

0.3

7.74

71

0.025

0.05

0.3

7.4

135

0.05

0.05

0.3

8.0

164

0.075

0.05

0.3

7.28

90

0.1

0.05

0.3

8.0

73

Adsorban surface absorbs MW and speed up the degradation
process. The impacts of adding different doses of coagulant
varied from 0.01 to 0.1 g/100 mL in combination with a
constant activated carbon dose (0.075 g/100 mL) and oxidant
dose (0.3 mL/100 mL) at an initial pH value of 7.8. It was
observed that there was no color removal in experiments with
a coagulant dosage of up to 0.05 g/100 mL. Very good color
removal was observed for coagulant doses greater than 0.05
g/100 mL. Al+3 helped to neutralize the negative charge on the
particles, which led to an increase in the amounts of flocs. The
impacts of adding different doses of oxidant varied from 0.1 to
0.3 mL/100 mL in combination with a constant activated
carbon dose (0.075 g/100 mL) and coagulant dose (0.075 g/100
mL) at an initial pH value of 7.8. No effect on the color removal
of the oxidant material has been observed. The pH of the treated

wastewater was found to be in the appropriate range between 6
and 8 in all experiments. The results are shown in Table II,
Table III and Table IV. Figure 2 shows the wastewater and
treated waste water. The color value of the treated wastewater
shown in the figure 2 is about 100 Pt/Co.
TABLE III
EFFECT OF COAGULANT DOSAGE ON DYE REMOVAL (2 MIN, LOW POWDER)

Activated Aluminium Hydrogen
Carbon
sulfate
peroxide
(g/100 mL) (g/100 mL) (mL/100mL)

pH

Color
(Pt/Co)

0.075

0

0.3

8.3

>500

0.075

0.01

0.3

8.2

>500

0.075

0.03

0.3

8.06

>500

0.075

0.05

0.3

7.5

126

0.075

0.075

0.3

7.4

25

0.075

0.1

0.3

5.6

26

TABLE IV
EFFECT OF OXIDANT DOSAGE ON DYE REMOVAL (2 MIN, LOW POWDER)

Activated Aluminium Hydrogen
Carbon
sulfate
peroxide
(g/100 mL) (g/100 mL) (mL/100mL)

pH

Color
(Pt/Co)

0.075

0.075

0

6.6

18

0.075

0.075

0.1

7.05

39

0.075

0.075

0.2

7.24

60

0.075

0.075

0.3

7.4

25

Fig. 2. Wastewater and treated sample image

C. Effect of radiation time
The effect of radiation time on dye removal was investigated
by addition of 0.075g of adsorbent and 0.075 g coagulant into
100 mL of wastewater. Table V shows the effect of the MW

radiation time on dye removal. It was found that the maximum
removal of the dye achieved 18 Pt/Co at low power by 2 min.
TABLE V
EFFECT OF RADIATION TIME ON DYE REMOVAL

Radiation time (min)

Color (Pt/Co)

0.5

60

1

25

2

18

IV. CONCLUSIONS
This study was demonstrated the feasibility of olive-waste
cake as a promising precursor for the production of activated
carbon with a noticeable adsorption capacity for removal of dye.
MW technology reduces the reaction time, decreases the
activation energy, improves the reaction rate, reduces the
equipment size and waste and increases the yield and purity of
products. MW radiation had been considered as an alternative
technique for the removal of dye in wastewater. Large removal
of dye was achieved by MW radiation in a short time. 0.075g
activated carbon and 0.075g coagulant and 2 min MW radiation
time could provide a large amount of colour removal from
wastewater.
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Abstract—In this study, the optimization of electrochemical
etching parameters for physical features control of tungsten
nanotip was done by using Taguchi method. The tungsten
nanotips are used for Atomic Force Microscopy (AFM) cantilever
spring sensor at ultra-high vacuum conditions. The produced
nanotips were rated based on the experiences and related studies.
Optimum process parameters were obtained by performing
signal-noise analysis based on the Taguchi method. In the study,
tungsten filament nanotips were obtained by electrochemical
etching. Process parameters and levels were determined from
literature studies and from the experience of our group.
Electrolyte concentration, wire immersion length, process
current, cathode diameter and cutting current were selected as
parameters. At the end of the study, the optimum parameter levels
were determined as electrolyte concentration 1.5 molar, wire
immersion length 3mm, process current 2,5mA, cathode diameter
2mm, and cutting current 0.4mA. With these parameters, the
controllable aspect ratio for nanotips is reached. As a result of the
study, five validation experiments were carried out and all of the
produced nanotips were found to have the desired features.
Keywords— Taguchi method, Optimization, Electrochemical
etching, Tungsten nanotip

I. INTRODUCTION
The Atomic Force Microscopy (AFM) characterization
method is a technique that allows surfaces to be imaged
topographically with atomic resolution in the vacuum
environment [1]. In this technique, a very sharp nanotip
interacts with the short-range forces on the surface, and by
using these forces, the surface topography is extracted in three
dimensions [2]. One of the most important factors affecting the
imaging quality in AFM is the nanotips used in surface
scanning [3]. The geometry of nanotips directly affects the
AFM results [4]–[6]. High aspect ratio nanotips are desired in
the studies. If the structures on the surface are smaller than the
nanotip, the image will not be correct [7]. Nanotips stability is
crucial for screening or characterizing surfaces with atomic
resolution. This requires that the nanotips aspect ratio have to
be optimal values. The sharpness of the nanotip is a very
important factor. For atomic resolution, it is important that only
one atom has to be at the extreme end of the nanotip.
Electrochemical etching is the most practical method for
producing nanotips [8]–[10]. With this method, the parameters
can be optimized and then the same featured nanotips can be

reproduced again [11], [12]. Generally, tungsten is preferred as
the AFM nanotip material in the vacuum environment [13].
Because it is mechanically very strong and stable material [14].
Especially the high aspect ratio of nanotips increases the
mechanical strength [15]–[17]. Normally current-feedback
power supplies are used as the voltage source in the studies [18],
[19].
The Taguchi method is a statistical method developed by
Taguchi and Konishi [20]. It was initially developed to improve
the quality of the manufacturing processes, then expanded to
apply to many other areas such as biotechnology [21],
engineering, and experimental design for scientific researches.
Numerous studies have been carried out the control of the
chemical abrasion processes of Tungsten [22]–[24]. It is tried
to reach the desired nanotip geometry. This is why the process
optimization is a matter of concern and the Taguchi method
approach can be used to optimize the parameters of the nanotip
electrochemical etching process. Typical etching parameters
are Molarity (M), Immersion (mm), Current (mA), Cathode
Diameter (mm), and Cutting Current (mA). And these
parameters are tried to be optimized [25]–[27].
An application example of tip optimization with the Taguchi
method was done by Tahmasebipour et al.. In that study, the
process parameters were tried to be determined but control
experiments were not fully explored [28]. In a study by Wu et
al. mathematical modeling of electrochemical etching of the
liquid membrane for nanotips was performed, but the
experimental optimization of the parameters was not done [29].
In the study conducted by Schoelz et al. tip etching parameters
were determined experimentally to obtain the best results, but
an facilitating approach such as the Taguchi method was not
preferred [22].
In this study, optimization of electrochemical parameters for
physical features control of tungsten nanotip is done by using
Taguchi method. Produced Tungsten nanotips are used as
cantilever sensor on ultra-high vacuum AFM. The ideal nanotip
geometry is determined by the experiences and the reference
studies. The determined nanotips are rated for Taguchi method.
And the optimized results are subjected to validation tests. The
nanotips obtained as a result of the verification experiments are
found to have the desired properties.

A. Experimental Procedure
In the study, electrochemical etching method is used for
Tungsten nanotip production. The 80um diameter tungsten wire
is cleaned with acetone and alcohol and then immersed in the
electrolyte solution. Steel ring is used as the cathode. The
reaction is initiated by applying a potential difference between
the cathode and the tungsten wire. A deionized water-based
KOH solution is used as the electrolytic solution. The
experimental setup is given in Fig. 1. The setup is installed on
the vibration table.

Fig. 1 Schematic diagram of experimental setup; wall thickness and
height of graphite ring (also, height of electrolyte) are 8 and 20 mm,
respectively

In Fig. 2 nanotip electrochemical etching sketch step-by-step
is given. When the tungsten wire is immersed in the electrolyte
solution, capillary forces cause meniscus formation around the
wire. At the beginning of the reaction, the wire begins to wear
out of the tunnels in the meniscus area. And when the wear
continues, after a while, the wire in the solution becomes unable
to lift the weight and breaks. A very sharp needle is left behind
after it breaks. The voltage must be cut off at the time of
breakdown, because when the voltage is not cut off, the nanotip
continues to erode, and the sharpness in the end loses.

Effective parameters were first identified in the study.
Significant levels were determined for each parameter. The
orthogonal array is determined according to the parameter and
the number of levels. Since our work has 5 parameters and 4
levels for each parameter, the Taguchi L16 (45) design has been
chosen. Signal-to-noise ratios were calculated according to the
data obtained from experimental studies and optimum
parameter levels were determined. An ANOVA table was
drawn to show the effect of each parameter. Finally, validation
experiments were conducted in the study to show the
correctness of the optimum levels.
III. EXPERIMENTAL STUDIES
In this study, 5 etching parameters were determined.
Molarity (M), Immersion (mm), Current (mA), Cathode
Diameter (mm), and Cutting Current (mA) is selected. And
then parameter levels are chosen. 1.5M, 2.5M, 3M, 3.5M levels
for the molarity, 1mm, 2mm, 3mm, 4mm levels for immersion
depth, 1.5mA, 2mA, 2.5mA, 3mA levels for current parameter,
1mm, 2mm, 3mm, 4mm levels for cathode diameter and 0.1mA,
0.2mA, 0.3mA, 0.4mA levels for cutting current were
determined. The parameters and levels are listed in Table 1.
TABLE I: THE EXPERIMENT PARAMETERS AND LEVELS
Level

Molarity
(M)

Immersion
(mm)

Current
(mA)

1
2
3
4

1.5
2.5
3
3.5

1
2
3
4

1.5
2
2.5
3

Cathode
diameter
(mm)
1
2
3
4

Cutting
current
(mA)
0.1
0.2
0.3
0.4

The Taguchi L16 (45) orthogonal design was chosen for 5
parameters and 4 levels. The experiments performed for the L16
Taguchi array and the results obtained are given in Table 2.
TABLE II: L16 EXPERIMENTS, RESULTS AND S/N RATIOS (SNR) FOR THE
ORTHOGONAL ARRAY

Fig 2 : Nanotip electrochemical etching sketch step-by-step

II. PROCESS OPTIMIZATION WITH TAGUCHI METHOD
The Taguchi method is a very effective technique in dealing
with test systems with multiple parameters and levels. This
method is a powerful tool for experimental design. Optimal
parameter levels are determined by a systematic approach.
Compared with ordinary experimental design methods, the
number of experiments in the modelling system is greatly
reduced. In the classical approach, one factor is experimented
by changing the level at a time and the others are kept constant.
The classic approach to studying the effects of all factors and
levels causes time and money loss.
For this study, Taguchi experimental design method was
preferred. 5 parameters were determined and 4 levels were
selected for each parameter. It is necessary to perform a lot of
experiments according to the classical approach, but only 16
experiments are performed with the Taguchi method to
optimize the parameters.

After performing 16 experiments designed for the L16
Taguchi array, the results were analysed. In this study, nanotips
are given rated over 100. 50% of the score is given for nanotip
spikiness and 50% for nanotip lengths. In order to obtain the
result variable, the point score and the length score are collected.
The 16 nanotips produced by Taguchi experiments are shown
in Fig. 3.

Fig. 4 shows a graph of S/N noise ratios versus process
parameter levels. In Fig. 4 from molarity graph; the nanotip
quality decreases as the solution molarity increases. The
optimal level for the Molarity parameter appears to be Level 1
(1.5M). Depth of penetration optimal level is seen as the 3rd
level (3mm). The nanotip quality is lower for values below
3mm and above. It seems that the optimum level for the current
parameter is level 3 (2.5mA). ANOVA analysis shows that the
effect of the current parameter is weaker when compared to
other parameters. The 2nd level (2mm) for the cathode diameter
was determined as the optimum value. The optimum level for
the cutting current parameter is set at level 4 (0.4mA). As the
cutting current decreases, the nanotube quality will decrease.

Fig. 3: Nanotips produced for Taguchi L16 test design

A. Taguchi Method Signal-to-Noise (S / N) calculations
After each experiment is evaluated, in this study the best
nanotip has the highest score. The performance characteristic
formula of "Larger is better" is used for Taguchi Signal-toNoise (S/N) calculations. S/N calculation formula for "Larger
is better" approach is given in (1). Here yi estimates the result
of experiment i, and n shows the number of the experiment
cycle. Large S/N ratio means better performance. For this
reason, S/N values for each parameter level are calculated for
optimum process parameters and the levels giving the highest
S/N ratio in each parameter are selected.

(1)
For example, the S/N value for the first experiment is
calculated as;

S/N values for each experiment are calculated and given in
Table 2. If we perform S/N calculation for the first level of the
Molarity parameter is calculated as;
(1/4)*(33.98+36.9+35.56+36.26) = 35.675 dB
The S/N values calculated for each level of all parameters are
given in Table 3.
TABLO III: S/N VALUES CALCULATED FOR EACH LEVEL OF ALL PARAMETERS

Molarity
Level (M)
1
35.68
2
32.47
3
32.18
4
33.18

Immersion
(mm)
30.88
34.62
35.34
32.67

Current
(mA)
33.44
32.83
33.66
33.58

Cathode
diameter
(mm)
33.6
34.8
31.28
33.84

Cutting
current
(mA)
33.89
32.49
33.12
34.01

Fig. 4: S/N ratios for molarity, penetration depth, current, cathode
diameter and cutting current

IV. CONCLUSIONS
In this study the optimization of electrochemical etching
parameters for Tungsten nanotip is done. The most important
process parameters are solution molarity, etching current, wire
penetration depth, cathode diameter and cutting current. The
parameters are optimized by the Taguchi method to increase the
quality of the nanotips.
Optimum values for process parameters are; 1.5M for
electrolyte concentration, 3mm for wire immersion length,
2.5mA for process current, 2mm for cathode diameter and
0.4mA for cutting current. Based on ANOVA results; the
important effective process parameters are the immersion
length of the wire, the electrolyte concentration, the cathode
diameter, the cutting current and the process current,
respectively. Because the current is not a very effective
parameter, it has been pooled into error and ANOVA
calculations have been made.
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Abstract— Time resolved fluorescence (FTRF) technique was
employed for studying swelling of poly(acrylamide-co-acrylic
acid) (P(AAm-co-AAc)) composite anionic hydrogels for low
and high pH. Disc shaped composite hydrogels were prepared
by free-radical crosslinking copolymerization of P(AAm-coAAc). N, N’- methylenebis (acrylamide) (BIS) and ammonium
persulfate (APS) were used as crosslinker and initiator, respectively. Pyrene (Py) was introduced as a fluorescence probe.
P(AAm-co-AAc) composite hydrogels dried before using for
swelling experiments. Fluorescence lifetime of Py was monitored
during in situ swelling processes of composite hydrogels. It was
observed that fluorescence lifetime values decreased as swelling
is proceeded. Li-Tanaka equation was used to determine the
swelling time constants, τ and cooperative diffusion coefficients,
D from intensity variations during the swelling processes.
Gravimetrical experiments for swelling process were also performed. It was shown that swelling time constants, τ decreased,
diffusion coefficients for swelling process, D increased as the
pH values are increased.
Keywords— Hydrogels, swelling, pH, fluorescence, lifetime,
diffusion

I. I NTRODUCTION
Hydrogels are three-dimensional networks of polymer
chains linked by covalent bonds, physical cross-links, hydrogen bonds, van der Waals interactions, and crystallite
associations [1]. Environmentally responsive hydrogels are
often referred to as smart or intelligent gels [2]. Early
work on stimuli-responsive intelligent hydrogels was largely
focused on the implementation of macroscopic muscle-like
actuators driven by chemicals [3] by electric fields [4] or by
electrochemical reactions [5]. The swelling process of chemically crosslinked gels can be understood by considering the
competition between the osmotic pressure and the restraining
force[6-10]. The total free energy of a chemical gel consists
of bulk and shear energies. In fact, in a swollen gel, the bulk
energy can be characterized by the osmotic bulk modulus
K, which is defined in terms of the swelling pressure and
the volume fraction of polymer at a given temperature. On
the other hand, the shear energy that keeps the gel in shape
can be characterized by a shear modulus G. Here, shear
energy minimizes the nonisotropic deformations in the gel.
The theory of kinetics of swelling for a spherical chemical
gel was first developed by Tanaka and Filmore [11] where the
assumption is made that the shear modulus G is negligible
compared to the osmotic bulk modulus. Peters and Candau
[12] derived a model for the kinetics of swelling in spherical

and cylindrical gels by assuming a nonnegligible shear
modulus. Latter, Li and Tanaka [6] developed a model where
the shear modulus plays an important role that keeps the
gel in shape because of coupling of any change in different
directions. This last model predicts that the geometry of the
gel is an important factor, and swelling is not a pure diffusion
process. It has been suggested [6] that the kinetics of swelling
and shrinking of a polymer network and/or gel should obey
the following relation,
∞
X
Wt
=1−
Bn e−t/τn
Wf
n=1

(1)

Here Wt and Wf are the solvent uptakes at time t and at
infinite equilibrium, respectively. Wt can also be considered
as volume differences of the gel between the time t and
zero. Each component of the displacement vector of a point
in the network from its final equilibrium location after
the gel is fully swollen, decays exponentially with a time
constant τn , which is independent of time t. Here Bn is
given by the following relation [6].

B1 =

2 (3 − 4R)
α1 2 − (4R − 1) (3 − 4R)

(2)

Here R is defined as the ratio of the shear and the
G
longitudinal osmotic modulus, R = M
. The longitudinal
osmotic modulus, M is a combination of shear, G and
osmotic bulk moduli, K, M = K+4G
, and αn is given as
3
a function of R as follows


1
α1 J0 (α1 )
R=
1+
4
J1 (α1 )

(3)

Here J0 and J1 are the Bessel functions.
In Eqn.1, τn is inversely proportional to the collective
cooperative diffusion coefficient D of a gel disk at the surface
and given by the relation [6]
τn =

3a2
Dαn2

(4)

Here the diffusion coefficient D is given by D = M
f =

4 + 4G
/f
,
f
is
the
friction
coefficient
describing
the
vis3
cous interaction between the polymer and the solvent, and
a represent half of the disc thickness in the final infinite
equilibrium which can be experimentally determined.
The series given by Eqn.1 is convergent. The first term
of the series expansion is dominant at large t, which corresponds to the last stage of the swelling. As it is seen from
Eqn.4 τn is inversely proportional to the squared of αn ,
which are the roots of the Bessel functions. If n > 1, αn
increases and τn decreases very rapidly. Therefore kinetics
of swelling in the limit of large t or if τ1 is much larger
than the rest of τn all high order terms (n ≥ 2) in Eqn.1
can be dropped so that the swelling and shrinking can be
represented by the first order kinetics [6]. In this case Eqn.1
can be written as
Wt
= 1 − B1 e−t/τ1
Wf

(5)

where τ1 as taken as τ0 . Eqn.5 allows us to determine the
parameters B1 and τ if one knows the behaviour of Wt as a
function of t. Here it is important to note that Eqn.5 satisfies
the following equation
dWt
1
= (Wf − W )
dt
τ

(6)

which suggest that the process of swelling should obey the
first order kinetics. The higher order terms (n ≥ 2) can be
considered as fast decaying perturbative additions to the first
order kinetics of the swelling in the limit of large t.
When an organic dye absorbs light, it becomes electronically excited. Then fluorescence occurs from the lowest
excited singlet state and decays over a timescale typically
of nanoseconds [13,14]. In addition to unimolecular decay
pathways for de-excitation of excited state, there are a variety
of bimolecular interactions that can lead to deactivation.
These are referred to collectively as quenching processes,
which enhance the rate of decay of an excited state intensity
I. For dilute solutions of dye molecules in isotropic media,
exponential decays are common. In more complex systems,
deviations are often observed. Fluorescence dyes can be
used to study local environments by simply adding a dye
to the system as a small molecule, which is referred to as
probe. For about two decades the time-resolved fluorescence
(TRF) technique for measuring fluorescence decay has been
routinely applied to study many polymeric systems using
dyes as probes [15-17]. TRF spectroscopy with direct energy
transfer and quenching method has been used to characterize internal morphologies of composite polymeric materials
[18,19]. A pyrene (Py) derivative was used as a fluorescence
probe to monitor the polymerization, aging, and drying of
aluminosilicate gels [20]. These results were interpreted in
terms of the chemical changes occurring during the solgel
process and the interactions between the chromophores and
the solgel matrix.

In the present work, the strobe technique, which is named
fast transient fluorescence (FTRF), was used to study formation and swelling of a gel. The major advantage of the strobe
technique over other lifetime instruments is the time duration
of a single experiment, which takes only seconds. However,
single lifetime measurement in a single-photon counting
(SPC) instrument takes hours. In this work, this advantage
of strobe technique is used to make at least 2030 lifetime
experiments during the gelation and swelling processes that
took at least one hour. In situ FTRF experiments are carried
out by illuminating the sample cell during FCC of P(AAmco-AAc). In this work we studied swelling of P(AAmco-AAc) hydrogels for low and high pH contents. Here
hydrophobic Py was chosen as an aromatic molecule and
became hydrophilic by dissolving in chloroform. Change in
fluorescence lifetime of Py was monitored during in situ
swelling processes of hydrogels. It was shown that diffusion
coefficient for swelling process, D increased as pH value
is increased. The gravimetric measurements for swelling
process were also performed to compare results found from
fluorescence technique. It is expected that diffusion coefficient, D values measured by using fluorescence technique
are at least order of magnitude much larger than the values
measured by gravimetric technique, which may present the
different behaviours of the gel. Segmental motion of the gel
network can be monitored by using fluorescence intensity
and monitors the swelling at a molecular level. According
to the above argument, one may suggest that chain segments
move much faster than the bulk polymeric material during
volume phase transition process.
II. E XPERIMENTAL
Disc shaped hydrogels were prepared by free-radical
crosslinking copolymerization of P(AAm-co-AAc). BIS
(Merck) and tetramethylethylenediamine (TEMED, Merck)
were added as a cross-linker and an accelerator, respectively. The initiator, ammonium persulfate (APS, Merck),
was recrystallized twice from methanol. The initiator and
pyrene concentrations were kept constant at 7x10−3 M and
4x10−4 M , respectively, for all experiments. Hydrogel was
prepared for 0.010g BIS contents by dissolving them in
25cm3 of water in which 10µl of TEMED were added as
an accelerator.
The fluorescence decay experiments during the gelation
process were performed using the Photon Technology International’s Strobe Master System (SMS), equipped with
the temperature controller. Each sample including pregel solution of varying BIS contents was illuminated with 345nm
excitation light and pyrene fuorescence emission detected
at 395nm. Fluorescence decays were collected over three
decades of decay time for fuorescence lifetime measurements. The pyrene lifetimes were determined from the decay
curves which all fit well to the single exponential function.
The uniqueness of the fit of the data to the model is
determined by χ2 (χ2 < 1 : 20), the distribution of weighted
residuals.

III. R ESULTS AND D ISCUSSION
In order to monitor gelation processes the fluorescence
decay curves are measured and fitted to Eqn.7. A typical
decay curve and its fit is shown in Figure 1 for the swelling
of P(AAm-co-AAc)
 
 
t
t
I = A1 exp
+ A2 exp
(7)
τ1
τ2

where τ1 and τ2 are the long and short components
of pyrene lifetimes and A1 and A2 are the corresponding
amplitudes of the decay curves. In other words τ1 and τ2 are
the lifetimes of Py when the pyrenes are in and out of the
gel sample respectively.

Fig. 1. The fit of the decay curve of Py according to Eqn.7 at the gelation
time 20 min. The sharp peaked curve is the lamp profile.

A1 τ12 + A2 τ22
< τ >=
A1 τ1 + A2 τ2

(8)

Using the τ and A values, < τ > values were obtained
from Eqn. 8 the measured < τ > values from least square
analysis during swelling process for P(AAm-co-AAc) hydrogel for pH = 3 and pH = 9 plotted versus swelling time in
Figure 2a and b, respectively.
It can be seen that as swelling time, ts , is increased,
quenching of excited pyranines increases due to water uptake. In order to quantify these results, the collisional type
of quenching mechanism may be proposed for the fluorescence intensity, I from the hydrogel sample during swelling
process, where the following relation can be used [18],
I −1 = I0−1 + kq τ0 [Q]

(9)

Here, kq is quenching rate constant, τ0 is the lifetime of
fluorescence probe and Q is the quencher. For low quenching
efficiency, (τ0 kq [Q] << 1), Eqn. 9 becomes
I = I0 (1 − kq τ0 [Q])

(10)

Fig. 2. Plot of the Py lifetimes versus swelling time for the samples
swelling in a) pH=3 and b) pH=9.

If one integrates Eqn.10 over the differential volume (dV )
of the hydrogel from the initial, a0 to final a∞ thickness and
then, reorganization of the relation produces the following
useful equation.
W =



1−

I
I0



V
k q τ0

(11)

Here, amount of water release, W is calculated over
differential volume by replacing Q with W as
W =

Z

a∞

[W ] dV

(12)

a0

Where V is the volume of the hydrogel at the equilibrium
swelling state, which can be measured experimentally. kq
was obtained from separate measurements by using Eqn.11
where the infinity equilibrium value of water uptake, W was
used at each samples. Since τ0 (100ns) is already known
from the dry hydrogel, then W can be calculated from the
measured I values at each swelling step.

The plot of the water uptake, W for the hydrogel swelling
in pH = 3 and pH = 9 are shown in Figure 3a and b,
respectively. The logarithmic form of data in Figure 3 are
fitted to logarithmic form of Eqn.5 as follows.

Fig. 4. Logarithmic form of data in Fig.3 versus swelling time for the
samples a)pH=3 and pH=9.

On the other hand, we also measured the change in
solvent uptake during the swelling process of P(AAm-AAc)
composite anionic hydrogels. The plots of the solvent uptake,
W , measured by gravimetrically for hydrogels, swollen in
pH=3 and pH=9 solvent are obtained. These are typical
solvent uptake curves, obeying the Li-Tanaka equation. The
logarithmic forms of the solvent uptake data are fitted to
Eqn.13 then B1 and τG , gravimetric time constant, values are
produced. By using Eqn.4 gravimetric cooperative diffusion
coefficients DG were determined and are listed in Table 1
with τG values.
TABLE I
EXPERIMENTALLY MEASURED PARAMETERS FOR SWELLNG
PROCESSES FOR DISC SHAPED GELS FOR LOW AND HGH PH
USNG BOTH FLUORESCENCE AND GRAVIMETRIC
TECHNIQUES.
Fig. 3. Plot of solvent uptake, W versus swelling time for the samples
swelling in a) pH=3 and pH=9.



W
t
ln 1 −
= lnB1 −
Wf
τ

(13)

Using Eqn.13 linear regressions of curves in Figure 4
provide us with B1 and τ values for the samples swelling
in pH = 9. Taking into account the dependence of B1 on
R, one obtains R values and from α1 − R dependence α1
values were produced [20]. Then using Eqn.2, cooperative
diffusion coefficients DF were determined for these
disc-shaped composites and found to be around 10−8 m2 /s.
Experimentally obtained τF and DF values are summarized in Table 1 for each gel sample. It was shown that
swelling time constant found from fluorescence technique,
τF decreased, diffusion coefficient found from fluorescence
technique for swelling process, DF increased as pH values
are increased.

pH
ai (cm)
af (cm)
Ri (cm)
Rf (cm)
Wi (cm)
Wf (cm)
τG (s)
τF (s)
DCG x10−9 (m2 /s)
DCF x10−8 (m2 /s)

3
0.37
0.485
0.760
0.800
0.1541
0.1672
1200
200
2.3000
1.6673

9
0.32
0.400
0.745
1.080
0.1264
0.3119
780
100
3.0000
2.2684

Here it is seen in Table 1 that DF values measured
by using fluorescence technique are at least twice much
larger than the diffusion coefficient, DG values measured by
gravimetric technique, which interested different behaviours
of the gel. It is obvious that the fluorescence technique
measure the behaviour of the microstructure of the gel. i.e
segmental motion can be measured by fluorescence because
Py molecules are bounded to the polymer chains. However,
volumetric and gravimetric measurements may provide us
with the behaviour of the macroscopic environment. Accord-

ing to above argument, one may suggest that chain segments
move much faster than the bulk polymeric material during
swelling process.
IV. C ONCLUSIONS
These results have shown that the fast transient fluorescence technique can be used for real-time monitoring of
hydrogel swelling process. The empirical model was derived
and used to determine the swelling time constants and
cooperative diffusion coefficients for the swelling process.
It is observed that swelling time constants, τ decreased,
diffusion coefficients for swelling process, D increased as
the pH values are increased. This work was supported by
Research Fund of the Istanbul Technical University. Project
number: 41020.
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Abstract— The time resolved fluorescence technique was used
to study the critical exponents during sol-gel transition in
free-radical crosslinking copolymerization of polyacrylamide
(PAAm). Pyrene (Py) was used as a fluorescence probe and
its fluorescence lifetimes from its decay traces were measured
during sol-gel transition. Changes in the viscosity of the pregel
solutions due to gel formation dramatically increased the Py
fluorescent lifetimes, which were used to study the sol-gel
transition of PAAm as a function of time, at various crosslinker
concentrations. The results were interpreted in the view of
percolation theory. The critical exponents, β was measured near
the sol-gel transition point and found to be around 0.402 which
are in good agreement with the static percolation results.
Keywords— Hydrogels, percolation, universality, fluorescence

I. I NTRODUCTION
Several theories have been developed in the past half
century to describe gel formation in free radical crosslinking
copolymerization (FCC), among which Flory-Stockmayer
theory and percolation theory provide bases for modelling
the sol-gel phase transition[1-7]. Statistical theories based on
three approximation, which are called mean field or classical
theories, originate from Flory [1] and Stockmayer [2], and assume equal reactivities of functional groups and the absence
of cyclization reactions. Most statistical theories derived in
the following decades are fully equivalent, differing only in
mathematical language [8-11], e.g. the cascade theory by
Gordon [8]. In the language of percolation, one may think
of monomers as occupying the vertices of a periodic lattice,
and the chemical bonds as corresponding to the edges joining
these vertices at any given moment, with some probability
p. Then, the gel point can be identified with the percolation
threshold pc , where, in the thermodynamic limit, the incipient
infinite cluster starts to form [4-7]. Identifying the weight
average degree of polymerization DPW with the average
cluster size and the gel fraction G with the probability of
an occupied site to belong to the incipient infinite cluster,
one can predict the scaling behaviour of these and related
quantities near the gel point, as a function of |p − pc |
DPW = A (pc − p)

β

−γ

, p → p−
c

G = B (p − pc ) , p → p+
c

Here, β and γ are the critical exponents and A and B are the
proportionality factors. The critical exponents in percolation
theory, β = 0.41 and γ = 1.80, differ from those found in
Flory-Stockmayer, β = 1 and γ = 1.
One would like to measure the values of the critical exponents with sufficient accuracy to determine their universality
class and to verify that they indeed have the non classical
values for percolation computed from series expansions and
Monte Carlo studies as well as renormalization theory. The
double logarithmic plot of the measured quantity against
|p − pc | gives a critical exponent as slope of the straight
line fitting the data. A main obstacle lies in the precise
determination of the gel point and the critical region. In
particular, a small shift in pc results in large shift in the
critical exponent. Such a log-log plot reveals that data should
be particularly accurate near the gel point. Preferably, one
should have more than one quantity measured in the gelation
experiments. Then, one can fix pc from the best fit of data
and use the same pc for the other properties [3]. The way
to find the critical point in real experiments is to measure
and to perform the scaling analysis for, at least, more than
one quantity. The critical point can then be determined by
varying pc in such a way as to obtain good scaling behaviour
for both quantities over the greatest range in |p − pc |, or
|t − tc | if the experiments are performed against time. Our
previous study, it has been reached the experimental state
of art to determine β and γ exponents for the sol-gel phase
transition of PAAm by means of the steady state fluorescence
(SSF) technique [12]. The aim of this work is to present the
universality behaviour of critical exponents by also means of
the fast transient fluorescence (FTRF) technique. Here pyrene
(Py) was chosen as a fluorescence probe. Fluorescence
lifetimes of Py against reaction time were measured using
FTRF technique to determine the critical exponents β and
γ for PMMA hydrogels. It is observed that the universality
behaviour near the critical point were satisfied for all the
systems studied, and β exponent was found to be around
0.402.

(1)

II. E XPERIMENTAL

(2)

In this work, we monitored the sol-gel phase transition in
FCC of AAm with N,N, methylene bisacrylamide (BIS) by
using the in-situ FTRF technique. BIS has been commonly

used as crosslinker in the synthesis of polymeric networks.
The initiator 2.2-azobisisobutyronitrile (APS, Merck), was
recrystallized twice from methanol. These experiments were
carried out at five different crosslinker contents. In all
experiments the initiator concentration was held constant at
0.26 wt %, the Py concentration was taken as 4xl0− 4M and
the samples were deoxgenated by bubbling nitrogen for 10
min.
In situ fluorescence decay experiments from which Py lifetimes were determined were performed using Photon Technology International’s (PTI) Strobe Master System (SMS).
SMS system is comprised of a thyratron-gated nanosecond
light source with 25 kHz present flash rate and < 1.6 ns
pulse width. Strobe detection can be achieved with 100
picoseconds delay gate generator. All lifetime measurements
were made at 90 ◦ to the incident beam and the slit widths
were kept at 10 nm. The sol-gel phase transition experiments
were performed in a round quartz cell, which was placed in
the SMS. and fluorescence decays were collected over three
decades of decay time. The sample was illuminated with
345 nm excitation light and pyrene fluorescence emission
was detected at 395 nm. Deconvolution of I(t) is performed
using iterative linear-least-squared fitting technique. The
uniqueness of the fit of the data to the model is determined
by χ2 (χ2 < 1 − 20), the distribution of weighted residuals,
and the autocorrelation of the residuals.

As seen in Fig. 2 Py lifetimes, τ increased drastically above
the certain reaction time called the onset of the gelation time,
t0 from very low values to their unquenched values during
FCC for all samples.

III. R ESULTS AND D ISCUSSION
In order to monitor the sol-gel phase transition processes,
fluorescence decay intensities are measured and fitted to
Eqn.3.
 
 
t
t
I = A1 exp
+ A2 exp
(3)
τ1
τ2

Fig. 2. Plots of the Py lifetimes, τ and their best fits during sol-gel phase
transition of a) loosely b) densely gel samples, respectively.

The time derivatives of the best fitted curves dτ /dt of the
lifetimes are plotted versus reaction time in Fig. 3a and b
for the loosely and densely PAAm hydrogel samples. These
are typical critical peaks, with rounding due to the finite size
effects [13]. The position of the sol-gel phase transition on
the time axis, tc , can be determined with great precision,
assuming
|p − pc | ∝ |t − tc |

Fig. 1.

Typical fluorescence decay curve and scatter.

A typical decay curve and its fit are shown in Fig. 1 for
the PAAm hydrogel sample. The lifetime, τ values were
produced at each reaction steps using least square analysis.
The measured τ values and their best fits during FCC are
plotted versus reaction time, tg in Fig. 2a and b for the
loosely and densely PAAm hydrogel samples, respectively.

(4)

at least in a narrow region about the sol-gel transition
point, tc . We argued that for t > tc , most of the pyrene
molecules are trapped in the macroscopic network of gel
regions, and then the fluorescence lifetimes, τ monitors
the fraction P∞ of the monomers that belong to the
macroscopic gel cluster. However, for t < tc the average
cluster size, Sav of the glassy regions is monitored by
lifetimes, τ [14]. Before the formation of a macroscopic
network, i.e.. for t < tc . the pyrene molecules are interact
with and be quenched by monomer molecules. In this
state, the fluorescence lifetimes becomes appreciable only
to the degree that the pyrene molecules find themselves

surrounded by the progressively larger gel regions that are
formed. The number of pyrene molecules trapped in the
interior of a gel, contributing to τ , increases as the number
of monomers belonging to this region increases. Thus, the
average normalized fluorescent lifetimes will be proportional
to the Sav . Above the sol-gel transition point, however i.e.,
for t > tc , most of the pyrene molecules are trapped in the
macroscopic network of gel regions, and τ then measures
the P∞ . In summary, we have that, the scaling forms for
the quantities Sav and P∞ near the percolation threshold,
pc together with Eqn.4 yields,
τ ∝ Sav ∝ A′ (tc − t)

−γ

, t → t−
c

(5)

τ ∝ P∞ ∝ B ′ (t − tc ) , t → t+
c

(6)

β

In this study, the range of the critical region obeys the relation
10−2 < (t − tc )/tc < 10−1 in agreement with the literature
[1]. The results are shown in Fig. 4a and b for loosely and
densely PAAm hydrogel samples, respectively. The values
of the critical exponents, β was found from the slope of
log-log curves are listed in Table 1 together with the solgel phase transition point, tc for PAAm hydrogel samples.
The agreement with the known values (β = 0.41) [1] of the
percolation exponents in three dimension is quite good. We
find, β = 0.402 as averages for five crosslinker contents.

Here, A′ and B ′ are the new proportionally constants.
Notice that we need not subtract the value of τ (tc ) from τ (t)
in Eqn.(6) since we are assuming that once the threshold
has been crossed, the unquenched fluorescence lifetime is
being contributed essentially by the monomers trapped in
the incipient infinite cluster.

Fig. 4. The double logarithmic plots for a) loosely and b) densely gel
samples. The β exponent was determined from the slope of the straight
lines.

TABLE I
E XPERIMENTALLY MEASURED PARAMETERS FOR PAAM GELATION
PROCESS

Fig. 3. The time derivatives of the best fitted curves dτ /dt for the lifetimes
of a) loosely b) densely gel samples against reaction time, tg respectively

In this work, we fitted the double logarithmic plots of the
fluorescence lifetime v.s |t − tc | for t > tc and t < tc , to
determine the critical exponents β and γ respectively. The
glass transition point for each sample was determined by
varying tc in such a way as to obtain good scaling behaviour
for both quantities β and γ over the greatest range in |t−tc |.

BIS (gr)
0.005
0.010
0.015
0.025
0.030

t1/2 (min)
6.58
4.65
2.79
1.95
3.51

tmax (min)
10.91
6.00
7.03
6.45
4.20

tc′ (min)
9.28
4.85
6.33
5.96
3.33

tc (min)
9.10
4.80
6.10
5.90
2.90

β
0.36
0.40
0.42
0.44
0.39

IV. C ONCLUSIONS
In summary, this work introduces a novel method which
uses the FTRF technique to measure the gel point and critical
exponent, β during the sol-gel phase transition for PAAM
hydrogels. Here, one has to notice that since we measured
lifetimes, no environmental corrections to the data, which are
quite problematic when one uses fluorescence intensity from
steady state spectrometers, are needed. In this work fluorescence lifetimes are taken proportional to the P above tc to
determine the critical exponent. Most probably fluorescence
lifetimes here monitores the percolating dense regions rather
than the microviscosity in the polymeric networks.
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amplitude is used as a feedback signal. Oscillation amplitude
is kept constant at a set point using a PID control loop during
the scanning.
AFMs use the probes as a consumed component for
scanning applications. The probes can be manufactured in two
major techniques. The inverse-pyramid-shaped tips fabricated
through a molding technique [2] and silicon tips formed either
by wet or dry etching followed by oxidation sharpening [3, 4].
The cavity-moldings method is relatively simple but the final
tip curvature is not as good according to silicon tips.
Anisotropic etching is a subtractive microfabrication
technique that aims to preferentially remove a material in
specific directions to obtain intricate and often flat shapes [11].
Currently, most AFM probes are manufactured by wet
anisotropic etching or dry reactive ion etching (RIE) [5-8].
Keywords— Microfabrication, Silicon etching, nano-tip
Wet etching is a cheaper process and it does not require
expensive equipment. Anisotropic etching in aqueous KOH,
I. INTRODUCTION
the tips are not self-sharpening, it requires additional
oxidation sharpening [9, 10].
Since the invention of the Atomic Force Microscopes
In this paper we worked on microfabrication of silicon
(AFM) in 1986 [1], AFM has become a widely used tool for AFM tips by wet etching process. We used aqueous KOH and
imaging and studying mechanical properties of nanostructures. TMAH solution for anisotropic wet etching. We developed a
AFM is a member of scanning probe microscopy family that process to fabricate the cantilever tips. Silicon tips fabricated
allows characterizing the surfaces in 3D at nanoscale. The on (100) silicon wafers are based on the undercutting of fast
operation of AFM is based on scanning the surface using a etching planes below the masks [13]. The square/rectangularcantilever with a sharp tip. AFM uses a sharp silicon tip that is shaped cavity formed in a (100)-Si wafer by anisotropic
attached to a micro fabricated cantilever to image and etching is schematically shown in Fig. 1 [14].
characterize the surfaces. The tip should be very sharp to
resolve the nanostructures. Nano tips of high aspect ratio are
necessary for the detection of a narrow part with steep
sidewalls.
Atomic Force Microscopes are widely used in many fields
such as material science, biophysics, nanotechnology and
industrial process control. In addition to common areas of use
such as obtaining surface topography, mechanical properties,
electrical or magnetic properties, AFM is a technique that
allows many experiments to be carried out in high resolution
Fig. 1: Three-dimensional view of a square-shaped opening in a (1 0 0)-Si
in their natural environment.
There are many AFM imaging modes such as dynamic, wafer after anisotropic etching. The sides of the square are aligned along 110
directions
contact, noncontact and many others derived from these
modes. Dynamic (amplitude modulation) scanning mode is
Fig. 2 shows the variation of the etch rates of n-type and ppredominantly used. The cantilever is excited to oscillate at its type silicon for four different KOH concentrations at different
fundamental resonance frequency and cantilever oscillation bath temperatures. The dopant type of silicon substrate has
Abstract—Atomic force microscopy (AFM) has become a widely
used powerful tool for high resolution surface characterization
since 1980s. AFM probe consists of a flexible force-sensing
cantilever and a nanoscale sharp tip at its free end. The opening
angle and curvature radius of tip apex are of great importance to
the resolution of AFM images. Silicon AFM tips manufactured
by wet etching process has the advantages of simplicity, easy to
handle, low-cost and homogeneous etching rate of the (100)
crystal plane. In this study, we fabricate silicon nano-tips and
optimized the process to have sharper and high aspect ratio tips.
We used Potassium hydroxide (KOH) and Tetra Methyl
Ammonium Hydroxide (TMAH) solution for anisotropic wet
etching. SiO2 and Si3N4 masks are used for wet etching process.
We also optimized the mask shape and angles to have sharper
tips.

little effect on the etch rate of silicon although n-type etches
slightly faster than p-type silicon [12].

We used 2-inch Si (100) substrates for microfabrication of
silicon nano-tips. We used 25x25um and 75x75um masks for
lithography. Optical masks are aligned with 45 and 90 degrees
according to wafer cut direction. The mask is given in Fig. 4.
The SiO2 oxide layer without resist etched with 7:1 BOE
aqueous solution. We used %40 and 25% aqueous solutions of
KOH and TMAH solutions for silicon etching.

Fig. 4: 25x25 um square optic lithography mask

Fig. 2: Variation of the silicon etch rate with KOH concentration.

Fig. 3 shows the variation of the silicon etch rates with
TMAH solution. The silicon etch rate decreases with increase
in TMAH concentration [12].

Fig 3: Variation of the silicon etch rates with TMAH concentration.

II. EXPERIMENTAL WORK
Firstly, we deposit a silicon oxide (SiO2) layer on both
side of the silicon (100) wafer for nano-tip formation process.
Plasma-enhanced chemical vapour deposition (PECVD)
system used for SiO2 growth and we growth 3000 Å thick
SiO2 layer. SiO2 layer is used as an etching mask during the
etching process.
Wafer is patterned with a photolithography mask as in Fig.
4. The process starts with spin coating of UV light sensitive
photoresist onto the wafer and baking the resist. After resist
coating process, the wafer exposed UV light to pattern the
wafer with mask aligner. UV light develops the resist and
buffer oxide etcher (BOE) etches the developed regions.

The fabrication steps of a nanotip is given in Fig. 5. First,
300 nm SiO2 is PECVD grown and patterned as a mask for
anisotropic etching. SiO2 layer was etched except the nano-tip
area using BOE (7:1) solution. After cleaning the wafer with
isopropyl alcohol and acetone, the anisotropic etching process
started. The tips constructed by undercutting of fast etching
planes below the masks. Finally, the SiO 2 caps leaves from the
tip end.

Fig. 5: Fabrication steps of a nanotip

Firstly, we used 25x25µm2 SiO2 masks to etch silicon wafer
and %40 KOH aqueous solution is used for silicon etching.
Temperature is kept at 80°C and the solution stirred at 200
rpm during the etching process. In Fig. 6 the etching process
at 18 and 20 minutes is given. SEM images show that the tip
fabrication process is time depended and it requires a specific
time to have sharper tips. The oxide cap is clearly visible after
18 minutes Si etching in Fig. 7. We got very high aspect ratio
tips. High aspect ratio tips can be used for imaging deep
trenches.

We have also worked with 75x75um oxide mask to have
higher tips. The etching at 16 min and 70 min is given in Fig.
9. The etching geometry is octagonal at 16 min but the etching
geometry changes to pyramidal structure in 70 min.
Undercutting of fast etching planes is clearly visible in Fig. 9.

(a)

(b)

Fig. 6: SEM images of (a) the etched tip with a cap (18 min), (b) final etched
(20 min) tip. (40% KOH, 80 ºC, 25um sq)

Fig. 9 SEM images of the etched tip with 16 min (left) and final etched with
70 min (right) tip. (25% TMAH, 80°C, 75 um sq.)

The nano-tip array is given in Figure 10. 70 min etching
time is enough to have 22µm high tips.

Fig. 7: SEM images of the Si surface after18 min etching (40% KOH, 80°C,
25x25µm square mask)

As we can see on Fig. 7, 18 min etching time is not enough
to etch all tips. Many of the SiO2 mask are still on the top of
the tips. KOH Si etching rate is quite fast for homogeneous
etching but we achieved to fabricate very high aspect ratio tips.
It is possible to etch the silicon in a controllable manner with
KOH solution by optimizing concentration and temperature.
We also used TMAH solution for tip etching process. It
allow more controllable Si etching process than KOH solution.
25x25um oxide mask is used for nano-tip etching. Square
oxide mask aligned at 45º with respect to the <110> direction
in the <100> plane. We fabricate pyramidal nano-tips.
Fabricated tips is given in Fig. 8. The tip height measured
4µm and the tip radius is better than 50 nm.

Fig. 10 SEM images of the etched tip array (25% TMAH, 80 °C, 75 um sq.,
70 min etching time)

III. RESULTS AND DISCUSSIONS
4 um and 22 µm height pyramidal tips were designed and
fabricated. Also, very high aspect ratio 20 um height tips are
fabricated. Etching times for tip fabrication was optimized and
reported. A SEM images of fabricated tips are shown in Fig.
11.

Fig. 11 SEM images of the final fabricated tips

(a)

(b)

Fig. 8 SEM images of (a) the etched nano-tip with a cap (14 min), (b) final
etched (16 min) nano-tip. (25% TMAH, 80 ºC, 25um sq, 45 deg.)

IV. CONCLUSIONS
A simple and low-cost tip fabrication by wet etching is
proposed. We got different tip geometries with different
etching solutions. We fabricated a rod tip shape for imaging
deep trenches. The tip height measured 20 um and rod radius
measured less than 200 nm. We also fabricated pyramidal tip
shape with height of 4 and 20 um. The fabricated pyramidal
shape tip radius measured better than 50 nm.
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Abstract— Zinc slag is a waste from the zinc production plant.
These wastes are both dangerous for the environment and
economically valuable because they are contain various metals.
For this reason, these waste slags need to be managed well. Types
of slag management that can be applied; reuse, metal recovery,
various product lines as a solid matter, disposal in slag deposits or
pools. The waste zinc slags formed in the plant that is being
investigated are poured into the empty field. In this study, the
possibilities of using the waste slags pouring into the empty area
as construction material have been examined. In this experiment
a step is taken to reduce the use of fine aggregate in the concrete
with zinc slag. The fine aggregate is partially replaced with zinc
slag for 2%, 5%, 10% and 20%. The conventional concrete is
compared with the zinc slag replaced concrete on the basis of
compressive strength, flexural strength and split-tensile of the
concrete. The test has been conducted for the curing periods of 3,
7 and 28 days. Experimental results revealed that with dual
replacement of cement by zinc slag at 0-10% of total cement
replacement, the compressive strength of the blended cement
mortars are within limits. In addition to this, the admixtures
improve the strength and pore structure properties.
Keywords— Zinc slag,
compressive strength

stabilization/solidification,

cement,

tons, it appears 1,305,688 tons, 1,238,555 tons possible,
2,927,095 tons are possible reserves [3].
All of the oxidized ores are processed by ÇİNKUR in the
country and electrolytic ingot zinc is obtained. Since the
sulfuric minerals produced in the country have no possibility of
domestic smelting, they are sold abroad as temporary or direct
exports as enriched zinc-lead ores or concentrates. In addition,
zinc is exported as a concentrate, extracted concentrate and
calcined product [4].
Environmental effects from mine production can be
dangerous. Although mine production wastes have adverse
effects on the environment, these wastes are valuable. the return
to the environment should be recovered instead of being
disposed of nicely or should be assessed in different areas.
Therefore, recycling of waste materials a great potential in
concrete industry [5].
Aggregate, which makes up 70% of the concrete volume, is
one of the main constituent materials in concrete production.
However, due to the high cost of natural sand used as a fine
aggregate and the rising emphasis on sustainable construction,
there is a need for the construction industry to search for
alternative materials as fine aggregates in concrete production.
Zinc slag, which is the waste material produced in the
extraction, has low cost and its application as a fine aggregate
in concrete production reaps many environmental benefits such
as waste recycling and solves disposal problems [6,7].
In this study the application of zinc slag as an aggregate in
mortar, replacing natural fine aggregate. The fine aggregate is
partially replaced with zinc slag for 2%, 5%, 10% and 20%.

I. INTRODUCTION
Zinc is found in the nature in the form of sulfur ore with more
lead. These two metals are then separated by refining. Most
known is the sphalerite type (ZnS). The most commonly used
area of zinc is galvanized [1].
Zinc is one of the most important metals in the nonferrous
metals that come from aluminum and copper. These three A. Cement
metals are mainly used in the production of special alloys and
The cement used in this study was commercial grade ASTM
brass alloys used in the casting industry for increasing Type I ordinary Portland cement (OPC), which produced as
resistance to corrosion of iron and steel. Zinc also finds use in CEM I cement in Turkey. The chemical and physical properties
the construction of zinc plates, in roofing materials and in the of the cement are presented in Table 1.
tire industry (as ZnO) [2].
Zinc ore production in the world is about 8 million tons and
TABLE I
scrap zinc production is about 0.5 million tons. Turkey's zinc
PHYSICAL AND CHEMICAL COMPOSITION OF CEMENT AND ZİNC
metal consumption is around 60 thousand tons per year. Of this,
SLAG
10 thousand tons of metal returned from abroad sent by
temporary export, some of the metal is recovered from the scrap, Physical properties
Initial setting time (min)
165
the remaining 20-30 thousand tons are met with imports. leadFinal setting time (min)
225
zinc ores and concentrates in Turkey, there are oxide and
Specific surface (cm2/g)
3230
sulfuric. total zinc reserves in Turkey, as metal zinc, 5,471,338
Specific gravity (g/cm3)
3.08
Fineness

-

> 32 m, %
> 90 m, %
Chemical properties
SiO2
Fe2O3
Al2O3
CaO
SO3
K2O
MgO
Na2O
P2O5
MnO
TiO2
ZnO
PbO
LOI*
Main compounds % wt.
C3S
C2S
C3A
C4AF

14.8
0.10
Cement (wt %) Zinc slag (wt%)
18.42
22.49
3.34
11.03
5.28
6.16
62.75
6.73
2.98
15.39
0.87
0.82
1.01
0.48
0.46
0.06
0.10
0.78
0.22
0.27
13.20
21.40
4.11
1.25
67.37
6.68
8.58
9.73

* Loss on ignition

B. Zinc Slag
The zinc slag used in this study was obtained from a zinc
plant of Kayseri, Turkey. This is the only plant in Turkey that
produces zinc from primary ore containing zinc carbonate. The
chemical composition of the sample is presented in Table 1. The
XRD characterization was performed by using X-ray
diffraction (Rigaku D/max) with Cu Kα radiation at room
temperature. X-ray diffraction pattern shows that the zinc leach
waste composed mainly of anglesite (PbSO4), gypsum
(CaSO4.2H2O), and zinc sulfate hydrate (ZnSO4.2H2O).

C. Mixture Proportioning and Preparation of Text Specimens
R series mixtures were prepared as control specimens. 2%,
5%, 10%, 20% zinc waste is added to mortar instead of
aggregate. Then, we investigated the effect of binary mixtures.
These mixtures are presented in Table 3, corresponding to the
2%, 5%, 10% and 20% additions on natural material as
aggregate replacement.
TABLE 3
COMPOSITION OF CONCRETE MIXTURES

Symbol
R

Concrete
mixes
Reference

450

Coarse
aggregate
(kg/m3)
-

Zinc
slag
(kg/m3)
-

Cement
(kg/m3)

W/C
0.58

mix

D. Compressive Strength
The prism specimens of 40 mmX40mmX40 mm size were
used for compressive strength test. Specimens were tested at
the age of 3, 7, 28 days.

E. Porosity Tests
Porosity affects corrosion and mechanical wear behaviour
due to the mechanical properties, thermal properties of a
material and materials in the environment. The samples were
dried until the weight was constant and the samples were
weighed on a precision scale (WK). The samples were boiled
in pure water at 200 ° C for 4 hours and then the specimens
were weighed (WA) in suspended water in pure water in a
specially prepared setup for the experiment. The sample was
then removed from the water, water on the surface was cleaned
with a paper to we land weighed quickly (WD). Using this data
we have calculated the porosity values. It is given in Eq. (1):
% Visible porosity: (volume / bulk volume of open pores) x100
= [(WD-WK) / (WD-WA)] x100
WK = Weight of dry sample in air (g)
WA = Suspended weight of water or liquid impregnated sample
in water (g)
WD = Weight in air of water or liquid impregnated (saturated)
sample (g)
ΡSIVI = Density of the liquid used (usually water)
II. RESULT AND DISCUSSION
The results of the compressive strength tests for the concrete
mixtures are shown in Table 4. It was found that at 28 days, the
Z1, Z2, Z3 and Z4 concretes had compressive strength of 27.44,
29.17, 35.85and 37.14MPa, respectively, while that of R
(reference) concrete was 27.61 MPa. At age of 28 days Z4
showed the highest value (37.14MPa).
TABLE 4
COMPRESSIVE STRENGTH OF CONCRETE MIXTURES

Cement
mixtures

3 days

0.58

R

15.40

23.29

27.61

0.58

Z1

19,60

13.37

27.44

Z2

20.51

24.40

29.17

Z1

2%Z + 98%A

450

1323

27

0.58

Z2

5%Z + 95%A

450

1282.5

67.5

0.58

Z3

10%Z+90%A

450

1215

135

Z4

20%Z+80%A

450

1080

270

Z: Zinc slag; A: Aggregate

Each mixture consisted of 1350 kg/m3 sand, 450 kg/m3
cement, 225 ml of water and water to binder ratio (W/C) of 0.58
was used in the mixture. The cement-water mixtures were
stirred at low speed for 30 s and then sand was added. The
mixture was stirred again at high speed for a total of 3 min. We
used steel moulds which have a size of 40mm X 40mm X 40
mm. The test specimens were cured for during 3, 7, 28 days for
compressive strength test.

Curing time
7 days

28 days

Compressive Strength (MPa)

Z3

23,10

20.37

35.85

Z4

23.37

18.64

37.14

25

Compressive Strength (MPa)

WD (g)

WD (g)

Water
Absorption
(%)
8.18

Porosity
(gr/cm3)

20

R

134.2

124.1

Z1

138.8

128.4

8.37

2

15

Z2

139.2

130

7.89

2.015

Z3

137.5

126.3

8.47

1.974

Z4

135.1

125.9

7.26

1.967

10
5
0

R

Z1
Z2
Concrete mixtures

Z3

Z4

Fig. 1 Effect of zinc slag on compressive strength (curing time 3 days)
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III. CONCLUSIONS
In this study, zinc industry was used by adding different
ratios instead of aggregate in waste concrete production.
Compressive strength values of the samples prepared by using
zinc waste instead of aggregate were higher than the reference
sample. At the same time, as the amount of zinc waste increased,
the compressive strength increased. It is seen that as the amount
of zinc aggregate formed in the zinc wastes increases, the
consistency increases compared to the reference sample. This
is why the zinc additive added to the admixture increases the
water requirement of the concrete.
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RESULTS OF THE POROSITY ANALYSES
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Abstract— Zinc is one of the most important metals for various
applications in metallurgical, chemical and textile industries. The
main application for zinc is galvanizing which accounts for about
49% worldwide zinc use. Numerous studies have been carried out
in order to have a potentially polluting potential in the
environment and also to include materials that can be recovered,
to evaluate such substances or to make them harmless. In this
study zinc plant waste (zinc slag) was examined. These wastes are
important both economically and environmentally due to the high
content of zinc and lead. In this study, zinc plant waste was used
in the production of cement based concrete. They were ground and
incorporated into concrete with the levels of 2%, 5%, 10% and
20% by the weight of binder. The experimental results indicate
that the mixtures that were ground with 2% zinc plant waste with
Portland cement gave compressive strength performance similar
to that of the reference mixture. The leaching tests that were
carried out confirmed that the process makes it possible to obtain
materials without major risks for the environment. This study
shows that using waste materials in concrete to cost-effective help
solve some of the issues with solid waste problems.
Keywords— Zinc plant waste, cement, conrete, compressive
strength, leachability.

I. INTRODUCTION
Large amounts of industrial wastes are produced every year
by various industries. Metallurgical industries generate vast
quantities of solid wastes such as slag, ash, sludge, dross,
grindings, residues and secondaries [1]. Environmental
pollution by heavy metals originated from industrial activities
can become a very important source of contamination both in
soil and water. The presence of heavy metals produced during
metal extraction in the aquatic environment is of major concern
due to their toxicity to many life forms [2]. One of the most
important of these is waste slags. Zinc and lead containing
residues, such as slag from the lead or zinc industry, leaching
residues or flue dusts, often contain pollutants like heavy metals
or anions [3]. The hydrometallurgical and pyrometallurgical
wastes of zinc production industry poses major environmental
problems and considered hazardous and toxic due to the
presence of heavy metals like Zn, Pb, Cd, Mn and Co [4,5]. The
zinc residues are stockpiled until the recovery of valuable
metals in the residues becomes economic and/or the grade of
zinc ores decreases. The stockpiled residues may cause heavy
metal pollution problems [6].

The manufacturing of concrete and cement has been
subjected to the inclusion of waste materials following
intensive research work in recent years. This study focuses on
seeking alternative cement materials to replace the main
ingredients which are currently been used to concrete mixtures.
By using waste, recycled and by-product materials in the
production of concrete, the problems of cost and resource
availability can be overcome [7,8].
The aim of this study was to investigate use of zinc slag in
the production of cement based concrete. They were ground
and incorporated into concrete with the levels of 2%, 5%, 10%
and 20% by the weight of binder. The leaching tests such as
ASTM (American Society of Testing Methods), TCLP
(Toxicity Characteristic Leaching Procedure) and DIN that
were carried out confirmed that the process makes it possible
to obtain materials without major risks for the environment.
II. MATERIALS AND METHODS

A. Materials
The zinc slag used in this study was obtained from a zinc
plant of Kayseri, Turkey. This is the only plant in Turkey that
produces zinc from primary ore containing zinc carbonate. The
chemical composition of the sample is presented in Table 1.
The XRD characterization was performed by using X-ray
diffraction (Rigaku D/max) with Cu Kα radiation at room
temperature. X-ray diffraction pattern shows that the zinc leach
waste composed mainly of anglesite (PbSO4), gypsum
(CaSO4.2H2O), and zinc sulfate hydrate (ZnSO4.2H2O).

B. Cement
The cement used was ASTM Type I ordinary Portland
cement (PC, 42.5 N/mm2), which conformed to the current
specification as described in TSI (TSI, 1992). The Specific
gravity of cement is 3.13 g/cm3, with Blaine specific surface
area of 3634 cm2/g. The remaining cement on 90- and 45- µm
sieves are 0.22% and 2.89 respectively. Its compression
strength for 28 days curing is 54.25 MPa. The physical
properties and chemical composition of cement are given in
Table 1.

TABLE I
PHYSICAL PROPERTIES AND CHEMICAL COMPOSITION OF CEMENT AND ZINC
SLAG

Physical properties
Initial setting time (min)
Final setting time (min)
Specific surface (cm2/g)
Specific gravity (g/cm3)
Fineness
> 32 m, %
> 90 m, %
Chemical properties
SiO2
Fe2O3
Al2O3
CaO
SO3
K2O
MgO
Na2O
P2O5
MnO
TiO2
ZnO
PbO
LOI*
Main compounds % wt.
C3S
C2S
C3A
C4AF

* Loss on ignition

165
225
3230
3.08
14.8
0.10
Cement (wt %) Zinc slag (wt%)
18.42
22.49
3.34
11.03
5.28
6.16
62.75
6.73
2.98
15.39
0.87
0.82
1.01
0.48
0.46
0.06
0.10
0.78
0.22
0.27
13.20
21.40
4.11
1.25
67.37
6.68
8.58
9.73

C. Mixture Proportioning and Preparation of Text Specimens

was used in the mixture. The cement-water mixtures were
stirred at low speed for 30 s and then sand was added. The
mixture was stirred again at high speed for a total of 3 min. We
used steel moulds which have a size of 40mm X 40mm X 40
mm. The test specimens were cured for during 3, 7, 28 days for
compressive strength test.

D. Compressive Strength
The prism specimens of 40 mm x 40mm x 40 mm size were
used for compressive strength test. Specimens were tested at
the age of 3, 7, 28 days.

E. Porosity Tests
Porosity affects corrosion and mechanical wear behaviour
due to the mechanical properties, thermal properties of a
material and materials in the environment. The samples were
dried until the weight was constant and the samples were
weighed on a precision scale (WK). The samples were boiled
in pure water at 200 ° C for 4 hours and then the specimens
were weighed (WA) in suspended water in pure water in a
specially prepared setup for the experiment. The sample was
then removed from the water, water on the surface was cleaned
with a paper to we land weighed quickly (WD). Using this data
we have calculated the porosity values. It is given in Eq. (1):
% Visible porosity: (volume / bulk volume of open pores)
x100 = [(WD-WK) / (WD-WA)] x100
WK = Weight of dry sample in air (g)
WA = Suspended weight of water or liquid impregnated
sample in water (g)

Symbol

R series mixtures were prepared as control specimens. 2%,
WD = Weight in air of water or liquid impregnated
5%, 10%, 20% zinc waste is added to mortar instead of cement.
(saturated)
sample (g)
After then, we investigated the effect of binary mixtures. These
mixtures are presented in Table 2, corresponding to the 2%, 5%,
ΡSIVI = Density of the liquid used (usually water)
10% and 20% additions on natural material as cement
replacement.
F. Leaching Procedures
TABLE III
Several leaching procedures have been developed to
COMPOSITION OF CONCRETE MIXTURES
simulate the leaching processes of hazardous wastes in natural
Materials
environments. The most commonly used method 1311,
Coarse
Toxicity Characteristic Leaching Procedure TCLP, evaluates
Zinc
Cement
Cement
aggreg
Sand
W/C
slag
metal mobility in a solid matrices. Before proceeding for
(kg/m3)
mixes
(kg/m3)
ate
(kg/m3)
toxicity characteristic leaching procedure (TCLP) or leaching
(kg/m3)
R
Reference mix
450
1350
225
tests, the solid matrices were crushed. The particle size of the
0
0.58
crushed sample was less kept than 9.5 mm according to the
Z1
2%Z+98%PC
441
1350
225
9
0.58
requirement of the TCLP procedure. Then it was extracted for
Z2
5%Z+95%PC
427.5
1350
225
22,5
0.58
18 h with an amount of extraction liquid equal to 20 times the
10%Z+90%P
weight of the solid phase. The extraction liquid employed was
Z3
405
1350
225
45
0.58
C
chosen on the basis of waste alkalinity (Extraction Fluid 1:
CH3COOH, pH=4.93±0.05 for sample pH<5 and Extraction
20%Z+80%P
Z4
360
1350
225
90
0.58
Fluid 2: CH3COOH, pH=2.88±0.05 for sample pH>5).
C
Z: Zinc slag; PC: Portland cement
Each mixture consisted of 1350 kg/m3 sand, 450 kg/m3
cement, 225 ml of water and water to binder ratio (W/C) of 0.58

The ASTM extraction procedure is based on extended
extraction with distilled water. This procedure provides a
halfway point between acidic TCLP conditions and in-situ

conditions, by allowing a leach in deionized water. In the
ASTM leaching procedure the liquid:solid ratio (4:1) and the
pH of the solution was the same as with distilled water.
DIN 38414 S4 (DIN-NORMEN, 1984) is a standard batch
leaching test, which has been widely used for regulatory
compliance purposes in Germany and Austria, as well as for
general assessment elsewhere. It uses distilled and deionized
water at an L/S ratio of 10:1 for 24 hours, which allows the test
material to establish the pH.
At the end of the extraction, the leachates were filtered with
Whatman glass fiber filter paper (0.45mm). The pH of the
filtrate was measured. The leachates were maintained highly
acidic by adding nitric acid (pH<2) to avoid any change in
chromium concentration and stored at 4oC for metal analysis.
The concentration of Zn and Pb ions were determined by
Atomic Absorption Spectrophotometer (AAS).

25.84 and 23.86 MPa, respectively. At a higher replacement
ratio (5%), the strength of concrete decreased since the amount
of cement was greatly reduced. Higher compressive strength at
early ages may be attributed to the physical pore refining effect
of zinc slag particles or to the fact that these particles may
provide additional sites for cement hydration products, thus,
accelerate cement hydration. These results show that the
incorporation of 5% of waste materials did not adversely affect
the strength of concrete. An increase in the replacement ratios
to 10% of binder, however, decreased the strength of concrete.
TABLE IVV
COMPRESSIVE STRENGTH OF CONCRETE MIXTURES

Curing time

Cement
mixtures

3 days

7 days

28 days

R

15.40

23.29

27.61

Z1

17.23

19.91

29.76

Z2

17.15

26.92

29.01

III. RESULTS AND DISCUSSION

Z3

16.66

19.85

25.84

A. Water absorption and porosity of mixtures

Z4

12.44

17.06

23.86

TABLE IIIII
RESULTS OF THE POROSITY ANALYSES

3 day

Compressive Strength (MPa)

The results of the porosity and water absorption values for
the reference and concrete mixtures are shown in Table 3. The
water absorption values of mixtures were obtained around 8 %
and 8.55%. Z1 specimen recorded 8.34% water absorption,
1.992% porosity, whereas specimens of Z4 showed
comparatively similar corresponding values of 8.55% and
1.990%, respectively.

30

7 day

25

28 day

20
15
10

WD (g)

WK (g)

R

134.2

124.1

Water
Absorption
(%)
8.18

Z1

138.2

127.7

8.34

1.992

Z2

141.0

129.3

8.36

2.545

Z3

140.5

130.0

8.00

2.031

Fig. 1 Compressive strength of reference and concrete mixtures

Z4

138.4

127.6

8.55

1.990

C. Leaching tests

Porosity
(%)
1.939

5
0

R

Z1
Z2
Z3
Concrete mixtures

Z4

Table 5 shows the leached Zn and Pb ions concentration
from zinc slag and concrete mixtures according to the methods.
The results of the average compressive strength tests for the Zn and Pb ions released from zinc slag before concrete mixture
reference and concrete mixtures are shown in Table 4. It was used in the ASTM, TCLP and DIN tests were found to be 1.01,
found that at 3 days, the Z1, Z2, Z3 and Z4 concretes mixtures 1.66 and 2.7 mg/L, and 8.77, 7.60 and 23.27 mg/L, respectively.
had compressive strength of 17.23, 27,15, 16,66 and 12.44 MPa, These values exceed the limits of Turkish and EPA standards.
respectively, while that of R (reference) concrete was 15.40 Turkish and EPA limits for Zn and Pb are 2 and 0.4 mg/l for
MPa. The results showed that the higher the replacement of Turkish standard and 4.30 and 0.75 mg/l for EPA standard,
zing slag, the lower the compressive strength of concrete at respectively.
each curing age.
In the concrete products, under the condition of ASTM,
The compressive strength of concrete mixtures compared to TCLP and DIN tests for 28 day of curing, the concentrations of
the reference mixture is given Fig 1. As can be seen from Fig. leached out Zn and Pb ions were effectively decreased in the
1, the compressive strength of zinc slag that incorporated concrete products. The amounts of Zn and Pb ions released
mixtures decreased with time. Compressive strength of Z1, Z2, were well below the limits of Turkish standards and most of
Z3 and Z4 concretes mixtures at 28 days were 29.76, 29.01, them even lower than the detection limits. These results show

B. Compressive strength

that the binder was effective in reducing Zn and Pb ions from
solution. The immobilization mechanism in a cementation
matrix include precipitation, physical and chemical inclusion,
and sorption. According to these results, stabilized/solidified
chromium industry waste cannot be classified as hazardous
waste under the principles of Resource Conservation and
Recovery Act (RCRA).
TABLE V
LEAD RELEASE OF CEMENT MORTARS

[5]

Z3

Z4

Zn

Pb

Zn

Pb

Zn

Pb

Zn

Pb

Zn

Pb

[6]

ASTM

Z2

1.0
1

8.7
7

<0.
02

0.0
3

<0.
01

0.0
4

0.0
5

0.0
8

0.0
5

0.1
0

[7]

TCLP

Z1

[3]

1.6
6

7.6
0

0.03

0.0
4

0.02

0.0
6

0.0
5

0.0
7

0.0
8

0.1
0

DIN

Heavy Metal Realease (mg/L)

Zing slag

[2]

[4]

Mortars Type (28 day)
Leachi
ng Test
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IV. CONCLUSIONS
In this study, the leaching and compressive strength
characteristics of the zinc slag residue originating from the
zinc-lead metal plant before and after concrete mixtures were
investigated. The values of all waste concrete mixtures tend to
decrease below the values for the reference concrete mixtures
with waste content. Compressive strength of Z1, Z2, Z3 and Z4
cured at 28 days decrease than reference speciment. Therefore,
zinc slag (5%) is suitable to be used as an inert material in
concrete. Toxicity tests, including ASTM, TCLP and DIN
methods were applied to zinc slag residue. The results of
laboratory leaching tests demonstrate that Zn and Pb ions
released from zinc slag before concrete mixture in the ASTM,
TCLP and DIN tests were found to be 1.01, 1.66 and 2.7 mg/L,
and 8.77, 7.60 and 23.27 mg/L, respectively. In the concrete
products, under the condition of ASTM, TCLP and DIN tests
for 28 day of curing, the concentrations of leached out Zn and
Pb ions were effectively decreased in the concrete products.
The cement-based stabilization/solidification technique
successfully contained the waste within the solidified matrix.
In addition, using industry waste product in the manufacture of
concrete converts it into an eco-efficient material, as it reduces
the accumulation of residues and exploits incorporated energy.
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Abstract— In this study, The Charpy impact behaviours of unnotched SiO2 nanoparticle and MWCNT filled and unfilled
BFR/Epoxy composites (Basalt Fiber Reinforced) have been
investigated. After hand-layup composite process, 6-layer 4%wt
SiO2 nanoparticle and 0.3%wt MWCNT filled and unfilled
composites laminated under uniform loading via VARTM
process. SiO2 nanoparticle and MWCNT filled and unfilled
composites have been prepared dimensions of 55 (length) x 10
(width) mm and the charpy impact tests applied according to
ISO 179/92. At the end of experiments it was seen that while
SiO2 nanoparticle filled BFR/Epoxy composites showed the
highest impact energy absorption (%52 of increase), unfilled
BFR/Epoxy composites exhibited the poor Charpy impact
behaviours. As failures, delamination and fiber breakages were
observed on fracture surfaces.
Keywords— Basalt fiber, nanocomposites, Charpy impact, energy
absorption.

I. INTRODUCTION
There are many studies about impact behaviours of
polymer based composites by using charpy impact and low
velocity impact tests. Ghasemnejad et al. studied the
hybridization effects of carbon/glass/epoxy composites on
charpy impact behaviours[1]. Hao et al. reported that modified
and unmodified MWCNT increased the absorbed the energy
at the end of charpy impact tests[2]. Esfahani et al. focused
on impact behaviours of nanoclay added polyester based
nanocomposites. They founded the best impact resistance of
1.5% nanoclay added nanocomposites[3]. Sarasani et al.
emphasized the impact effects of hybridized basalt/carbon
epoxy laminated composites[4]. Toldy et al. found the best
impact behaviours for carbon fiber reinforced composites at
0.3%wt MWCNT addition into polymer matrix[5].
In this study, the effects of MWCNT and SiO2 nanoparticle
addition into basalt fiber reinforced epoxy composites on
charpy impact behaviours have been investigated and

inspected the failures of
basalt/epoxy composites.

nanoparticle filled and unfilled

II. MATERIALS AND METHOD
SiO2 nanoparticles and MWCNT filled and unfilled
BFR/Epoxy laminated composite plates were produced by two
stages. Firstly, 4%wt. SiO2 nanoparticle which is mean 15nm
diameter of spherical geometry and 0.3%wt MWCNT which
is lengths of 10-30µm and diameter of 30nm filled into,
bisphenol A (DGEBA) epoxy and then stirred by a
mechanical stirrer during 10 min. After that an ultrasonic
probe stirrer (Bandelin HD2200) was used for 15 min. As a
last process of modification of epoxy matrix material, the
harder was put into mixture and stirred mechanical mixing for
5 min and the degassed process of the mixture in vacuum
oven was carried out. The VARTM production process in
order
to
manufacturing
of
nanocomposites
was
performed to 6 layers stacked symmetrically 400 tex basalt
fiber fabrics with 4%wt SiO2 and 0.3%wt MWCNT filled
bisphenol A epoxy matrix material. The produced 6 laminated
SiO2 nanoparticle and MWCNT filled laminated composite
plates were cut to length of 55mm and width of 10 mm.
Charpy impact tests were performed to un-notched
nanoparticle filled and unfilled BFR/Epoxy composites
according to ISO 179/92. Composite specimens and Charpy
impact test device has been given in Fig.1. and Fig.2.

Fig. 1 Nanoparticle filled BFR/Epoxy laminated composite
specimens.

Fig. 3 Absorbed energies of nanoparticle filled and unfilled
BFR/Epoxy composites.
The averages of absorbed energies of SiO2 nanoparticle,
MWCNT filled and unfilled BFR/Epoxy have been found as
6.6J, 5.8J and 4.3J respectively as seen in Fig.3. When
observed the absorbed energies of nanoparticle filled and
unfilled BFR/Epoxy composites, it has been seen that SiO2
nanoparticles have provided the highest absorbed energy with
approximately 52% of increase. For MWCNT addition,
approximately 33% of increase has been found at the end of
tests. In Fig. 4, Fig.5 and Fig.6 failures of impacted region by
inspecting via microscope as result of charpy impact tests
have been shown for SiO2 nanoparticle, MWCNT filled and
unfilled BFR/Epoxy composites respectively

Fig. 2 Charpy impact test device.
III. RESULTS
The Charpy impact tests according to ISO 179/92 were
applied by repeating three times for SiO2 nanoparticle and
MWCNT filled and unfilled un-notched BFR/Epoxy
composites. Absorbed energies of SiO2 nanoparticle and
MWCNT filled and unfilled un-notched BFR/Epoxy
composites have been given in Fig.3.

Fig.4 Impacted region of SiO2 nanoparticle filled
BFR/Epoxy composite.

Fig.5 Impacted region of MWCNT filled BFR/Epoxy
composite.

IV. CONCLUSIONS
In this study, the Charpy impact behaviors of SiO2
nanoparticle, MWCNT filled and unfilled BFR/Epoxy
composites. The conclusions of impact tests have been listed
below briefly.
 The absorbed energies of SiO2 nanoparticle,
MWCNT and unfilled BFR/Epoxy composites
were 6.6J, 5.8J and 4.3J respectively.
 The best energy absorption has been found at SiO2
nanoparticle addition by approximately 52% of
increase. For MWCNT addition, approximately 33%
increase of energy absorption has been found.
 The lowest failure area of fiber breakage has been
observed on SiO2 filled BFR/Epoxy composite.
 The fracture mechanisms mentioned as bowing,
blunting, occurring secondary cracks, crack
branching with energy dissipation, crack bridging
have been considered to play important role for
increasing impact resistance with filling
nanoparticles.
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Abstract— Nowadays, in order to increase strength in tension
and impact energy besides with decrease the weight of structural
materials honeycomb core is applied to laminated composites.
The honeycomb core which made by aluminium, aramid, carbon
vb. is laminated between two thin composite layers. In this study,
aluminium honeycomb cores have been placed between two
plates of basalt fiber reinforced (BFR) epoxy laminate
composites. A plate was produced by laminating three layer
basalt fabrics. DGEBA epoxy as a matrix material was used in
BFR/Honeycomb/Epoxy composites. The aluminium honeycomb
cores were placed between two plates of basalt fiber fabric
wetting by epoxy resin and then hot press composite production
proses was carried out. To determine the increases of impact
energy absorption by using the honeycomb cores to BFR/Epoxy
composites, Charpy impact tests were applied to 6 layers
laminated BFR/Epoxy composites and 6 layer laminated
BFR/Epoxy Honeycomb composite sandwiches. It was seen that
the honeycomb cores improved the energy absorption of
BFR/Epoxy composites.
Keywords— Basalt fiber, honeycomb, composite, Charpy impact,
energy absorption.

I. INTRODUCTION
The honeycomb sandwich composites have been used in
special fields such as aircraft, land transportation, satellites.
Honeycomb contributes the light weight, rigidity, mechanical
performance, shock damping absorption, impact resistance,
insulation of vibration, heat, noise to panel sandwich. The
Honeycomb sandwich consist of honeycomb core and plates
made of any material like laminated composite plates,
aluminium sheets, wood chipboard sheets etc. The honeycomb
sandwich structure is a panel of a honeycomb core generally
formed hexagon geometry made up of any material foils like
aluminium, carbon, aramid are placed and adhesively bonded
between two sheets of same face materials [1-5]. The
honeycomb sandwich panel structural view has been seen in
Fig.1 [1].
In this study, aluminium honeycomb core has been used
and this honeycomb core has been placed between basalt fiber
reinforced (BFR) epoxy laminated composite plates. In order
to observe the effect of impact energy absorption of
aluminium core, the Charpy impact tests were applied to
alimunium core reinforced BFR/Epoxy laminated composites

and BFR/Epoxy laminated composites and compared each
other’s.

Fig.1 Honeycomb sandwich panel schematic view [1].
II. MATERIALS AND METHOD
Aluminium (Al 3003) material has been used as honeycomb
core formed hexagon geometry which is 10,4mm of cell size
and 0.04 mm aluminium foil thickness and 13.3mm of height.
As an adhesive and matrix material bisphenol A (DGEBA)
epoxy and as a reinforcement material basalt fiber
(400 tex) have been used. Epoxy resin was brushed to wet 3
layers stacked symmetrically basalt fiber fabrics
reinforcement materials. And then alimunium honey comb
core was placed on wetted 3 layer stacked basalt fiber fabrics.
After that, the wetted 3 layers stacked basalt fiber fabrics were
placed on aluminium core and applied the hot press and cured
at 120oC to get sandwich composite panels. In addition, to get
impact effect of honeycomb core 6 laminated BFR/Epoxy
composite plate was produced by using VARTM method.
BFR/Honeycomb/Epoxy composite sandwich panel was cut to
length of 55 mm and width of 10 mm. Charpy impact tests
were performed to un-notched BFR/Honeycomb/Epoxy and
BFR/Epoxy composites according to ISO 179/92. Composite
specimens and Charpy impact test device has been given in
Fig.2 and Fig.3.

Fig. 2 BFR/Honeycomb/Epoxy and BFR/Epoxy composite
specimens.

Fig. 4 Absorbed energies of BFR/Honeycomb/Epoxy and
BFR/Epoxy composites.
The
averages
of
absorbed
energies
of
BFR/Honeycomb/Epoxy and BFR/Epoxy composite have
been found as 4.3J and 10.5J respectively as seen in Fig.4.
When inspected the absorbed impact energies of
BFR/Honeycomb/Epoxy and BFR/Epoxy composites, it has
been appeared that Aluminium honeycomb core has
contributed the highest absorbed energy with approximately
2.4 times of increase. In Fig. 5, Fig.6 and Fig.7 failures of
impacted region by detecting via microscope as result of
charpy
impact
tests
have
been
shown
for
BFR/Honeycomb/Epoxy and BFR/Epoxy composites.

Fig. 3 Charpy impact test device.
III. RESULTS
The Charpy impact tests according to ISO 179/92 were
applied by repeating three times for BFR/Honeycomb/Epoxy
sandwich composites and BFR/Epoxy composites. Absorbed
energies of BFR/Honeycomb/Epoxy sandwich composites and
BFR/Epoxy composites have been given in Fig.4.

Fig.5 Impacted region BFR/Epoxy composite.

that Al-Honeycomb core at the end of Charpy tests was
tended to separate from BFR/Epoxy composite plates. It
showed the large delamination region. In order to overcome to
these obstacle, it can be used the different resin.

Fig.6 Impacted region of upper layers of
BFR/Honeycomb/Epoxy composite.

IV. CONCLUSIONS
In this study, Charpy impact behaviors BFR/Epoxy and
BFR/Honeycomb/Epoxy composites were investigated. The
absorbed
energies
of
BFR/Epoxy
and
BFR/Honeycomb/Epoxy composites were 4.3J and 10.5J
respectively. By using aluminium core for increasing the
impact behaviours, it has contributed the 2.4 times increase of
energy absorption. The failures of fiber breakage,
delamination and radial cracks have been observed for all
composites. Although the energy absorption of BFR/Epoxy
composites was increased by using the aluminium honeycomb
core, large delamination areas and separation was found
between the BFR/Epoxy plates and honeycomb core.
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Abstract— Asphalt concrete application is widely used in road
constructions all over the world. Increases in heavy vehicle
traffic and seasonal changes lead to deterioration in asphalt
concrete. These deteriorations reach the upper levels in
warmer climates in summer and colder climates in winter.
Road constructions are high cost investments and the service
life is long and must be designed to be resistant to degradation.
On the other hand, the increase in industrial wastes left to
nature together with the advancing technology causes serious
harm both to the environment and to human health. It is known
that the use of these wastes as recycling material is used as a
contribution in the content of bitumen which constitutes a
great majority of the cost of asphalt concrete in road
constructions as well as in many areas. In this study, the effects
of modified bitumen containing waste rubber and glass fiber
on the performance characteristics of asphalt concrete were
examined at certain ratios. By using the modified bitumen with
these materials, specimens were obtained with Marshall design
and the results were evaluated. When the test results are
examined; It was observed that the modified specimens had a
smaller amount of Marshall stability. However, all specimens
meet the required standard conditions. In this way, both
environmental wastes are evaluated and sustainable life is
ensured.
Keywords— Asphalt concrete, Glass fiber, Sustainability, Waste
rubber, Waste management

I. INTRODUCTION
Asphalt concrete has been subjected to numerous tests for
the determination of its physical properties and character after
the beginning of the 1900's by the emerge of pavement industry.
Over the years, Marshall method has been widely applied all
over the world by satisfying design criteria [1]. Increases in
traffic volume, axle loads and climate changes cause fatigue
cracks, deterioration and wheel tracks on the road. This reduces
the service life and comfort level of the passenger [2]. Due to
the large amount of material used in road constructions and
asphalt concrete is expensive, it is known to be among high cost
investments. The main reason for this is that the bitumen
obtained from the distillation of crude oil is a valuable material
and costly. Asphalt contains about 95% aggregate and about 5%
bitumen. If it is calculated for a 15 cm thick and 10 m wide on
a one kilometer road, approximately 3750 tons of material
containing aggregate and bitumen [3]. On the other hand, with

the increase in technological developments, there are millions
of waste tires that have been used in the automotive industry
for a long time, which have completed their useful life in the
world. Due to the fact that waste tires reach such a significant
amount, they are now being used in different fields with the
recycling methods of these materials [3], [4]. In recent years,
efforts to improve the performance characteristics of roads
made with asphalt concrete have been accelerated [3], [5], [6].
The high cost of the bitumen material has increased the
importance of waste tires as additives in asphalt concrete. In
addition, since the 1940's various glass fiber types have been
used as additive materials in industry. Glass fiber is known for
its ability to increase physical properties such as tensile and
bending strength, impact and rigidity [7]-[9]. In this study, glass
fibers were used in combination with waste rubber to modify
50/70 penetration bitumen. Thus, being used waste tires
contribute to the prevention of environmental pollution and can
be used together with glass fiber to improve the performance
characteristics of asphalt concrete [7].
II. MATERIAL AND METHOD

A. Material
In this study, limestone was used as aggregate and 50/70
penetration bitumen obtained from Izmit Tupras refinery was
used. Aggregate and bitumen test results are given in Table I
and II.

TABLE I
RHEOLOGICAL PROPERTIES OF BITUMEN

Experiment
Penetration
(at 25°C, 100 g, 5 sec)
Softening Point (°C)
Specific Gravity (g/cm3)
Ductility
(25 °C, 5 cm/min)
Loss on Heating (%)
Flash Point (°C)
Viscosity (at 135°C , cP)
Viscosity (at 165°C , cP)

Value

Standard

64 (50/70)

ASTM D5

48
1.026

ASTM D36/D36M-09
ASTM D70-09e1

>100 cm

ASTM D113-07

0.43
314
437.5
137.5

ASTM D6-95
ASTM D92-05a
ASTM D4402-06
ASTM D4402-06

TABLE III
RHEOLOGICAL PROPERTIES OF BITUMEN

Properties

Apparent Specific
Gravity (g/cm3)
Coarse
Specific gravity
Aggregate
(g/cm3)
Saturated surface dry
gravity (g/cm3)
Apparent Specific
Gravity (g/cm3)
Fine
Specific gravity
Aggregate (g/cm3)
Saturated surface dry
gravity (g/cm3)
Specific gravity
Filler
(g/cm3)
Compacted bulk density (g/cm3)
Loose bulk density (g/cm3)
Los Angeles wearing test (%)
Flatness index (%)
Freeze-thaw resistance (%)

Values

Fig. 1 Marshall design specimen set 1 (10% waste rubber and 0.0% glass
fiber)

Standard

2.718
2.665

ASTM C127

2.685
2.797
2.697

ASTM C128

2.733
2.754

ASTM C128

1.469
1.227
12.8
16
4

ASTM C 29
ASTM C 29
ASTM C 131
ASTM D 4791
ASTM C 88

B. Method
In this study, physical properties of bitumen used in asphalt
concrete were investigated by adding waste rubber and glass
fiber. In the bitumen, about 10% by weight waste rubber, about
0.5% by weight of waste rubber, glass fiber is added. The
Marshall design was made at 160°C temperature, and after 75
blows, it was compressed and the results were examined.
Marshall design, is generally used all over the world to
determine the optimum asphalt content to be used in asphalt
concrete. 63 specimens of 1150 gr asphalt concrete were
prepared in the design. A total of three types of bitumen have
been prepared, previously modified with waste rubber and glass
fiber, modified only with waste rubber, and 50/70 penetration
bitumen without modification. After the bitumen and
aggregates were stored at 160°C, they were mixed
homogenously with the aid of a mixer so that heat loss was
reduced the most. In the mixture, Three samples were prepared
in each bitumen from seven values between 3.5-6.5% bitumen
percentage as a percentage of aggregate weight, and 21 samples
were prepared per each casting. The Marshall specimens
prepared in Fig. 1 and 2 are shown.

Fig. 2 Marshall design specimen set 2 (10% waste rubber and 0.5% glass
fiber)

The practical specific gravity (PSG), Marshall stability (MS),
void (V), and voids of filled with asphalt cement (VFA) values
of the specimens are obtained. It is supposed that Marshall
stability and practical specific gravity values should be highest,
void should be 4% and voids of filled with asphalt cement
should be between 65-75%. In addition, voids of mineral
aggregate and the flow values are controlled according to the
specification limit values. Specification limits for the
specimens and the obtained test results are given in Table III.
TABLE IIIII
SPECIFICATION LIMITS

Experiment
Practical specific gravity (PSG) (kg/cm3)
Marshall stability (MS) (kg)
Void (V) (%)
Voids of filled with asphalt cement (VFA) (%)
Flow (mm)
Voids of mineral aggregate (VMA) (%)
Marshall coefficient (MQ)

Specifications
values
Max
Max
3-5
65-75
2-4
Min 14
-

In addition, Marshall Design results of 63 samples prepared in
different ratios with different types of bitumen are given
graphically in Fig. 3-9.

Fig. 3 Marshall design experimental results (Practical specific gravity –
Asphalt content graph).

Fig. 6 Marshall design experimental results (Voids of field with asphalt
cement – Asphalt content graph).

Fig. 4 Marshall design experimental results (Air void – Asphalt content
graph).

Fig. 7 Marshall design experimental results (Voids of mineral aggregate –
Asphalt content graph).

Fig. 8 Marshall design experimental results (Yield – Asphalt content graph).
Fig. 5 Marshall design experimental results (Marshall stability – Asphalt
content graph).









Fig. 9 Marshall design experimental results (Marshall coefficient – Asphalt
content graph).
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Abstract: The paper presents the developments in Bulgarian
priority areas. The existing scientifically infrastructure is
described. Some examples of developments for people with
disabilities, for using of new technologies and nano elements and
for cultural-historical heritage are given. Most of the developments
are protected with Bulgarian patents, patent applications and
WIPO/PCT patent applications.
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I. INTRODUCTION
According to the Innovation Strategy for Intelligent
Specialization in Bulgaria there are priority areas as follows:
• ICT,
• mechatronics,
• clean technologies,
• energy efficiency,
• new materials and nano technologies,
• human health and quality of life,
• cultural and historical heritage, etc.
The Institute of Information and Communication
Technologies – Bulgarian Academy of Sciences (IICT-BAS)
has advanced scientific ICT infrastructure with modern and
unique equipment. For example, the SMARTLAB Laboratory
has 3D devices - scanner, printer and industrial tomograph,
equipment for investigation of nano materials, cameras for
investigation of high-speed and high-temperature processes, and
more (fig. 1). The SMARTLAB is included in the Map for
scientifically infrastructure in Bulgarian regions. Also, we have
the supercomputer AVITOHOL with 410 TeraFlops/s (fig. 2).

Fig. 1. The SMARTLAB

Fig. 2. The Bulgarian Supercomputer

This gives us the opportunity to make science research in
order to offer innovative development solutions for the industry,
business, and lifestyle. At the IICT-BAS have been developed a
number of innovations in a variety of priority areas. Most of these
developments and research results are protected with Bulgarian
patents and patent applications.
II. ICT & QUALITY OF LIFE FOR PEOPLE WITH
DISABILITIES
Within the European Union, the problem with the access of
blind people to computer resources is quite pressing. Studies on
European and world scale are carried out in many directions:
• A basic direction is the attempt for social integration of
the visually impaired – mainly create optimal conditions
for assisting and integration of blind students into the
seminar groups were provided..
• Development of Braille terminals and printers (mainly
only for symbols and numbers) and adaptation to
computer systems.
• Since the communication man-computer was quite
simple (mainly based on text instructions), solution of
the problem was sought on the basis of voice synthesis
or other forms of feedback.
• Development of haptic interfaces based on electrically
addressable and deforming polymer layer. Practically,
the efforts are aimed at the manufacturing of a haptic
dynamic input-output device allowing visually impaired
people to obtain video information in other form.
In the area of ICT for human health and quality of life we have
3 Bulgarian patents and 2 patent applications concerning a tactile
graphical Braille screen/display for visually impaired people.

The graphical interfaces based on visual representation and
direct manipulation of objects made the adequate use of
computers quite difficult for people with reduced sight. Within
the European Union, the problem with the access of blind people
to computer resources is quite pressing. The use of computer
based technology certainly facilitates impaired people in their
successfulness but the efforts in this direction are still
insufficient. After 1980, computers and programs were based
mainly on text interfaces. These interfaces were not a big
obstacle for people with disabilities. The introduction of
graphical interfaces provoked the development of numerous
programs using them. Unfortunately, the coming and rapid
development of graphical interfaces posed serious problems for
visually impaired people. The graphical interfaces based on
visual representation and direct manipulation of objects made
the adequate use of computers quite difficult for people with
reduced sight. After 1990, the migration from text based to
graphical interfaces cost the jobs of many visually impaired
employees.
Permanent magnets have been intensively used in the
constructions of different actuators in recent years. One of the
reasons for their application is the possibility for development
of energy efficient actuators. New constructions of permanent
magnet actuators are employed for different purposes. One such
purpose is the facilitation of perception of images by visually
impaired people using the so called Braille screens.
We developed a matrix Braille screen with moving elements,
giving graphical information for visually impaired people. The
moving element is made on the base of linear electromagnetic
microdrive. The development was made in cooperation with the
Electro Faculty of Technical University-Sofia, Bulgaria. We
have several BG patented variants for the mirodrives and for the
Braille screen:
• Moving balls – fig. 3, [1]. The magnetic field moves the
balls up and down.
• Rotating balls – fig. 4, [2]. The magnetic field rotates
the balls. They have two poles.
• Permanent magnet – fig. 5, [3]. The magnetic field
moves the needles. The permanent magnet holds the
position.
The low sighted user touches the balls (or the top of the
needles) that are above the surface of the Braille matrix.
Magnetic field of the actuator was modeled using the Finite
element method and the program FEMM. For speeding-up the
computations, Lua Script® is employed. The electromagnetic
force acting on the moving permanent magnet is obtained using
the weighted stress tensor approach. The static force
characteristics are obtained for different construction parameters
of the actuator. There is also an International WIPO/PCT patent
application for a Braille screen, No PCT / BG 2014 / 000038, [4]

Fig. 3. Braille screen, BG Patent, Reg. No 66520, February 2016, applied 2010

Fig. 4. Braille display, BG Patent, Reg. No 66527, February 2016, applied 2010
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Fig. 5. Braille screen, BG Patent, Reg. No 66562, January 2017, applied 2011

III. MECHATRONICS & NANO TECHNOLOGIES
a. New methods and means for high resistive nailing
The production of nails worldwide is one of greater in
fabricated metal products: reinforcing bars 400 million tons,
sheet metal 240 million tons, pipes 60 million tons, nails and
screws 32 million tons in 2014 [5]. Nails are used for connecting
of elements of wooden constructions, the largest quantities are
used for wood frame houses. The average wood frame house uses
re-quire between 20,000 and 30,000 nails of various types and
sizes [6]. As extreme conditions for those structures are
considered earthquakes or hurricanes. For work of wooden
structures under heavy loading conditions are available a variety
of nails, [7]. Most of these nails have a number of advantages
compared to conventional nails but they are difficult to be
manufactured in the existing automatic machines for nails and
have a higher price. The new innovative nail differs from an
ordinary nail in that its cross section is a triangle of Reuleaux, [8].

We have 3 BG patent applications with 40 claims for a NAIL
with a non-cylindrical body (triangle Reuleaux) – fig. 6. There
is also an International WIPO/PCT patent application for the
special NAIL, No PCT / BG 2015 / 000023, [9].

rolling mills producing sheets of various plastics and aluminum
alloys.
The renovation of working surfaces of extruding shafts for
various types of folio – plastics, PVC, Plexiglas, household or
packing folio, is done for now outside Bulgaria and have
difficulties as follows:
• High transportation expenses because of distant locations of
renovating companies’ sites and the necessity of special measures
during transportation of those oversize precise machine details;

Fig.6. The special Nail

• Additional investment is needed to procure spare shafts to
minimize idle time losses of those high-productivity machines,
working 24/7/365;
• The existence of limitations following Bulgarian EU
membership connected to Directive for prohibition of coatings
and activities using highly harmful substances, as chrome
coatings and cyanide baths.

Fig. 7. The Lifter

The main idea is the creation of industrially applicable
technology and the design of a relevant technological line for
laying of coatings with high mechanical wear-resistance and
surface-smoothness for renovation of the working area of shafts
for extruding sheet material (PVC, Plexiglas, other plastics) by
laying and polishing of new types of highly wear-resistant
coatings based on ultra disperse nickel coatings with, nanodispersoids and/or nano-particles included. The new materials
and nano technologies related to environmental protection. For
this purpose we propose development of novel chemical nickel
coating with nano elements included on the basis of Al2O3, SiC,
and etc. in the crystal grid of nickel.
IV. NEW TECHNOLOGIES AND ENERGY EFFICIENCY
a. Innovative shape of milling bodies

Fig.8. The Thermometer

In addition we have BG patent applications for a lifter bar for
ball mills with innovative shape - triangle Reuleaux (fig. 7) as
well as a for thermometer for people with reduced sight –
bimetallic spiral (fig. 8), also 3 earlier BG patents for different
manipulators, etc.
b. Chemical Nickel coatings including nano particles
For renovating the working surface of extruding shafts we
developed a chemical Nickel coating with nano elements (nano
diamonds, Al2O3, SiC), [10], because the old galvanic chrome
coating is forbidden in EU.
The creation of an industrially applicable technology and the
design of the respective technological line are of great economic
importance for the technical support of all kind of extruding and

Some researchers from the department “Embedded Intelligent
Technologies” at the IICT have international patents for a
grinding body and grinding media, registered in South Africa,
Australia, USA, as follows:
• GRINDING MEDIA - WIPO PCT/BG2009/000021
• Grinding body, Patent No 03457/2014 – South Africa
• Grinding Media, Patent No 110329/2010 – Australia
• Grinding Body, Patent No 0191069A1/2014 – USA
• Grinding Media, Patent No 029777A1/2011 – USA
• GRINDING BODY - WIPO PCT/BG2011/000019
The grinding body with innovative shape – tetrahedron
Reuleaux (fig. 9), can be used for faster and energy efficient
milling of ore in ball mills.
For decades spherical working bodies are used in drum mills
with a diameter not greater than 130 mm. In cement production

for milling the clinker, along with spherical shape working
environment tsilpeps working environment has been used which
consists of cylinders with rounded edges and length to diameter
ratio as 2 to 1.

“dynamic coefficient of rebound “ can be introduced in this case
because the properties of the hitting parts do not change while
the value of the coefficient of rebound changes at each stroke as
a result of the controlled action of IRE.

Most of the vibration mills with horizontal chambers have
cylindrical shape. The normally used environment is composed
of spherical elements or bars. Less frequently a working
environment made of cylindrical springs, etc. is used. There are
publications on testing other shapes of working bodies such as
lenses, tablets (short cylinders), paraboloids, rifled bars, barrel
shaped cylinders, etc.

• As a result of the additional energy supplied by IRE after
impact. (Combined hit) the nature of the processes taking place
in the affected medium is changed. The value of this energy
can be automatically controlled, by changing the IRE thrust
which expands the technological boundaries of the machines
and devices propelled by IRE.

The proposed shape of the milling environment grinding
element, in the milling drum mills, close to the geometric shape
"spheroidal tetrahedron, is consistent with the technological
requirements for mass production through hot volume stamping.
The use of milling bodies in the form similar to that of a
spheroidal tetrahedron showed better results also in grinding of
larger classes in the process of milling, [11].

The developments “Milling body with innovative shape –
tetrahedron Reuleaux” and “High Speed Pressing Hammer with
Rocket Engine” were awarded golden and silver medals at the
International Exhibition “EC Innovations” in Geneva,
Switzerland, April 2011.

Fig. 10. High Speed Hammer with Rocket Engine

Fig. 9. Grinding body/media

High Speed Hammer with Rocket Engine can be used for:
• metal forging,
• pile fixing,
• waste briquetting.

b. High speed industrial rocket engine
We have also development in the area of new technologies plastic deformation (forging) of metals, pile fixing and waste
briquetting using rocket engine for high speed hammers - fig. 10.
Using Industrial Rocket Engine (IRE), it continues to supply
energy to the hitting parts also after the impact (combined hit),
as a result of which the following new phenomena occur, [12]:
• The coefficient of rebound is changed and under certain
conditions it can be zero. That defines a radical change in the
idea of the hitting process. As per our current knowledge this
coefficient changes from 0 to 1. When hitting an ideally hard
body m=1, and when hitting an ideally plastic body m=0. When
using IRE propulsion, one can achieve m=0 while hitting ideally
hard bodies (sticking hit);
• The coefficient of rebound can be changed in each stroke
by changing the IRE thrust. The fuel feed control of this type of
engines allows a software control of the thrust (and respectively
of the coefficient of rebound) during each stroke. The term

V. CULTURAL AND HISTORICAL HERITAGE
In the area of cultural and historical heritage, we have a
technology for 2D – 3D conversation: making 3D models from
2D sources – tapestries, pictures, paintings, icons. The team also
participated in the Exhibition “The Pavia Battle – 1525”, satellite
event of EXPO 2015 – Milan, Italy. (fig. 11.). The development
was made in cooperation with the University of Pavia, Italy, in
the frame of the large PP7 Project ACOMIN (Advanced
Computing for Innovation).
At the exhibition, together with the team from the University
of Pavia, Italy, were also presented 7 tactile tiles of 7 tapestries
with scenes from the battle, especially made for visually impaired
people. The scenes on the tiles have contours around the figures,
different levels of the objects and Braille annotation of the content
– fig. 12. It was also a book for our participation at the Exhibition,
[13]:

For the BRERRA gallery in Milan, was made a tactile tile
from the painting "Christ and the Samaritan Woman at the Well"
designed the same way (with contours and Braille annotation) for
people with reduced sight. The tile is mounted at the BRERRA
Gallery together with the origin painting – fig. 13. The
development was shown at the Exhibition "Innovations in EU
countries" in Brussels in November 2016.

a)

The tapestry

a)

The original and the tactile tile

b) 2D – 3D conversion
Fig. 11. Tapestries with scenes from the Pavia Battle – 1525

b)

a)

b)

The tactile tile

The tapestry

Contours and Braille annotation

Fig. 12. Tactile tile for visually impaired people

c)

Visually impaired visitor

Fig. 13. The painting "Christ and the Samaritan Woman
at the Well" - BRERRA gallery, Milan

VI. CONCLUSION
The priority areas in Bulgaria come from the needs of
industry, business and everyday life. On this basis, the
scientifically research (both theoretical and applied) that offer
innovative developments in these areas, can be fast applied in
real production. It is also very important that innovative ideas be
protected as a intellectual property of the authors.
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Abstract—In this study, a shape memory spring is designed by
taking advantage of the superelastic mechanical properties of
shape memory alloy (SMA) based on NiTiNol (Nickel-Titanium
Alloy). This spring intended to be used in the design of nonmotorized linear actuators which can be driven by electric
current. NiTiNol is a nickel and titanium alloy and it has an
important place among the intelligent metals in the world. This
spring is tested using an experimental setup which is capable of
measuring current, load and displacement values. In experimental
setup SMA spring undergoes deformation with weight effect and
it returns to original shape by heating with electrical current. The
effect of the current data on the heating time and the mechanical
properties such as wire diameter, spring diameter and number of
turn of the spring have been obtained experimentally and
numerically during heating and cooling processes. These data are
compared and presented in graphs.
Keywords— Shape Memory Alloy, SMA, Linear actuator,
Nickel Titanium Alloy, NiTiNol, Spring design

I. INTRODUCTION
Shape Memory Alloys (SMA) such as Ag-Cd, Au-Cd, Cu-Al-Ni,
Cu-Sn, Cu-Zn-(X), In-Ti, Ni-Al, Ni-Ti, Fe-Pt, Mn-Cu and Fe-Mn-Si
are a group of metallic materials that can be deformed at one
temperature but when heated or cooled, return to their original shape
as it is showed in Fig. 1 The fascinating properties of Shape Memory
Alloys (SMA) have inspired engineers all over the world ever since
their discovery. The reason for their attractiveness lies in the fact their
microstructural changes when subjected to temperature or magnetic
field changes.
Other property of SMA, which is very important to emphasize, is
superelasticity. Superelasticity is the ability to elastically deform to
higher than normal levels when mechanically deformed, nearly to 11%,
between the Af and Md temperatures. Most metals only have the ability
to elastically deform less than 1% strain. While in this temperature
range, SMA material results in a phase transformation from austenite
to detwinned martensite. Upon unloading, the martensite phase
becomes unstable and transforms back to its original austenite phase
[4].
With simple words SMA shows its superelasticity when load is
removed and shape memory effect is being activated with heating or
cooling. It is generally accepted that SMA’s are controlled superelastic
materials.

Fig.1 Transformation of SMA [1]

Actuators in general represent a component of a system that is
responsible for moving and controlling in response to an output.
As it is defined before, SMA are materials that show ability to return
to shape defined before when subjected to appropriate thermal
procedure. Shape memory alloys enable development of simple, very
compact, reliable actuators that can be integrated into any
componentor structure in different environments [2].
After defining specifications of the system and analyzing its
functionalities in a way of performance, size, cost and reliability it is
decided to use NiTiNol for designing this linear actuator. Actuator
must be designed to safely carry out a high number of cycles before
reaching a yield point and mechanical breakage. Because of its shape
memory effect, pseudoelasticity, high actuation stress, high actuation
strain NiTiNol can be used as an actuator, providing force during
shape recovery or large, recoverable deformations at relatively
constant stress levels but also large displacements with small
component lengths [2, 4].
NiTiNol is an alloy of roughly 50% Nickel and 50% Titanium. It
was named after its chemical components and its founders: Ni (Nickel)
+ Ti (Titanium) + NOL (Naval Ordinance Lab). The most important

characteristics of this smart material, shape memory effect and
superelasticity, make NiTiNol extraordinarily unique from other
engineering metallic alloys. Other frequently used elements are iron
and chromium (to lower the transformation temperature), and copper
(to decrease the hysteresis and lower the deformation stress of the
martensite).
The implementation of SMA wires coupled with a simple DC
control system can be used to drive small objects without the addition
of relatively heavy motors, gears, or drive mechanisms. In a
thermomechanical system, SMAs can be used as combined sensors
and actuators where they can sense the changes in external stimuli and
monitor certain desired functions. The unique characteristics of SME
and SE discussed earlier have made SMAs the material system of
choice in applications ranging from sensing and control, vibration
damping, biomedical, automotive and aerospace areas [1].

II. ANALYTICAL MODELING OF SHAPE MEMORY ALLOY
SPRING FOR LINEAR ACTUATOR
Shape memory alloys’ mechanical behaviour have great
importance to design actuator, valve mechanical muscle etc. and to
investigate new industrial applications. Thus to know their mechanical
properties is important to carry out analytical analysis and simulations.
In addition to knowing the relationship between the estimated number
of cycles, spring diameter and maximum permissible stress and strain
[6].
For linear actuator design, two main properties of the shape
memory alloy spring are important. These properties are spring
diameter and wire diameter. The diameter of the wire is determined by
the load gain, and the diameter of the spring is determined by the
deflection [7].
Designing of the SMA spring for linear actuators, deflection is
desired value. Because, deflection show us characteristic of the
actuator. Spring and wire diameter must be calculated analytically to
provide the desired deflection at a certain load. Therefore, spring and
wire diameter, number of active turns, length of the spring must be
calculated.
In calculations for designing spring, following equations are used.
Symbols of the equations and definitions are shown at Table I,
TABLE I
SPRING SYMBOLS AND DEFINITIONS

Symbols

Definitions

P

Load

δ

Deflection

D

Spring Diameter

d

Wire Diameter

c

Spring İndex

R

Coil Radius

n

Number of Active Turns

L

Spring’s Length

τ

Shear Stress

G

Shear Modulus

Fig.2 SMA Spring [3]

In Fig. 2 development of compression coil spring under an axial
load P is showed. It is assumed that pitch angle is relatively small so
bending and compressive forces are ignored.
Shear stress τ occurs at the surface of the wire and can be found by
the following [3].
16. 𝑃. 𝑅
(1)
𝜏=
𝜋. 𝐷3
Next we will calculate the deflection due to an axial load P.
𝛿 = 𝑅. 𝜑

=

=

64 ∙𝑃∙𝑅 3 ∙𝑛
𝐺∙𝑑4

(2)

8 ∙ 𝑃 ∙ 𝐷2 ∙ 𝑛
𝐺 ∙ 𝑑4

Spring constant k is then

𝑃
𝛿
𝐺. 𝑑4
𝐾=
8. 𝑛. 𝐷2
𝐾=

(3)

G represents elasticity coefficient for shearing or torsion force and
depends upon the conditions as temperature or duration but it is taken
to be constant. Calculations were performed using 25GPa as a high
temperature shear modulus GH, and 2.7GPa as a value of a low
temperature shear modulus GL [1, 3].
In this study desired load at low temperature and depend on this
load occur deflection is;
PL=11.7N, deflection δL=1.47mm.
Shear strain is factor that depends upon the number of times the
operation is repeated so it is better to keep γmax smaller. To ensure log
lifespan γmax of 1.5% is used and it is equal to shear strain at low
temperatures. If γL=1.5% γH can be calculated from following relation
[3].
(4)
𝛾𝐻. 𝐺𝐻 = 𝛾𝐿. 𝐺𝐿
𝛾𝐻 = 0.00162

Since γL=1.5% and GL= 2.7GPa, we calculate;
𝜏𝐿 = 𝛾𝐿. 𝐺𝐿

(5)

𝜏𝐿 = 0.0405 GPa

Assuming that C=4.6 and k=1.28 [3], and substituting PL and 𝜏𝐿
into following formula will give us wire’s diameter.
8∙𝑃∙𝐷
𝐶∙8∙𝑃
𝜏=𝑘
=𝑘 2
(∗)
𝜋 ∙ 𝑑3
𝑑 ∙𝜋
𝑘. 𝑐. 8. 𝑃
𝑑= √
𝜋. 𝜏
𝑑 = 0.00175𝑚

(6)

First step of dimensioning of spring is done. Substituting
d=0.00175𝑚 into (*) formula gives

𝜏 ∙ 𝜋 ∙ 𝑑3
𝐷=
𝑘∙8∙𝑃

𝐷 = 0.0082𝑚

Finding spring’s diameter d and coil diameter D makes two steps
in designing process done. Substituting their values and difference
between shear strains at high and low temperatures,

∆𝛾 = 𝛾𝐻 − 𝛾𝐿

(7)

into relation between γ and deflection δ;

the following results:

∆𝛾

=

𝑑∙𝛿

(8)

𝜋∙𝑛∙𝐷 2

𝑛 = 16

Because spring is fixed, the total number of coils is;
𝑁 = 𝑛+2

Table II shows the mechanical properties of the spring, which was
analytically designed before. The SMA spring is connected to the
experimental set up to 1 kg, 1.1 kg, 1.2 kg, 1.3 kg, 1.4 kg, 1.5 kg, 1.6
kg, 1.7 kg, 1.8 kg 1.9 kg and 2 kg weights. The SMA spring, activated
with current of 2.5A is than showing its shape memory effect and
going back to first position.

A. Properties of Experimental Set-Up
Experimental set-up which is used to test SMA spring is showed in
Fig. 3 Experimental set-up has a load sensor and a micropulse
transducer.
Weight connected to the test device causes extension in spring and
this deformation is measured by the displacement sensor. The force
that opens the spring is also measured by the load sensor and the
deformation force - displacement curves are plotted using Parallax
Data Acquisition tool (PLX-DAQ) software add-in for Microsoft
Excel which collects data from microcontrollers and drops the
numbers into columns as they arrive. PLX-DAQ provides easy
spreadsheet analysis of data collected in the field, laboratory analysis
of sensors and real-time equipment monitoring.

(9)

𝑁 = 18

Length of the spring is then;

𝐿 = 𝐷. 𝑁. 𝜋

(10)

𝐿 = 0.46 𝑚

It is important to underline that load and displacement cannot be
chosen completely arbitrarily. The following relation must be satisfied;

Fig.3 Experimental Set-Up

B. Experimental Results

𝑃𝐻
𝑃𝐿
=
𝐺𝐻. 𝛿𝐻
𝐺𝐿. 𝛿𝐿

(11)

TABLE II
ANALYTICAL RESULTS

Definitions

Analytical Value

Load (P, N)

11.7

Deflection (δ, mm)

1.47

Spring Diameter (D, m)

0.0082

Wire Diameter (d, m)

0.00175

Number of Active Turns (n)

16

Spring’s Length (L, m)

0.46

Shear Stress (τ, GPa)

0.0405

Assumptions;
Spring forces are assumed to be axial, lateral spring forces are
ignored. It is assumed that there is no plastic deformation in the SMA
spring. Table II show us analytical results of designing SMA spring.
To occur 1.47mm deflection by using 11.7N load, we need following
characteristic properties of SMA spring.

III. EXPERIMENTAL STUDY
The designed shape memory spring’s mechanical behaviour was
tested using an experimental setup, made as a thesis project in
department of Mechatronics Engineering in Marmara University.

Displacement measured with micropulse transducer and
displacement calculated analytically were compared. Micropulse
transducer has maximal stroke of 150 mm. Compared data are
presented in Table III. It was observed that there was a difference of
3% between the two data. This difference is due to the resolution and
repeat accuracy characteristics of the micropulse transducer
(Resolution ≤10μm, repeat accuracy ≤10μm) and changes in the
internal structure of the SMA spring during heating and cooling
operations.
TABLE III
CHANGE OF DEFLECTION DEPENDS ON LOAD

Load (P, N)
9.81
10.79
11.7
12.7
13.7
14.7
15.6
16.7
17.6
18.6
19.62

Deflection (δ (mm)
Experimental Analytical
Results
Results
1.25
1.22
1.38
1.34
1.51
1.47
1.63
1.58
1.75
1.71
1.88
1.83
2.01
1.94
2.14
2.08
2.25
2.19
2.38
2.32
2.51
2.44

2,52
2,42
2,32
2,22
2,12
2,02
1,92
1,82
1,72
1,62
1,52
1,42
1,32
1,22

ANALYTICAL
RESULT
EXPERIMENTAL
RESULT

9,81
10,79
11,77
12,7
13,7
14,7
15,6
16,7
17,6
18,6
19,62

DEFLECTION (mm)

Fig.4 demonstrates change of deflection depending on load. It is
showed that there is a linear increase in deflection with change of load.

LOAD (N)

Fig.4 Change of Deflectıon Depends on Load

IV. CONCLUSIONS
In this study, using all the advantages of superelastic mechanical
properties of NiTiNol (Nickel-Titanium Alloy), Shape Memory Alloy
spring is designed for linear actuators. The difference between
spring’s first position and position it takes when is subjected to a
specified load is measured by a micropulse transducer. The
experimental data obtained and the analytical data were compared.
Results are found to be mutually complementary. This analytical
method will guide engineers in design of linear actuators using shape
memory springs.
This work was supported by Directorate for Scientific Research
Project of Marmara University and Silverline Appliances CO.
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Abstract— Suspension systems have great importance with
regard to comfort and safety for all highway vehicles such as
passenger cars and trailers. The continuous development of
control strategies and suspension elements causes the suspension
systems to get better day by day. In semi-trailers, passive
suspension systems are widely used nowadays. In the scope of
the study, the electronically controlled suspension systems of
semi-trailers which have air suspension with tridem rigid axle
without self-steering characteristics were studied. In order to
perform analysis of semi-trailer on Matlab/Simulink platform,
modeling is done with data of air spring and shock absorber
obtained from the test results. In the study, the performance of
passive suspension systems controlled by conventional methods
was investigated primarily from the standpoint of stability. After
inspection, it is aimed to increase the chassis vibration
performance of the semi-trailer by adjusting the suspension
stiffness according to the road condition that the algorithm
determined by the controller designed to improve system
performance. Switch control strategy was used to ensure
optimization of sprung mass vibration of the system. According
to this control method, it has been observed that the suspension
system damps on-the-fly response, especially in unloaded
condition and at high frequencies, reducing the oscillation and
increasing the stability of the cruise.
Keywords— Electronic Suspension, Active Suspension,
Electronically Controlled Air Suspension, Semi Active
Suspension, Chassis Oscillation Performance

I. INTRODUCTION
The trailer is a freight vehicle for cargo handling, which is
designed and manufactured in accordance with the
characteristics of the load it is carrying, has at least one axle,
drawn by a motor vehicle and connected by elements such as
a drawbar, turntable, hook, etc. to the motor vehicle. In a
current manner, the connection of a trailer chassis to the
wheels is provided by a suspension system. Suspension
system connects the vehicle body that is statically designed
with dynamic wheels as flexible. It is important in terms of
vehicle stability and comfort that the loads applied from the
wheels are transmitted to the body as absorbed. The springs
take the loads coming from the road as impacts over

themselves. The duty of the shock absorber is to regulate the
springing frequency. Classical suspension systems are passive
systems and have a constant vibration coefficient. If it is
desired that the suspension is stiff in terms of vehicle safety; it
is preferred that it is soft in terms of comfort. Active
suspension systems can exhibit variable spring and damping
functions. The system senses the magnitude of the vibrations
to the wheels of the vehicle and the different load transfers on
the axle heads and damps these vibrations or load transfer
without disturbing the vehicle's stability. This process is
performed by changing the pressure inside the shock absorber.
The computer-controlled system can be adapted to the
characteristics of the current driving condition within a few
milliseconds. In the system where all shock absorbers can be
adjusted with variable levels, the sensors are tasked with
providing information about the speed of the wheels and the
vehicle, steering angle and also load status. The shock
absorbers are brought to their best condition with the control
signals sent by the electronic processor, which selects between
comfort or stiff drive.
II. SYSTEM COMPONENTS AND SYSTEM PERFORMANCE OF AIR
SUSPENSION
Air suspension systems are the most commonly used
suspension system in the trailer sector. The air suspension
systems used in a current manner are consist of fixed
coefficient suspension members selected by considering the
specified average performance criterion. Different methods
have been studied to determine the characteristics of the
elements to be used in passive systems. The most common of
these methods is the quarter vehicle model and this model is
used in the study. This model is consist of sprung mass that
representing trailer superstructure and chassis, an unsprung
mass representing axle weight, a spring and damper dual
representing wheel part, a shock absorber and spring dual
providing suspension feature[1].
In Figure.1, suspension elements which are used both in
this study and in current condition are shown.

shock absorbers convert the shocks and vibrations from the
road into heat with the resistance they show against these
oscillations. Hereby they reduce vibration.
The shock absorbers are divided into two types as fluid and
dry. In this study, modelling process is done based on the
shock absorbers working according to gas principle. In this
type of shock absorbers, air is widely used as working fluid
[2].
Fig. 1 Elements of Air Suspension System

TABLE I
ELEMENTS OF AIR SUSPENSION SYSTEM

Number
1
2
3
4
5
6

Element
Electronical Control Unit
Acceleration Sensor
Shock Absorber
Air Spring / Air Bag
Chassis
Wheel

A. System Elements
The electronic control unit is a system element that
provides to control the dynamic behaviour of the system via
signals from the sensors. In the semi-active suspension system,
the duty of the electronic control unit is to optimize the shock
absorber damping coefficient according to the road condition.
The acceleration data in the vertical direction of the trailer
chassis is measured with sensors and transmitted to the
electronic control unit. The trailer chassis is displaced
vertically and the measured value exceeds the specified limit
value; the damping coefficient is set to the appropriate value
as shown in the Fig. 2 [2].

Fig. 3 Shock Absorber Suitable for Damping Control

Springs that move and remove the wheel according to road
and load conditions are the elements of trailer suspension
systems. Thus, they reduce the impacts from the road and
improve the stability for cruise. Thanks to the energy storage
characteristics of the springs, they damp vibrations coming
from the road to the vehicle body. The kinetic energy coming
from the road is stored on the spring and converted into
potential energy. Then, this energy is transmitted to the
chassis with small oscillations. According to this, adverse
effects reach the body as damped. The springs, although they
are energy-storage elements, tend to re-energize the chassis
with an oscillating motion when they are used standalone. For
this reason, springs are used together with shock absorbers to
restrict oscillations, as shown in Fig. 4, which must be used
together in the suspension system [3].

Fig. 2 Adaptive Damping

Shock absorbers are components that provide to absorb the
vibration and shocks from the road to tire partially or
completely before reaching the trailer chassis. The energy
stored on the spring is absorbed by the shock absorbers
without being transmitted to the chassis in oscillations. The

Fig. 4 Shock Absorber and Air Bag

Leaf springs are known as the first trailing arm used in
trailer suspension systems. These springs, made up of overlaid
metal strips from long to short, are still used today in limited
implementations. Airbags are used as springs in trailer
suspension systems today in part of air suspension systems.
Each wheel has an airbag instead of a spring on its axle. The
airbag is composed of a rubber bellows inflated with air in a
protected closed vessel and provides its springiness
characteristic by utilizing the compression of gases [4].

B. Modeling of Suspension System
The trailer for which suspension modeling is desired to be
done has three axles, independently of the tow truck. From
these three axles, when the vehicle is fully loaded, the amount
of load that one carries on a single tire, spring stiffness
coefficient of airbag and damping coefficient of shock
absorber must be obtained.
Before analyzing these obtained values on Matlab platform,
the conversion rates for air bag and shock absorber according
to axle should be calculated and the system should be reduced
to the tire center and analyzed.

TABLE III
SHOCK ABSORBER MEASUREMENT DATAS

A
B
d
d1
D
N= Newton at 13cm/s
N= Newton at 52cm/s
L max
Item
Weight per piece (kg)
x

B
55
65
24
75
133300/2930
15250/5010
496
1300
4,6
XA=235/XB=255

In the light of datas in Table.II shock absorber generates
forces as 13300 Newton at a speed of 13 cm / s, 2930 Newton
at a speed of -13 cm/s, 15250 Newton at a speed of 52 cm/s,
5010 Newton at a speed of -52 cm/s. According to the four
points of measured datas, the curve which belongs to the
shock absorber can be obtained approximately as shown in
Figure.6. If it is assumed that the curve has a linear
characteristic at (13, 13300) point, the damping coefficient
value b, will be equal to the slope at this point [5].
b=

/

= 1023,017

= 1023,017

(1)

Fig. 5 Load Measurement

Matlab analysis of the system will be carried out by
obtaining the damping coefficient 'b' and the spring coefficient
'k' values of the currently used components by taking
advantage of the element characteristic curves obtained from
the supplier of the air bag and dampers used on the vehicle.
The axle of TIRSAN brand semi-trailer is used in the study.
Fig. 6 The Characteristic of Shock Absorber
In order to find the damping coefficient of the shock absorber
to be used on the axle, 'b' value was obtained by using the
An air bag is used on the axle with a diameter of 36 cm.
measured data.
The air bag has a working pressure of 5 bar. To obtain the
spring characteristic, spring coefficient is equal to the slope of
tangent at that point on curve. 'k' stiffness coefficient will be
obtained by calculating the slope of the tangent from the curve
[5].

Fig. 8 Air bag Conversion Ratio

=
̇

̇

=

(2)

=
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Fig. 7 Spring Characteristic

Taking into consideration of 5 bar working pressure and the
load on the airbag for the fully loaded vehicle, the slope of the
curve gives the spring coefficient of air bag on the vehicle
shown in Figure 7.
TABLE IIIII
SHOCK ABSORBER AND SPRING PARAMETERS

Element
Sprung Mass - Loaded
Sprung Mass Unloaded
Spring Stiffness Loaded
Spring - Unloaded
Damping
Unsprung Mass

Parameter
Ms
Ms2

Value
4500 kg
750 kg

Ks

218000 N/m

Ks2
Bs
Mu

62285 N/m
102301 Nm/s
350 kg

To perform the system analysis on Matlab platform, the
displacement of the shock absorber and the airbag will not be
as much as the tire, as a result of the path information given to
the tire as system input. The damping and spring coefficient
of the shock absorber and air bag must be adjusted to the
appropriate conversion ratio, in order to simulate this different
amount of displacement in the analysis environment.

Fig. 9 Shock Absorber Conversion Ratio
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Fig. 10 Axle-Shock Absorber-Air Bag Settling Technical Measurements

Using the datas in Fig.10, the reduced model values are
calculated and the values in Table 4 are obtained.
TABLE IVI
REDUCED VALUES

Element

Sprung Mass Loaded
Sprung Mass
Unloaded
Spring Stiffness
Loaded
Spring Stiffness
Unloaded
Damping
Unsprung Mass
Tire Damping
Tire Spring

Parameter
Ms
Ms2

Value
4500 kg
750 kg

Ks

675709 N/m

Ks2

193059 N/m

Bs
Mu
Bu
Ku

100787 Nm/s
350 kg
500 Nm/s
1471500 N/m

Fig. 11 Two-Degree-of-Freedom Quarter Vehicle Model

In the resulting model, by applying the Newton’s Second
Law:
(6)
̈ =− ( − )− ( ̇ − ̇ )
(7)
̈ +
̇ +
=
̇ +
̈ − ( − ) − ( ̇ − ̇ ) = − ( − ) − ( ̇ − ) (8)
̈ +( + ) ̇ +( + ) =
+
̇+
̇ +
(9)

equations are obtained and from the calculated values, the
Simulink block diagram of the system is set as shown in
Fig.12.

In the study, a suspension model which includes tire
dynamics in a two-degree-of-freedom quarter vehicle model is
used. The system is composed of, a mass representing the
vehicle weight (sprung mass), a mass representing the axle
weight (unsprung mass), two spring-damper pairs representing
the suspension and tires individually [6].
Fig. 12 Simulink Block Diagram Model

C. Suspension System Analysis
The parameters gained for the suspension system model
affect the performance of the system directly. For this reason,
primarily, the effects on the system of the parameters used in
the current situation have been investigated. When the Bode
Diagram of the loaded and unloaded cases of the suspension
deflection is examined, the natural frequency is 1.67 Hz in the
loaded vehicle and 4.45 Hz in the empty vehicle. In the

present case, the loaded vehicle exhibits a more stable
performance than the empty vehicle.

the suspension damping increased with increasing frequency.

Fig. 16 Road signal from 0.1 Hz to 3 Hz and System Behavior
Fig. 13 Suspension (Deviation) Deflection

In Figure 14, when the chassis acceleration Bode diagram
is examined, it is seen that the chassis acceleration in the
unloaded vehicle is at a high amplitude; especially in
unloaded vehicle high vibration is observed.

In Figure 17, the vehicle's system performance at highfrequency (3-25 Hz) has been investigated, with a path data
rising from 3 Hz to 25 Hz frequency and it is observed that the
signals at high frequencies do not reach to the chassis; because
the vibrations reaching the system are damped by the wheels
as the frequency increases.

Fig. 14 Chassis Acceleration

For an unloaded vehicle, the variation of the chassis
vibration according to the values of the shock absorbers of
different stiffness is shown in Figure.15. If a smoother shock
absorber stiffness is used in an unloaded vehicle, the chassis
vibration is observed to decrease.

Fig. 16 Road signal from 3 Hz to 25 Hz and System Behavior

D. Semi Active Suspension System Design and Performance

Fig. 15 Chassis Acceleration of the Unloaded Vehicle at Different
Stiffnesses

In Figure16, system performance of the vehicle at low
frequencies (0.1-3 Hz) is investigated; a path data rising from
0.1 Hz to 3 Hz frequency was applied and it was observed that

Analysis
The system designed using the mathematical model ensures
that the oscillation of the sprung mass is minimized by
perpetually switching the system between the two values
determined for the maximum and minimum damping
coefficient for the shock absorber for the appropriate damping
value.
In this strategy, if the calculated value is greater than the
physical damping value of the shock absorber, the maximum
damping value is given to the system input. Conversely, if a
smaller value is calculated with regard to the minimum value,
the minimum damping value is given. An attempt was made
to minimize the oscillation of the sprung mass by calculating
the desired whole damping values between these two values
and changing the shock absorber damping. In Figure 18, the
block diagram of the controller designed is shown [6].

⎧
⎪

( ) −
⎨
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⎩
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̇

)

−
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−
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̇
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(

̇

̇

̇

̇

)
̇

)
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≤
)

>0

(10)

Fig. 20 Vibration performance of unloaded trailer at 5 km/h

In Figure 21, it is seen that the empty vehicle has very high
acceleration values at high speeds and improvement in
vibration performance has been observed in the new system.
Fig. 18 Control System Block Diagram

For the old and the new system, how the sprung mass has a
damping characteristic at varying frequencies in response to
the path input is investigated. The damping difference
between the input and the output of the sprung mass was
investigated. As seen in Figure 19, it is observed that higher
performance is achieved in the new system designed.

Fig. 21 Vibration performance of unloaded trailer at 70 km/h

As shown in Figure 22, the accelerating value of the loaded
vehicle at low speeds is at a good level, although some
improvement in vibration performance has been observed in
the new system.

Fig. 19 Output responses to pathway signals

Vibration analysis of unloaded and loaded vehicle was
carried out for high and low speeds in time domain to examine
the vibration performance of the suspension system while
driving. At low speed, the vibration performance of an
unloaded vehicle is shown in Figure20. An improvement in
vibration performance of the vehicle has been achieved.

Fig. 22 Vibration performance of loaded trailer at 5 km/h

As it can be seen in Figure 23, the value of the loaded
vehicle is the optimal value for the corresponding suspension
design at high speeds, a very small improvement in vibration
performance in the new system has been observed.

[5]
[6]

[7]
[8]

[9]
[10]

[11]
Fig. 23 Vibration performance of loaded trailer at 70 km/h

III. CONCLUSIONS
In this study, passive and semi-active systems were
modeled by giving information about air trailer suspension
systems. Obtained parameters which affect on the system and
the effects of these parameters were examined and then a
controller for trailer semi-active air suspension system was
designed and performance analysis was carried out. When the
analysis results are examined, it is seen that the acceleration
performance for unloaded vehicle with existing suspension
system is low. Thus, it is understood that the design of the
suspension system is actually made according to a vehicle for
loaded condition. The designed controller has a positive
effect on the acceleration of the trailer chassis, generally in
high or low, under every road and load conditions. Within the
results obtained, the semi-active suspension system design
provides a high performance increase in terms of driving
comfort, especially in trailers used as sensitive cargo
transporters or mobile buildings.
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Abstract—This study aims to develop Finite Element Model (FEM)
of Shape Memory Alloy (SMA) spring for industrial application. The
force and displacement to be achieved depend on the voltage value
and geometry properties of the SMA, making the simulation of the
application process necessary. For this reason, it is very important to
make the simulations with correct model in Finite Element Analysis
(FEA). In the study, the mechanical properties of NiTiNol were used
to investigate the effect of the mechanical displacement and force to
martensite transformation and stress distribution. It is believed that
the FEA model which is proposed in this study will facilitate the
system design process and that these processes will be minimized.
Keywords— Finite Element Analysis, Spring, Shape Memory
Alloy, Nickel Titanium Alloy, Intelligent Materials, Design,
Analyse, Advanced Materials, Mechatronics

I. INTRODUCTION

SMA are a type of smart materials that can "remember" their original
shape. At certain temperature, these alloys retain given form, and
heating to the same temperature, when it is bent or twisted from the
original, brings alloy to “memorized” shape anew. Most commonly
SMA used in industry is NiTiNol.

withstand. In engineering practice, analysis is largely performed with
the use of finite element computer programs. According to these
needs model of SMA spring, presented in this paper, is created. FEM
is a good way for fast optimization without making physical
prototypes[1].
Although medical applications for shape memory alloys (SMA) now
dominate in today’s market, there are many applications in the
industrial sector which have reached large volume production. In the
early growth of shape memory alloy technology the most important
applications were for fasteners and couplings, mainly in the military
sector. With the maturing of the technology, and the broader
availability of alloys, industrial applications appear in a wide
spectrum of commerce.
SMA have proven their worth in solving engineering problems that
in the past seem impossible. Not having to rely on moving parts for
actuation, just the simple contraction of the material, makes them
highly attractive for actuation where low or no noise levels are
desired. They can also be used as a thermal sensors or superelastic
springs [6].
In general, SMA can be deformed under many different parameters.
Because of superelasticity there occurs important changes in
geometry also and that is what makes evaluation of analytic
calculations even harder. That is one of reasons why engineers
choose numeric method based FEA to see the answer of model to
different loads and its geometry changes so with all of its difficulties
FEM can lead to important results and there are many researches
related to this topic and one is presented in following sections.
Nevertheless, FEM must consist of more than calculations from
different fields and it makes analysis harder.

II. FINITE ELEMENT MODELLING

Fig.1. Shape Memory Alloy

Because industrial applications of shape memory alloys are
constantly increasing, there is a need for good simulation models to
help designers and engineers understand whether, under what
conditions, and in which ways a part could fail and what loads it can

In this study, a multidisciplinary model is used to get on to complete
structural, thermal and electrical model of shape memory metals.
Modelling is based on following steps:
Step 1: Creating the geometry of the model
Step 2: Meshing
Step 3: Defining materials properties
Step 4: Defining boundary conditions
Step 5: Solving
Step 6: Commenting the results.

Key of ability to recover defined shape lies in martensitic phase
transformation with four relevant temperatures that define the
different stages of actuation, and that provides a method for control
[5]. With other words, these four temperatures define the start and
finish transformations for martensite and austenite (Fig.2.):
1. Martensite Finish (Mf)
2. Martensite Start (Ms)
3. Austenite Start (As)
4. Austenite Finish (Af)

Material used in modelling is SMA NiTiNol which is the most
commonly used SMA, with characteristics given in Table 2. Young’s
modulus and Poisson’s ratio is chosen to be same for austenite and
martensite.
TABLE 2
MECHANICAL CHARACTERISTICS OF MODEL

Sr No.
1
2
3
4
5
6
7
8
9
10

Parameters
Elastic Modulus - E
Poisson’s ration - ν
Maximum transformation
strain
Ms
Mf
As
Af
Working temperature - T
Twinning stress
Yield Point

Values
50000
0.3

Unit
MPa

4
◦C
◦C
◦C
◦C
◦C
MPa
MPa

-45
-902
5
20
20
100
120

Fig. 2. Phase transformation of Shape Memory Alloys

Shape Memory Effect(SME) described above requires a temperature
change to precipitate the transformation. As opposed to SME, when
superelasticity is present in a SMA the martensite state is induced by
an external applied stress[4]. When the stress is released, the material
reverts back to its austenite state. Superelasticity require the austenite
finish temperature near the operating temperature, this in most cases
would be ambient [2],[3].
A commercial software MSC Marc has been used for modelling and
the mesh has been created with Mentat. Geometric properties of
spring are given in Table 1 and Fig.3. After defining geometry
spring is meshed with Element number 7. This element is 3-D
isoparametric continuum element with straight edges and trilinear
interpolation and used for stress analysis. It is basically 8-noded
element with three DOF’s per node. The node numbering is counterclockwise, first for the bottom face and then for the top face. The
element have an eight-point Gaussian integration scheme.
TABLE I
DIMENSIONS OF SPRING

No.
1
2
3
4

Parameters
Wire diameter
Turns
Coil diameter
Displacement

Values
0.6
1
6
5.6

Unit
mm
mm
mm

Figure 4. FEM model

Fig.4 shows 4 views of model of spring which consists of only
one turn. Characteristics of model are presented in Table 3.
When it is about boundary conditions two applies occurs ; while
Apply1 is fixing upper end of spring, Apply 2 is extending spring
in –z direction. Applies are chosen with taking Yield Point into
account ( Fig.5.)
TABLE 3
FEA MODELLING CHARACTERISTICS

No.
1
2
3

Software
OS
Platform

4

Analysis type

5
6
7

Element type
Number of nodes
Number of elements
Number of applied
boundary conditions
Apply1 (Forward Spring)
Apply2 (Backward
Spring)

8
9
10
Figure 3. Geometrical model of extension spring

MSC MARC
Microsoft Windows
PC
Superelastic
thermo- mechanical
MARC-7
1656
618
2
x=0; y=0; z=0
x=0; z=-1

This model is created to analyse behaviour of SMA spring when
opening and closing before conducting experiments.
In this research, the model for analysis is based on following
assumptions:
Material properties are linear
The martensite transformation and stress are linearly
proportional to the dpslacement. If you double the
displacement, the transformaion and stress double.
-

In design of spring it is important to keep the maximum value of von
Mises stress induced less than its strength. From the analysis, the
inner side of the coil is found to experience the largest stresses. The
displacement distribution way of the coil spring is also shown in Fig.
6. Maximum value of displacement in z-axis is 5.606.

Spring is fully fixed in upper side.

Figure 6. von Misses Stress distribution

In general, larger wire diameter will make the spring stronger and
this is because making the wire diameter larger also makes the
spring’s coils tighter which reduces the spring index. The opposite
effect is done when making diameter smaller, the spring index
increases so it isn’t as tight and it is under less stress. This adjustment
will not only affect spring’s force but it will also affect its elastic
limit like it does when adjusting the outer or inner diameter. When
it is needed the outer diameter to be stronger it must be made smaller.
Tighter coils have a smaller index, which gives more force. The way
this affects the elasticity of spring design is because springs with
reduced spring indexes are under more stress than springs with
average or large indexes.

Figure 5. Boundary conditions for modelling the SMA spring

From the following figure it can be noticed that firstly inner side in
the middle start to martensite transformation and spring didn’t go
under plastic deformation is seen here also. Martensite
transformation is key for Shape Memory Effect ( SME).

III. COMPARISON OF RESULTS AND DISCUSSION

Mechanical analyse was performed to determine the stress and strain
results, displacement and also martensite transformation from the
model. Model loading consist of two applied displacement.
The yield stress of a material is a measured stress level that separates
the elastic and inelastic behaviour of the material. Although many
forms of yield conditions are available, the von Mises criterion is the
most widely used. The von Mises criterion states that yield occurs
when the effective (or equivalent) stress (σ) equals the yield stress
(σy). In this case, because maximum value of von Mises stress is less
than the Yield point value of NiTiNol( Fig.6.) the design can be
found safe.
Figure 7. Martensite transformation

Because upper end of spring is fixed transformation is lower, and the
highest change occurs in the middle and also in the cross section of
lower end of spring. It is also certain that geometry is in relation
with transformation distribution and change of geometry properties
such as diameter, length of coil or number of turns of spring
presented may have huge effects to transformation on Fig.7.

Volume fraction of
Martensite

Volume Fraction of Martensite
1.2
1
0.8
0.6
0.4

Figure 10. Comp 33 of Stress in both of sides
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Figure 8. Volume Fraction of Martensite in inner side

Transformation of inner and outer side is not the same, in outer side
of spring value of martensitic transformation is almost close to zero
(Fig.8). With higher loads transformation will be more intensive but
in that case strain will be more than recommended
This analyse is done at constant temperature and spring is not
extremely loaded so plastic deformation area is not reached.

Titanium-nickel (NiTiNol) based SMAs are used in a wide range
of applications. A multidisciplinary model is created in MSC Marc
software to analyze the behavior of SMA and because maximum
value of von Misses stress is less than Yield point of NiTiNol this
design is found safe. From the analysis, the inner side of the coil
experiences the largest stresses and also martensite transformation is
the highest, so it is important to pay attention to stress and strain
distribution in that part. If design is done according to outer side,
inner side can change over to plastic deformation. Neglecting that
would lead to irrelevant model and wrong conclusions.
This work was supported by Directorate for Scientific Research
Project of Marmara University and Silverline Appliances CO
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Abstract— This article proposes an approach for an algorithm
for the detection of the QRS complex of the ECG signal, using as
main method the mathematical morphology at multiple levels or
multi-scale. Initially, it is shown the theory of mathematical
morphology that filters the multi-scale, followed by a filtration
differentiation, a convolution, and finally a module of a QRS
complex detection established a decision level. In order to
evaluate the implementation of the proposed algorithm, the MIT
/ BIH standard files were used as the database, being compared
the results obtained with other articles and presented results.
Keywords— Heartbeat detection; Mathematical morphology;
Multiscale; Signal filtering

I. INTRODUCTION
The use of programmable digital equipment for the purpose
of analyzing signals, extracting characteristics and
recognizing patterns is increasingly evolving in all areas of
application, especially in the processing of biomedical signals.
In order to develop a robust and efficient QRS complex in
the electrocardiographic (ECG) signal introduced in the 1920s
[1], it has been developed using different techniques from
digital signal processing algorithms using wavelet transform,
neural, fuzzy logic, among other techniques and mathematical
tools [2], [3].
However, the technique of detection of the QRS complex is
still not fully optimized, and in cases of arrhythmia it may
compromise the monitoring tests. Thus, research is still being
developed with the objective of developing a robust and
efficient method for the detection of the QRS complex on the
electrocardiogram (ECG).
The fundamental characteristic of Mathematical
Morphology lies in the fact of quantifying the geometric
structure of the images from a perfectly defined and called the
Structuring Element. This will interact with each entity
contained in the image, modifying its appearance, its shape, its
size thus allowing regions of interest [4].
The use of the mathematical morphology to detect the QRS
complex in the ECG signal has the benefit of avoiding the
band overlapping of the QRS complex frequencies, low

computational complexity and easy hardware implementation
[5] compared to traditional detection techniques. For all these
reasons, the area of Mathematical Morphology was and still is
the center of many attentions, of numerous investigations that
originated sensational discoveries that revolutionized the area
of Image Processing.
In electrocardiography an image filtering technique was
suggested by Yang, Pu and Qi (2003) [6], a method for noise
suppression based on a multi-scalar model of mathematical
morphology containing three scales (3M) of mathematical
morphology at scale (1M), achieving a better performance and
becoming promising for the detection of the QRS complex.
However, although good results are reported by Yang, Pu, and
Qi (2003), indicating the 3M method as very promising in the
detection of the QRS complex, it was found that the majority
of detected R peaks have a significant change in detection
position (deviation in detection). In other words, the 3M
method is not able to guarantee an accurate positioning of the
QRS complex [7].
II. PROBLEM DEFINITION
In this work, an approach using the mathematical
morphology is altered and proposed to improve the
performance in the detection of the QRS complex in the ECG
signal from techniques traditionally used in the digital image
processing, the mathematical morphology techniques
specifically, determine the QRS complex using four scales
(4M). Following is the typical form of the ECG signal, the
mathematical morphology theory with its operations, the
proposed system for the detection of the QRS complex, as
well as the final results and considerations.

A. Electrical activity of myocardial cells
The cells of the human body do not have direct contact with
the external environment and provide nutrients and oxygen, as
well as the removal of carbon dioxide and other products of
cellular metabolism, is performed through liquids:
intercellular, lymph, cerebrospinal fluid and blood. Between

cells and blood there is a constant exchange. Oxygen and
nutrients continuously pass through the endothelium of the
capillaries into the tissue fluid and enter the cells. Carbon
dioxide and other metabolic products from cells, which must
be isolated from the body, pass from the cells into tissue fluid
and blood capillaries. The blood circulation occurs as a result
of the activity of the heart, which depends on the activity of
blood vessels and is regulated by mechanisms [8].
The heartbeat occurs due to the fact that a group of
specialized cells called pacemaker, modify their potential
from positive to negative and positive again, quickly. The first
electric wave of a contraction of the heart, to be raised on top
of the heart, spreads based on the ability of cardiac cells to
conduct this electric charge to adjacent cells, causing a chain
reaction [9].
Specialized cardiac muscle cells, which are self-excitable
and impulse conductive, form the electrical conduction system
that are divided basically into: sinus or sinoatrial node (NSA),
internodals beams, beam of Bachman, atrioventricular node
(NAV), His-Purkinje system (bundle of His and Purkinje
fibers). A statement of the system can be observed in Figure 1.

potential have the following phases: rapid initial
depolarization in phase 1; slow repolarization in phase 2
called plateau; rapid repolarization in phase 3; and resting
phase in Phase 4. In Phase 1 of atrial myocardial cells
Purkinje and ventricular myocardial fibers have the same
nature as that of the upward phase of skeletal muscle fibers which is caused by an increase in sodium permeability,
activation.

Fig. 2 Spread of electrical impulse through the structures of the heart. Source:
Own authorship.

Fig. 1 Heart structures involved with the cardiac electrical impulse. Source:
Own authorship.

It is observed that the electric wave propagating in the heart
is the result of a negative pulse causing depolarization and
occurs with the flow of positive ions (Na +) into the cells,
making the potential outside the cells more negative. Later, in
a process called repolarization, the positive ions (K +) flow
out of the cell causing the potential outside the cell to remain
positive [9].
Under natural conditions, the myocardial cells are in a state
of rhythmic activity, so that their resting potential only
happens conditionally. In most cells, it is about 90 mV and is
determined almost completely by the concentration gradient
of K + ions.
The action potentials are recorded in different parts of the
heart with the help of intracellular microelectrodes that differ
significantly in shape, amplitude and duration, according to
Figure 2-A. Figure 2-B shows schematically the action
potential of a single ventricular myocardial cell. In the action

Where, in A) BH - bundle of his, PN - Purkinje network
and VM - Ventricular muscle
In myocardial cells the membrane potential is maintained at
a more or less constant level. However, spontaneous diastolic
depolarization, phase 4, is observed in the cells of the
sinoatrial node, which plays the role of the cardiac rhythm
conductor, when a critical level reaches a new action potential
appears, according to Figure 2, B.
A simplified way to represent the electrophysiology of the
heart, causing a relation to that presented in the
electrocardiograph:
• The electric stimulus originated in the NSA, which
receives the parasympathetic and sympathetic innervation,
propagates the electric stimulus by internodes beams being
formed basically by two types of special cells: nodal cells (P
cells) that are centrally and are responsible for the cardiac
automatism with the name P from the fact of being pale
(cytoplasm poor in glycogen; transitional cells (T cells))
which involve the P cells and are intermediate, performing the
transition with atrial muscle cells. This wave of depolarization,
propagated by atria, is represented in the electrocardiogram as
P wave [10].
• The internodes beams, in turn, carry out the connection of
the NSA with NAV. They are consist of three avenues: earlier,
middle and posterior. The earlier takes fiber to the left atrium
communicating with the beam of Bachman, driving thrust of
the right atrium to the left atrium and leads fibers to the NAV.
The middle via average fibers to the left atrium and the NAV.
And posterior via leads fibers to the right atrium and NAV
[11].
• The electrical impulse then reaches the NAV, where there
is little delay in driving (0.1 s). Is located exactly above the
insertion of the septal tricuspid valve. Its function is to

conduct the electrical impulses to the ventricles through the
bundle of His, being divided into three areas: the that
performs the transition of atrial myocardium with NAV, the
compact area and which performs the transition from NAV
with the bundle of His (penetrating) [12].
• From the NAV, the electrical impulse follows the
interventricular septum, the bundle of His (atrioventricular)
that splits into its left and right branches for their respective
ventricles. The left bundle branch still forks in subdivisions:
anterior and posterior fascicle [13]. The branches of the
bundle of His end in numerous fibers called Purkinje fibers,
which are distributed widely by the myocardium and
determine their depolarization, the endocardium to the
epicardial, sparking the ventricular contraction [11].
• The electrical impulse that propagates the NAV to the
Purkinje fibers and myocardial cells is represented on the
electrocardiogram by QRS complex, which therefore
represents ventricular depolarization, that predates their
contraction. Being that, in Purkinje fibers the electrical
impulse is preferred, varying the speeds of the stimulus in the
myocardium so that they engage in much the same way and
only penetrate to a third of the myocardium (subendocardial
fibrosis region) [14] [15].

B. Detection techniques of QRS complex
Many methods have been implemented in order to precisely
detect the QRS complex in the presence of noise without
clinically significant data loss. The filter can change the signal
and there may be a computational overhead, being important
in applications of real-time monitoring of heart [5].
The historical perspective is noticeable the development of
algorithms to detect the QRS complex and locate the
beginning of each complex, being watched, from a
bibliographic survey, the use of some techniques that can be
grouped based on: derived, transformed wavelets, neural
networks, mathematical morphology, among others.
1) Detection using Derived
QRS complex detection based on derived is subdivided into
algorithms that are based on the breadth and first derivative,
systematized on first derivative only and both the first and
second derivative. The algorithms that are based on the
breadth and first derivative were described by Gustafson
(1977) that used a process based on analysis of consecutive
derived and decision point [18]. Fraden and Neuman (1980)
developed the method based on detection, being that a
threshold is calculated as a fraction of the peak value of the
ECG, with cutting and grinding of the signal [19].
The algorithms based on the first derivative were only
described by Holsinger, Kempner and Miller (1971) [20].
They used multiple digital differentiation. Algorithms that use
both the first and second derivative were used by Balda et al.
(1977) that uses a system of threshold for both derived [21]
and by Ahlstrom and Tompkins (1983) who proposed a QRS
complex detection algorithm based on real-time analysis of
inclination, breadth and width of the complex. The algorithm
includes a series of filters and operators that perform derived,

integrations, adaptive thresholding operations and search
procedures [22].
Other algorithms were presented by Engelse and
Zeelenberg (1979) through which the signal is differentiated
and filtered by a low-pass filter to find the amplitudes over a
certain limit, defining regions in which the alternative
decisions points of intersections are sought after and thus
classified as changes both the baseline and the QRS
complexes [23]. Okada (1979) presented the method with
three moving average filters, followed by low-pass filtering
and threshold to detect the QRS complex [24].
2) Detection using Wavelet transform
The implementation of strategies based on Wavelet
transform was suggested by Schuck and Wisbeck (2003) using
the Morlet complex [25]. Haibing, Xiongfei, Chao (2010) Li
and Zheng (1995) used a method of intersection by zero, zerocrossings [26]. Chen and Chan (2006) used the Wavelet
transform de-noising [27].
3) Detection with Neural Networks
Algorithms with neural networks have been applied by
Cohen et al. (1995) using the multilayer perceptron [28].
There are surveys using a hybrid method, like the one that was
held by Szilagyi and Szilagyi (2000), where is proposed an
adaptation of neural network based on ECG signal filtering,
using adaptive filtering to analyse the lower frequencies of the
ECG. And finally, used a wavelet transform to detect the
position of these complexes and separate the normal and
abnormal beats [29].
4) Detection with mathematical morphology
With Serra (1982) the mathematical morphology found
applications in biological image analysis [30], being
subsequently developed methods for noise removal,
normalization of ECG signal [31.32] and optimized the
method by Zhang and Lian (2007) [33].
5) Other forms of detection
The band pass filter method was used by Pan and
Tompkins (1985) [34] and Hamilton and Tompkins (1986)
[35]. By Xue and Hu (1992) the Adaptive linear Filtering
method and ANN [36], Poli and C. (1995) using genetic
algorithm [37] and Lee and Jeong (1996) by applying the
topological mapping [38].

C. Mathematical Morphology
The mathematical morphology describes or analyses the
shape of an object, focusing on geometric structure of your
image. Has diverse applications in image processing, such as
filtering, segmentation, restauration, fault detection, texture
analysis, shape analysis, among other [39].
1) A Structuring Element
The mathematical morphology explores the geometry of an
unknown image through a mask set, called structuring element,
whose constitution is known (shape and size). Can take many
shapes, values (from 0 to 255) and its origin can be set at any

point [5]. The structuring element is not necessarily a
rectangular or square array. The structuring element traverses
the image by performing morphological operations on each
pixel of the original image. Depending on the structuring
element used, exemplified in Figure 4, its possible perform the
extraction of relevant information about the size and shape of
structures in the image.

Fig. 4 Example of the dilation operation: (a) signal f(x) and a structuring
element g(x) and (b) sign after the dilation operation with the structuring
element. Source: Own authorship.

The operation of erosion show effects of: darken the image;
expand and fatten up the valleys (dark patterns); connect
nearby valleys; reduce and sometimes eliminate peaks (clear
standards); separate peaks next [43]. Being expressed by the
equation (2), illustrated in Figure 5, where f represents the
image and g the structuring element.
f  g ( x)  min (i ) [ f ( x  i)  g (i)]

(2)

Fig. 3 Examples of structural elements: (a) cross, (b) box, (c) box vertical
line, (d) diamond. Source: Modified from Gonzalez and Woods (1992) [40].

The extracted information depend on the structuring
element. There are algorithms that dynamically define the
structuring element according to the needs, although it can be
chosen or arbitrated. In summary, all processes on the
morphology are dependent of the choice and of the place
where the structuring element is positioned on the image [41].
Initially, the use of mathematical morphology was
restricted to binary images, in which the only possible pixel
values are 0 or 1 (black or white), and was subsequently used
on images in gray levels [41], the basis for the proposed
method.
2) A Mathematical morphology operations
Morphological operations feature various functions among
which is filtering [42] that constitutes the main feature in this
paper. In grayscale images are highlighted: basic operations of
dilation and erosion; opening and closing operations; and
processed top-hat and bottom-hat [41]. The operations of
dilation and erosion are basic operations, or fundamental. Are
represented with the letters of "morphological alphabet", and
the other operators can be expressed from them [43].
The dilation operation stands out for present purposes as:
brighten the image; expand and fatten up the peaks (clear
standards), connect nearby peaks; reduce and sometimes
eliminate valleys (dark patterns); separate valleys next [43].
The dilation is expressed by equation (1) and exemplified in
Figure 4: f represents the image and g the structuring element.
f  g ( x)  max (i ) [ f ( x  i)  g (i)]

Fig. 5 Example of operation of erosion: (a) signal f(x) and structuring element
g(x) and (b) sign after the operation of erosion with the structuring element.
Source: Own authorship.

There are also two secondary operators in mathematical
morphology which are the opening and closing [41]. The
operation of aperture is the erosion of dilation, with the same
structuring element. The idea of opening operator, then, is to
expand the image eroded in such a way as to recover as much
as possible to the original image [43]. The aperture is
expressed by equation (3), where f represents the sign and g
represents the structuring element as is illustrated in Figure 6.

f  g ( x)  f  g (g )x 

(3)

(1)
Fig. 6 Example of operation of aperture: (a) signal f(x) and a structuring
element g(x), (b) signal followed by a structuring element, c) signal after the
operation of aperture. Source: Modified of Facon (1996) [41].

The morphological closing operation is the operation of
dilation followed by erosion, using the same structuring
element. Being expressed by equation (4) and illustrated in
Figure 7, where f represents the signal and g the structuring
element.

f  g ( x)  f  g ( g )x 

(4)

Fig. 7 Example of the closing operation: (a) signal f(x) and structuring
element g(x), (b) signal followed by structuring element and c) signal after the
closing operation. Source: Modified of Facon (1996) [41].

The transformed, in turn, are widely used in the remotion of
objects using a structuring element that doesn't fit in the
objects to be removed, causing, through operation of
difference, only the components removed remain in the
picture [40]. The top-hat transform has had function to
highlight the valleys (dark regions) of the image. Is composed
of a lock with a structuring element and then subtract the
images. Used for dark objects on a light background, and its
important use in the correction of the effects of non-uniform
lighting [40]. The top-hat is expressed by the equation 5 and
illustrated in Figure 8, where f represents the image and g the
structuring element.
That( f ( x))  f ( x)  f  g ( x)

(5)

Fig. 8 Example of top-hat transform: (a) signal f(x) and a structuring element
g(x), (b) signal followed by the operation of opening and (c) image after
subtracting the original image with the image after the operation of aperture
resulting in top-hat. Source: Modified of Facon (1996) [41].

The bottom-hat transform is the difference between the
result of the closure and the original picture [40]. Is expressed
by equation (6) and illustrated in Figure 9, where f represents
the image and g the structuring element.
Bhat ( f ( x))  f  g ( x)  f ( x)

(6)

Fig. 9 Example of the bottom-hat transform: (a) signal f(x) and g(x)
structuring element b) signal followed by the closing operation and (c) signal
after the subtraction of the signal resulting from the closing operation with the
original signal resulting in bottom-hat. Source: Modified of Facon (1996) [41].

D. Multi-scalar Morphology
The mathematical morphology multi-scalar is an extension
of mathematical morphology, presenting the same operations:
dilation, erosion, opening, closing and top-hat and bottom-hat
transform [47]. On multi-scalar morphology, the J scale of
structuring element is defined as:
G J  g1 (n)  g 2 (n)  ...  g i (n)
G1  g1 (n)
G 2  g 1 ( n)  g 2 ( n)

(7)

G3  G 2 ( n )  g 3 ( n )
G 4  G3 ( n )  g 4 ( n )

Where i = 1, 2, 3..., J and operators can be anyone of the
operations submitted by the equations of (1) to (6). And G1 is
the structuring element on a scale, G2 is the structuring
element in two scales, G3 is the structuring element in three
scales and G4 is the structuring element in four scales.
The image processing with the multi-scalar form of
opening and closing operations exceeds the dilation and
erosion on traditional filtering, due to its spatial independence
[40]. The combination of the opening and closing operations
provide a simple and formal method for extraction of peak or
valley [44]. At the opening of a data sequence, one can
interpret as follows: slip the structuring element along the
signal. The results are the peaks achieved by any part of the
structuring element. Likewise, the close operation of a
sequence of data can be interpreted as the sliding of a rotated
version of the structuring element along the data sequence,
and the result is getting the valleys reached by any part of the
structuring element. In most applications the use of operation
of aperture is aiming to suppress peaks while the use of lock
operation is used to suppress the valleys [6].
The top-hat transform is designed to produce an output that
consists of the signal peaks. Similarly, the transformed
bottom-hat extracts the valleys (negative peaks). The linear
combination of top-hat and bottom-hat forms a peak-valley
extractor [5] that is represented by the equation (8).

1 J T
1 J
K j That ( f (n)) j   K Tj Bhat ( f (n)) j

2 j 1
2 j 1

Hat ( f (n)) 

E. Mathematical Morphology Applied to
(8)

Where J is the number of ranges of mathematical
morphology and the weightings are:
1
K Tj  K Bj  K j   
2

J 1 j

e j  1,2,..., J

(9)

To soften the signal, reduce the peaks and complete the
valleys, is used a correction factor that are combinations of
opening and closing operations [46] being a correction factor.
These operations, in turn, should be of short structure to
eliminate noise effectively and not generate a deterioration of
the necessary information to detect the QRS complex [39.46].
Being expressed by equation (10).
F ( f (n)) 

1
( f  G J (n)  f  G J (n))
2

(10)

Thus by combining different structural elements and multiscale operators, a 4M structure was established for ECG signal
filtering, given by (11) and developed in (12) and (13).
y(n)  F  f (n)  Hat f (n)
y ( n) 

(11)

J
J

1
 f  G J (n)  f  G J (n)   K Tj That  f (n)  j  K Tj Bhat  f (n)  j 

2 
j 1
j 1


y ( n) 



1 J
 K j f  G J (n)  f  G J (n)  f  G J (n)
2 j 1



(12)
(13)

Another important factor for adoption of mathematical
morphology is correlated with reduced energy consumption,
due in its formulation did not use the multiplication operation,
only registers, adders and comparators [5].
Another feature is the similarity of the formula of the 4M
morphological filter with FIR digital filter. However, noted
two differences: the delay elements in FIR filter are replaced
by opening or closing operations; and here is an additional
closing multi-scale operation. On the other hand there is the
possibility of the FIR filter being modified to act as 4M
morphological filter modifying the delay elements, in the
operators of opening or closing. A representation of the
structure of 4M morphological filter is shown in Figure 10.

Electrocardiography Signal
In a system of classification of targets, it is essential that
one can extract accurate features these, with the intention of
enhancing the system hits, being that the problem of automatic
classification of QRS complex is discussed widely [48-50].
The ECG signal is processed in a similar way to a grayscale
image, and for this reason it is possible to use the
mathematical morphology being proposed as a method to
detect the components of interest from mischaracterized signal
[46]. Due to characteristic of mathematical morphology does
not require foreknowledge of the frequency spectrum of the
signal under investigation, has the benefit of avoiding
overlapping band of frequencies of the QRS complex, low
computational complexity, easy implementation in embedded
system and operating the plus sign with double objective:
remove the noise component and extract the useful signal
component [39].
However, for the proper implementation of mathematical
morphology is necessary to project correctly the structuring
element, that is, its shape and size. The result depends on the
input signal type characteristics and the structuring element
[51].

F. Performance Evaluation of Classifier
Doing a comparison of performance between two
classifiers by two different evaluation indexes in a condition
not known of evaluation, it is not always easy or possible. It is
possible to use several performance indices available in the
literature to express jointly the sensitivity characteristics and
the specificity to determine which is the best performing
classifier: a ROC curve [52], the AUC index of ROC curve
[53], error detection rate [33], among others.
1) Contingency Table and Statistical Indexes
The contingency table or table of confusion table or testdiagnosis applied under the conditions of this work (Table I)
shows the combinations of the QRS complex events that want
to identify (QRS column). And the other class (not column
QRS) is composed of all other events of the ECG signal. The
test is positive the indication of the QRS complex event and
negative indication of other events.
TABLE I
2 X 2 CONTINGENCY TABLE ADAPTED TO THE QRS COMPLEX EVENT CLASS
AND QRS, AND EXAM BEING THE CLASSIFIER.

CLASSIFIER

POSITIVE
NEGATIVE

QRS
TP
FN

EVENTS
Without QRS
FP
TN

The presentation of a pattern of the QRS complex and the
indication of the classifier of negative result represents the
false negative (FN). The presentation of a default of the QRS
complex and the indication of the positive sorter represents
the false positive (FP). These two great situations represent
Fig. 10 4M filter structure. Source: Own authorship.

misclassifications of classifier. The representation of the
classification of events is shown in Figure 11.

Fig. 11 Example of signal and standard of classification considering the
level of decision. Source: Own authorship.

III. RESULTS

Fig. 14 Morphologies applied to the signal.

In Figure 15 and Figure 16, the convolution module
highlights the peaks of the QRS complex.

A. Results with Application of Stationary Noise
The results obtained in each step of the process of filtering
and detection are presented by Figures 12 and 17. The Figure
12 presents a part of ECG signal with baseline fluctuation.

Fig. 15 ECG Signal after the second filter.

Fig. 12 ECG Signal with baseline fluctuation.

The ECG signal presented by Figure 13 was added an
electric network noise of 60 Hz, with much greater intensity to
signal, mischaracterizing it.

Fig. 16 ECG Signal after convolution and module.

In Figure 17, to observe the efficiency of the method, was
generated overlapping part of the ECG signal in green, with
60 Hz noise in blue and the final representation of the
detection of the peak in red.

Fig. 13 ECG Signal with the addition of an electric network noise (60 Hz).

Figure 14 presents the module ECG signal output through
1M, 3M and 4M filters.

Fig. 17 Signal acquired and result of the proposed algorithm.

B. 4M Results
This step tests were made comparing the mathematical
morphology of four scales, with the decision making level
ranging from 0.15 to 1, with 100 interpolated Gaussian points.
The Figure 18 demonstrates the result of FP and FN found
with the application of mathematical morphology used.

Fig. 18 FP and FN curves depending on the level of decision with gaussian
structuring elements.

The ROC curve for the values obtained under the
conditions above is shown by Figure 19 and the lower corner
the index of AUC to the morphological scale.

Fig. 19 ROC curve with structuring elements with Gaussian geometry on the
4M model

C. Comparison Table
TABLE II
COMPARISON OF THE METHODS USED FOR THE DETECTION OF QRS FROM THE
TABLE OF ZHANG AND LIAN (2009) [5] WITH ADDITION THE LAST FOUR ROWS
WITH RESULTS OBTAINED IN THIS WORK.

Method
Genetic
algorithm
Band pass filter
Wavelet denoising
Filter banks
BPF/searchback
Linear
Adaptive Filter
Optimized

QRS

FP

FN

DER

2572

86

5

3,54

2572

67

22

3,46

2572

78

5

3,23

2139

53

16

3,22

2564

53

22

2,95

2572

40

22

2,40

2572

35

21

2,18

Reference
Poli and Cagnoni
(1995)
Pan and Tompkins
(1985)
Chen and Chan
(2006)
Afonso and
Tompkins (1999)
Hamilton and
Tompkins (1986)
Xue and Hu
(1992)
Ruha and Sallinen

filtering
Topological
mapping
Wavelet
transform
ANN Adaptive
Filter
1M
Morphology
2M
Morphology
3M
Morphology
4M
Morphology

2572

41

4

1,18

2572

15

12

1,09

2572

10

4

0,50

2572

49

10

2,29

2572

27

9

1,40

2572

19

7

1,01

2690

39

0

1,45

(1997)
Lee and Jeong
(1996)
Li e Zheng (1995)
Xue and Hu
(1992)
Zhang and Lian
(2009)
Zhang and Lian
(2009)
Zhang and Lian
(2009)

....

IV. CONCLUSIONS
As shown in the results was observed that 4M method,
applied under the established conditions, after several tests
with the basis of ECG signals from MIT/BIH. Regarding the
first part of the result that demonstrates the operation of the
proposed method, is observed that with applications of noise
in the signal, this presented a correct detection of QRS
complex confirming its potential in the processing of digital
images obtained by electrocardiogram.
In the second part it is observed that there is a good answer
of mathematical morphology as observed on ROC curve and
the AUC index offers very good value and to verify the
performance of the algorithm in relation to other existing
methods was made a comparative table from file MIT
105/BIH. Being used the best sensitivity and specificity
obtained on ROC curve with a level of decision of 0.22, with
structuring elements on Gaussian shape. And took into
consideration the DER as comparative method.
The Table II (Zhang and Lian, 2009) presents in the last
four small values of DER for mathematical morphology,
representing that there is an accuracy in detecting QRS.
Comparing with the other jobs it is observed that the DER is
low, obtaining good results using this technique. However, it
is observed that despite using the same database a total of
QRS is varied and there is no standardization of entry signals,
affecting duly performance of the classifier, obviously
affecting the performance of the classifier.
However, the algorithm showing is an approach improved
the processing steps capable of showing a more accurate
shape detection, proving to be promising and features a new
approach to detection of QRS complex processing. Use as
method the mathematical morphology made the system with
low computational complexity.
As future work suggested the creation of an algorithm
capable of automatic adjustment of parameters and limits
periodically to adapt the changes of QRS morphology and
heart frequency, thus increasing the sensitivity of detection. In
addition, it is proposed to test the proposed algorithm with
others type of noise and other databases: Common Standards
for Electrocardiography (CSE) of Cardiology Hospital of
France; Ann Arbor Electrogram Libraries at the University of
Michigan; American Heart (AHA) at the University of

Washington; Holter ECG Telemetric and Warehouse (THEW)
at the University of Rochester.
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Abstract— This article focuses on improving the prediction and
visualization of clinical data regarding the effects and nature of
cancer treatment outcomes, towards the predictability and the
effect for risk predictions. As a semantic technique, our
ontological approach is a potential functional and predictable
annotation for rapid clinical understanding and treatment
innovation. Thanks to its features of knowledge representation
and reasoning, our ontology based decision support work
provides a high clinical coherence in medical practices through
computerized learning of standardized clinical recommendations
for medical decision support and management. Adding to that, a
rapid and efficient use of obvious data as medical evidences in
pre- and post-treatment are noticed while studying this concept.
We discuss the semantics and clinical decision support on a
suitable treatment in oncotherapy and in particular for the
bladder cancer. Thus, the ontology modularization consisting in
the extraction of ontological modules derived from clinical
evidences allows their reuse, evolution and a better oncological
care management. This evidence-based medicine approach aims
to reduce risks and facilitate decision-making, or create
difference through more personalized and contextualized
predictive analysis.
Keywords— Decision support, evidence based medicine, bladder
cancer, knowledge, oncotherapy, ontology, reasoning

I. INTRODUCTION
The main causes of morbidity and mortality change with
life expectancy. More than 70% of these are attributable to
cancer and chronic diseases. Prediction, early detection,
prevention and treatment of the long-term complications of
such diseases should help to limit spending, promote the
emergence of new organizations that are more effective and
secure than conventional practice and offer a better quality of
life to patients.
As a multifactorial disease, cancer became the disease that
kills the most. The amount of data and knowledge plays an
important role in the management of many cancers. The
possibilities of oncotherapy have grown considerably since
the deciphering of the human genome in 2000 and the
collection of specific data with the implication of evidence
based medicine principles [1]. We are now able to predict
with ever-increasing accuracy the future cancers and risks for
some people.

As well as for drugs, we will know, in more advance,
which ones will be effective and which ones will be not, for
the bladder cancer treatment. Thus we can avoid treatments as
painful and expensive as useless. Prevention can act before the
onset of the disease to prevent or delay it.
This breakthrough belongs to the major evolution of
oncology that is called precision or personalized medicine,
which makes it possible to target treatments. An era of
medicine "4P" as Precision, Predictive, Preventive and
Participative, opens to us.
Semantic web technologies provide a good approach for
managing knowledge about bladder cancer oncotherapeutic
procedures and the processes associated with it. They are
more and more used for a wide range of clinical applications
in which domain knowledge is modeled and formalized to
serve as a support for very diverse processing and reasoning
performed by machines. The actual use of ontology for
reasoning purposes requires the addition of operational
semantics that specify how the knowledge is modeled [2]. It
will be used to reason and produce new knowledge
automatically. The reasoning used here is based on the
decision-making process of the physician resulting from the
confrontation of the interrogation facts, the clinical
examination and the results of known complementary
examinations, to both theoretical and empirical knowledge
constructed as and when as a result of his experience, leading
to the ontological evidence based medicine approach.
With these advances, there are ethical questions that must
absolutely be considered in parallel: to decipher a part of the
medical future of populations is not without societal
consequences and must be accompanied, anticipated, secure,
to avoid the misuse of these predictions
The standards are built by experts in oncology, according to
the principles of evidence-based medicine [3]. This means that
they contain the elements to make the most appropriate
decisions for the most common situations, according to
current medical knowledge. In this sense, they can be seen as
a validated synthesis of the recent literature in oncology.
In this text, our study will be structured into sections to
detail our problematic: a summary of the related works will be
mentioned in the second section of this text. A background
overview will be mentioned; then we will detail and describe
our methodology to study and develop our evidence based

semantic medical approach as a fourth section, completed by
an ontologization and design section; the description of our
ontology composition will be presented in the sixth section; at
the end of this text, a general conclusion and a set of future
works will be presented.
II. RELATED WORK
Many studies about ontologies and semantic web
representation have been established in medicine, especially
medical decision support concept, adding to it the theoretical
approaches involved in evidence based medicine. But the
literature showed that the majority of previous works did not
mention the case of bladder cancer and very few medicalcomputer studies have focused on urologic oncology.
According to the literature, the KASIMIR project which
purpose is to enable the management, dissemination and
evolution of useful knowledge in oncological practice, was
developed in Lorraine [4]. The aim is to provide intelligent
access to knowledge relevant to oncology decision-making,
including information contained in the repositories. But, even
if semantic web technologies provide an adequate basis for the
implementation of this semantic portal and the tools on which
it’s based, they do not make it possible to answer all the issues
related to knowledge management and decision support within
the framework of the project.
A forerunner in the field of medical decision support
systems was MYCIN, an expert system developed in the
1970s at Stanford University [5]. MYCIN relies on a
representation based on If-Then rules type and on forward
chaining as an inference technique.
Adding to that, various systems have been validated in
several large studies, including a quality methodology,
published in the medical literature in known reviews like Am
J Med and NEJM. The COCHRANE database, for example,
includes the main studies in the field of heart failure.
ONCOCIN is another rule-based system, specifically
dedicated to oncology and also developed at Stanford
University [6]. ONCOCIN has the particularity of
representing decisions and actions over time, like sequences
of events. As indicated in [7], the majority of the current
systems concerned with the implementation of medical
protocols and guidelines of good clinical practice (ASBRU,
GLIF..) are based on a representation of this type, based on a
model of task networks.
ONCODOC [8] is a decision support system dedicated to
the dissemination and use of good practice guidelines in
oncology. These oncotherapeutic guidelines are in the form of
textual documents with a similar role as for the Oncolor
network repositories. ONCODOC is halfway between the
"formalization" of medical knowledge and the documentary
work.
There are thus a large number of projects aiming at the
construction of medical ontologies [9] [10], as well as the
translation of the many existing thesauri, terminologies and
classifications in the OWL language [11][12]. Beyond the
construction of ontologies, some projects tend to exploit the
potential of the semantic web in applications: for example,

computerized patient records [13] or knowledge management
in a care network [14].
III. BACKGROUND
In its scientific claims, Evidence Based Medicine is not a
scientific theory, it was built in what Ludwig Fleck would call
[15], a group and a collective scientific thought style. This
thought-style was to lead to a profound transformation of
medical thought.
The emergence conditions of the concept can be seen in
different ways to provide an exact description. Ontology is the
foundational idea of evidence based medicine. The explicit
formal specification of domain terms and relations between
them, defined as ontology, has moved from the Artificial
Intelligence labs to medical experts’ workspace.
Ontologies have become common on the World Wide Web.
On the web they range from large taxonomies classifying
websites (such as Yahoo) to products categorizations their
features (for example Amazon). The World Wide Web
Consortium (W3C) develops the resource description
framework [16], a language to encode knowledge on web
pages and make it understandable for electronic agents to
search for information.
As a large discipline, medicine is developing standardized
ontologies that domain experts can use to share and annotate
information in their fields. Structured vocabularies such as
SNOMED and the Semantic Network of the Unified System
of Medical Languages have been produced. Much generalpurpose ontology is also emerging [17].
Ontology defines a common vocabulary needed to share
domain information. Machine-readable descriptions of
concepts and relationships between them are included in this
composite structure.
Searching, extracting, analysing, sharing, using and reusing
information to make the right decision requires strong
expertise. For machines to effectively assist the human
operator in these tasks of high cognitive value, they must be
endowed with “knowledge" of the real world.
The philosophical concept of ontology is the study of being
as an entity and its general properties. In computer science,
this idea amounts to describing a domain of knowledge by a
set of concepts, their characteristics and their relationships,
and this to be analysed by both humans and computers.
The heavyweight side of the ontology is basically made of
relationships/properties which are sets of associations between
ontology components describing the structuring of concepts
and their knowledge instances and individuals. We distinguish:
Object Properties and Data Type Properties. Also, functions
are special cases of relationships. The Taxonomy of concepts
is a formal definition made of a logic descriptive knowledge
representation language [18].
The lightweighted part is based on concepts/classes which
are terms related to abstractions of knowledge. They are the
core of most ontologies. Classes (super-class) describe domain
concepts and specific classes (subclasses) are examples of this
class. For example, we can divide the class of all Physical
pathologies into Cancers, Congenital Diseases, Viral

Pathologies and Bacterial Pathologies. Concepts define the
aggregation of things. As a standardized vocabulary, terms are
natural language expressions [19]. Relationships between
concepts (Data Objects) are also included. Axioms represent
rules and individuals are instances of concepts.

The knowledge representation around bladder cancer and
all the prescribed practices and treatments are ensured by a
semantic modeling and an ontological realization of clinical
concepts. The specification and the modeling of patterns
(reusable models) for cases or scenarios of subsequent clinical
administration is a primary key for our evidence based
IV. METHODOLOGY
medical and predictable approach. The regulation standards
The literature review and the study of semantic computer and procedures modeling applied in oncology and
science basics, beside the evidence based medicine principles oncotherapy, allowed us to rely on the basic concepts to
applied in oncology, allowed us to explain and make the right define our decisional rules of prediction. This proof of
choice of techniques and application tools to proceed in our concepts approach reinforces the standardization and
approach. The analysis procedure of our problematic was systematic recommendation of oncotherapy practices as well
based on two main components that were supported by the as the prediction of future events according to international
web semantic techniques: the creation of a prediction criteria. The audit will be 80% automatic subsequently
oncology-based ontology applied for the case of bladder approved by an expert agent of a higher authority of the
cancer and the development of a complex domain decision medical order. If it is found that clinical prescriptions and
support system. Referring to the our research work, this procedures are still at the origin of the effects and risks
invites the implication of additional deduction concept of threatening the recovery of the patient's condition, there
some basic knowledge structures related to our domain. This should be a local examination of the procedures and
approach is inspired by the various forms of documentation equipment involved in the care’s program of an X patient.
from which we were able to extract and set our data to This helps to determine or escape the risk occurrence deduced
knowledge reconstruction. Our raw material is a set of from this prediction, so that we can take a better care of the
previous experimental work, medical evidences and archived patient. Support modes are modeled semantically, while using
decisional conclusions about bladder cancer oncotherapy, logical description as for all rules in our knowledge base.
As a reasoning support, knowledge-based contextual data
including some radiological knowledge. We have a direct and
indirect relational concepts intervening in the structuring of make it possible to find out which dose and which
our ontology, which highlights the specialization and examination is the most appropriate to the patient according to
accounting of knowledge to go through a better and easier the associated parameters. An attempt has also been made to
way of prediction and decision making tasks. In this work, all derive procedural information on parametric and clinical good
these knowledge extraction strategies are adopted to model the practice in addition to evidence-related examinations,
highlighting the associated pathology classes. It is a "contextstudied concept correctly.
An extensive literature search is conducted using reviewed based" solution: from a specific context we reach a contextual
databases on oncotherapeutic management solutions for information system. Our ontology is particularly extensible
bladder cancer and on existing computer-assisted decision and editable. It can be attached to other domain ontologies and
making systems. The study of standards for the treatment and can be updated for any regulatory advancement in
the clinical follow-up of the patients and the regulation in the oncotherapy. This solution, tailored to our needs, supports and
analysis of the medical data is an argument of support for our reinforces the practical application of optimal and safe use of
evident steps and therapeutic procedures for patients. By
solution, besides the clinical evidences in predictive study.
The bioinformatic relational study of oncological and adapting this system, the service provider ensures the
oncotherapeutic knowledge and data has been well established. continuous quality improvement and the security of the patient.
Thus, the study of the system and user requirements has been Thus, this informs about the responsibilities and the roles of
the subject of this architectural study. Then, a critical analysis all the medical staff under the required regulations to protect
of articles, reviews and regulatory documents is done with patients. This provides a central repository for all patient
respect to the methodology of the study, resulting in the documents and information to which national and local
medical deductions and conclusions in an obvious knowledge updates can be added. Our ontology provides a consistent way
form. The qualitative and quantitative weight of these articles for the indexing, storage, retrieval and aggregation of
is assembled into an evidence and knowledge base, which is knowledge and clinical data that can enhance interoperability
evaluated and used to write comparative compliance between different health information systems.
guidelines for clinical and therapeutic recommendations. Thus,
V. ONTOLOGIZATION AND DESIGN
a reconstruction of medical examinations and cases is
conducted, based on the content of evidence-based data and
To manipulate knowledge, a formal representation
knowledge, when available. This allows the modeling of cases language has been used with expressions full of symbols
and even predicting cancer progression in the patient before it whose associations are governed by rules that form the syntax
occurs, as well as predicting the risks and effects following a of the representation [20]. To each syntactically correct
given treatment, while comparing it to the knowledge stored expression, we associate a semantic to this formalism of
in our knowledgebase.
representation. This semantics is often expressed in boolean
terms (compliant case or not). However, a modeling of the

mathematical reasoning logic is mainly a formalism that
allows reasoning to find new knowledge from already known
ones as evidences. Thus it provides an adequate framework to
represent knowledge.
Our formal logical system is composed of:
 (a) a language (expressed by symbols, consisting of a
method of forming expressions).
 (b) a system of deduction which, starting from
formulas of the language chosen as premises
(axioms), makes it possible to construct new
formulas thanks to the rules of deduction.
 (c) rules of evaluation which make it possible to
associate a value and result of truth, with any
language formula (often boolean).
(a) and (b) constitute the syntax (how to write and calculate
formulas) and (c) the semantics of representation in a model
(how to evaluate formulas: a condition is true if its query is
valid). Example "All chemotherapies are at risk" can be
written as "chemotherapy (x)  at risk (x), and with other
knowledge such as "Chemotherapy is a systemic treatment" is
written ∀x (chemotherapy (x)  Systemic treatment (x), we
can then deduce "there are systemic treatments that are at risk"
∃x systemic treatment (x) at risk (x).

A. Logical and Semantic Description

The logical description was adapted as a knowledge
modeling method which was divided into two parts, such as
TBox and ABox. To do this, we used the logical description
symbols [21]. We take the simplest example of our ontology,
which is the primitive concept of "Cancer" to understand how
descriptive logic unfolds in this ontology, as shown in Fig. 1.

Fig. 1 A sample of our genealogical classes, their properties and their
individuals

KB = TBox ∪ ABox.
-ABox = assertion box (for instances) = contingency
knowledge: Accurate definition and factual representation of
knowledge and individuals. The ABox uses and declares the
characteristics, relationships and instances defined in the
TBox.
Unary Predicates: Individual Properties:
 Non Invasive (NI9904) // NI9904 is an instance of
Non Invasive

 Invasive (I9900)
Binary predicates: relations between individuals:
 papillaryCarcinomaOf (NI9904, I9900)
 invasiveCarcinomaOf (I9901, I9900)
 invasiveCarcinomaOf (I9900, I9902)
-TBox = terminological box (for classes and properties) =
ontology = non-contingent general knowledge. Definition of
the properties and relations between intentional classes
(concepts) and knowledge representation (DL terminology:
concepts and roles), mainly: inclusion of concepts. It can
generate concepts described by combination (conceptrelation).
 BladderCancerPapillaryCarcinoma.⊆Cancer
 BladderCancerPapillaryCarcinoma.⊆Cancer П Non
Invasive
 BladderCancerPapillaryCarcinoma.⊆∃papillaryCarci
nomaOf. (//papillaryCarcinomaOf.
Cancer and
Cancer belong to T)
 ∃papillaryCarcinomaOf.T_⊆BladderCancerPapillary
Carcinoma
 ∃ papillaryCarcinomaOf.(∃ papillaryCarcinomaOf.T)
⊆BladderCancerCarcinoma;Also:concept
equivalenceBladderCancerPapillaryCarcinoma≡∃Bla
dderCancerPapillaryCarcinoma.T;And
sometimes:
roles inclusion : papillaryCarcinomaOf ⊆ CancerOf
-Concept: a concept denotes a set of individuals
Atomic concept (Cancer, Invasive, Non Invasive,
BladderCancerPapillaryCarcinoma,BladderCancerInvasiveCar
cinoma ..):
+Primitive: Cancer, Invasive, Non Invasive etc.
+Non-primitive:BladderCancerPapillaryCarcinoma,
BladderCancerCarcinoma, etc. Non-primitive concepts are
specified in TBox in terms of other concepts:
PapillomaPapillaryCarcinoma≡Cancer П Non Invasive
BladderCancerPapillaryCarcinom≡∃papillaryCarcinomaOf.T
Complex concept: Cancer П Non Invasive ∃
papillaryCarcinomaOf.T,
∃
papillaryCarcinomaOf.
(∃papillaryCarcinomaOf.T), etc. Constructors of complex
concepts:
+Boolean operators: ¬C, C П C, C U C
+Operators combining concepts and roles: ∃R.C, ∀R.C (with
R: role and C: concept)
Role: a role denotes a set of pairs of individuals.
+atomic role: papillaryCarcinomaOf, partOf, etc
+complex role: InvasiveCarcinomaOf П CancerOf.
Constructors of complex roles:
+Boolean operators: ¬R, R П R, R U R
+Algebra operators of relations: R ◦ R, R-1, R *, ..
Reasoning = extract entities and knowledge from KB more
than what is written in it, for example: KB = T ∪ A, where:
A={invasiveCarcinomaOf(I9901,I9900),invasiveCarcinoma
Of (I9900, I9902)}
T = {∃ invasiveCarcinomaOf.∃ invasiveCarcinomaOf.T ⊆ ∃
CancerOf.T}
KB does not contain CancerOf (I9901, I9902), but will
logically result CancerOf (I9901, I9902). The reasoning
services: inference of the properties of individuals, inference

of relations between individuals, subsumption of concepts,
classification (calculating hierarchy, subsumption between
concepts), consistency, non-emptiness of concepts (no A such
that KB | = A ≡ ⊥ ), non-redundancy of concepts (no A, A
'such that KB | = A ≡ A') adding to that, the taxonomy
management. By applying this method, we could interpret the
mode of belonging of an instance to a particular class, and the
understanding of the relational semantics between properties,
classes and instances to translate the conceptual logic of our
knowledge.
It is easier to introduce typical and specific individuals in
the first place then generalize them in a concept, especially for
the knowledge classification in oncotherapy because of its
diversity and complexity. From here comes our bottom-up
approach to classification and conceptual organization. This
method allows us to identify the concepts and relationships
from the evidence presented and deduced from the textual
documents to obtain a corpus (presentation of knowledge in a
specialized language such as a vocabulary). In fact the concept
of knowledge management is paramount for the sake of our
ontology. Knowledge management and conceptual
classification planning involves the following practices as
shown in Fig. 2:

last step concerns the operationalization of ontology by
adapting adequate knowledge representation languages such
as descriptive logic and especially the conceptual graph, in
order to be able to exploit the ontology.

Fig. 3 Bottom-up approach code for classification and conceptual
organization

B. Formalism of Representation

Fig. 2 Evolutionary Schema of Knowledge Management

First, we select knowledge or similar individuals from
ABox. Then, we proceed to the automatic generalization of
the selected individuals in the most specific oncological
concepts (subclasses) by the logical description. To better
explain the phenomenon, we note that the most specific
concept of an individual β in ABox A is the concept C such
that A | = β: C (β is an instance of C from A) and that A | = β:
That C is subsumed by D. This allows the corpus to evolve to
a formal ontology. Then, we move on to the generalization of
the concepts thus created and described, in a description of a
single more general class or the last subsumer encompassing
the knowledge of the concepts’ descriptions (subclasses) at the
input C1, C2, C3 and C4 of the example shown in Fig. 3. This
is classified in the logical description L of the principal
complex concept (class) L-concept noted C, such that C
subsumes all input concepts defined in the TBox T (subclasses
C1, C2, C3 and C4) Ci, and that C is the last major class with
reference to subsumptions. Finally, we inspect the concept,
modify it and add it to the TBox terminology: T: = {A}. The

The development of our ontology is based on the Owl
representation language [22], allowing its editing and the
domain description knowledge base realization. OWL is used
for the representation and definition of knowledge. It is part of
Protégé 3.4.8 that we used. This language is characterized by
formal semantics and is built on an RDF (Resource
Description Framework) data model [23]. These languages
exploit the characteristics of the World Wide Web in order to
standardize the semantic web and lead to means based on
logical description as a category of language of computability
and expressiveness, illustrated with the help of the Owl
language. This language proved to be a semantic web standard
and for the ontology and especially in its Owl2 version.
Quantitatively, this version ensures the management of
knowledge and information of advantage, which helps us to
better define our concepts in classes and to give to our
ontology a hybrid aspect combining natural, core and domain
evidence and knowledge.
Adding to that, XML made it possible to describe and
process the metadata of our ontology in schemas in relation
with the RDF. The use of Owl, allows our ontology to interact
with the decision support system that we wanted to do. For a
transparent use, the generation of the manipulation interfaces
we have chosen to program with java swing Jena and OWL
API to be compatible with the allowing the indirect interaction
with the ontology without having access to it, via queries and
rules of the SPARQL language in java (successfully tested).
Formal specification of our classes and properties were
preceded as follows:
BladderCancerTherapy
⊆
OncoTherapy
П
hasTherapyProcedure ∀ (Chemotherapy U Radiotherapy U
Surgery U RadioChemothrapy) Э Bladder

This means that BladderCancerTherapy is a subclass of the
OncoTherapy class which has Chemotherapy or Radiotherapy
or Surgery or a RadioChemothrapy treatment procedure,
applicable on a specific anatomy class entity which is the
bladder.
Once our evidence and knowledge are in their right place in
the ontology, we write our basic semantic rule-based
recommendations in SWRL, SQWRL and SPARQL to specify
the guidelines covering oncological and oncotherapeutic
procedures for our bladder cancer study.
We used the Jess rules engine [24] to evaluate and validate
then execute our SWRL rules [25] to get a precise reasoning
and optimal analysis. Evidence based rules are edited and
submitted in a predictable form aiming to get an instant
reasoning result as in the following example:

Cystectomy (?X) ∧ hasStage (?X, ?S) ∧ swrlb: lessThan (? S,
4)compliance (?X, false)
This means that if an x Cystectomy procedure is given when
the cancer has early stages under 4, so this case is considered
as non-compliant. Otherwise, it turns to be true.
To ask and determine cases and possible undesirable events
according to the defined evidence, we use SQWRL queries
examination as shown in this example [26].
Patient (?P) ∧ hasTreatment (?P, ?T) ∧ hasSideEffect (?T,
Tuberculosis) sqwrl: select (?i, ?T)Immunotherapy
This aims to define which bladder Cancer treatment is applied
on the patient and showed the tuberculosis side effect.
The strategic approach that has been adapted for the design
and development of our ontology is detailed in Fig. 4:

Fig. 4 Ontology map and design methodology

The editor of our ontology is Protégé in version 3.5. It is a
platform and environment for development, operation and
management of ontologies, using tools for the construction of
oncology and oncotherapy models. Plugins have helped us to
accomplish our mission and multiply our ontology
performances while editing semantics, compliance, test and
predictive rules. It was an advanced support tool for the
explanation of inconsistencies and non-conformities for our
study. As a main tool in ontological engineering, it is written
in Java language. It uses Jena API and Swing (graphic library
of Java) for the creation of user interfaces [27]. Adding to that,
Protégé allowed us to export our ontology in different formats
(XML Schema, Owl, RDF) to multiply its exploitation.

VI. ONTOLOGY COMPOSITION
Our knowledge-based ontological approach is composed of
the standard structures that have been detailed in Fig. 5 and
described as follows: 17 super-classes targeting the bladder
cancer, treatments, procedures, risks, evidence. Each of which
class contains a large number of hierarchical subclasses (all
types of examinations and existing oncotherapeutic techniques)
to instances depending on the use case. 42 subclasses of 2nd
degree, 60 of 3rd degree, 198 of 4th degree, 251 of 5th degree,
284 of 6th degree The concepts are classified by types and
families of examinations.
-80 "object-properties" between classes and 176 "data-typeproperties" between classes and instances for the indication of

the values and the parameters related to the examinations
already carried out.
-1825 instances with ultimate knowledge of classes.
-620 different rules for the verification of the compliance of
SPARQL and SWRL Queries type examinations in procedural
treatment and parameters as well as the probable risks with
selective results of examinations that do not comply with the
international recommendations already mentioned in the rule
base and good parametric guidelines exam practices with
predictable oncothrapeutic outcomes.

proved its generality, completeness, efficiency, usability,
reusability and safety in the structured strategy to manage the
oncotherapeutic procedure.
Thanks to its concepts simplification and expressiveness
capabilities, our ontology ensured an efficient classification of
oncological procedures. It also provided an explicit
representation of the relations between the different
components of the studied concept.
This approach when used, aids in extracting knowledge and
reform it to be expressive and useful. Not only that, it may be
extended to act not only as a task ontology but also to be
considered as a general core/referential fundamental ontology
in the bladder cancer oncotherapy.
We are working towards a semantic web java decision
support system approach to standardize the use of the
oncological knowledge.
With these advances, there are ethical questions that must
absolutely be considered in parallel: to decipher a part of the
medical future of populations is not without societal
consequences and must be accompanied, anticipated, secure,
to avoid the misuse of these predictions.
Also, we look forward to including more lexical resources
in our ontology to support the modeling process and add other
languages.
REFERENCES
[1]

Fig. 5 Composition of our ontology in numbers
[2]

Thanks to the capacity of OWL's terminological
expressivity, our ontology’s concepts have been represented in
a syntax that is as close as possible to natural language.
Composite concepts are classified according to the content of
their definition. Therefore, semantics are preserved by the
proposed formalism.
VII.
CONCLUSION
The development of oncology bladder cancer and
prediction ontology is the medullar center of our decision
support system. Our approach encompasses the maximum
number of concepts with structural, regulatory and
standardized oncotherapeutic knowledge, deriving from recent
domain studies. Also, the evidence/knowledge structuring
reproduces clinical reasoning and human intelligence in
addition to the auditing and treatment inspection. This
provided a standardized regulatory oversight, by formal and
semantic modeling of all concepts belonging to the created
ontology as a first step research.
The generation of a new ontology for medical and
predictable oncotherapeutic outcomes helped in solving
theoretical and technical problems such as the real-time
procedural confusions and difficulties in interpreting standards.
Also, it limits the medical failure and oncogenic risks.
This ontological contribution is the combined basis of a
decision support system to improve the streamlining of
practices, interdisciplinary exchanges and the organization of
clinical audits in an interoperability context. This ontology

[3]
[4]
[5]
[6]
[7]

[8]

[9]
[10]

[11]

B. Ricci, J. A., Bayer, L. R., and D. P. Orgill, “Evidence-based
medicine: the evaluation and treatment of pressure injuries,” Plastic
and reconstructive surgery, vol. 139, pp. 275-286, 2017.
M. Ao, K. Ota, and M. Dong, “Ontology-based data semantic
management and application in IoT- and cloud-enabled smart homes,”
Futur. Gener. Comput. Syst.,vol.76, pp. 528–539, 2017.
Evidence-based medicine working-group (EBMWG), “Evidence-based
medicine: A new approach to teaching the practice of medicine,”
Journal of the American Medical Association, vol. 17, p. 268, 1992.
J. Lieber, M. Aquin, F. Badra, and A. Napoli, “Modeling adaptation of
breast cancer treatment decision protocols in the KASIMIR project,”
Applied Artificial Intelligence., vol. 28, pp. 261–274, 2008.
A. K. Meena, and S. Kumar, “Study and Analysis of MYCIN expert
system,” International Journal Of Engineering And Computer Science,
vol. 4, no. 10, 2015.
S. Staab, M. Erdmann, and A. Maedche, “Ontologies in RDF(S),”
Linköping Electronic Articles in Computer and Information Science,
vol.6, p. 9, 2001.
M. Peleg, S. Tu, J. Bury, P. Ciccarese, J. Fox, R.A. Greenes, R. Hall,
P.D. Johnson, N. Jones, A. Kumar, S. Miksch, S. Quaglini, A. Seyfang,
E. H. Shortliffe, and M. Stefanelli, “Comparing Computer-interpretable
Guideline Models : A Case-study Approach,” Journal of the American
Medical Informatics Association, vol. 10, pp. 52–68, 2003.
B. Seroussi, J. Bouaud, and E.C. Antoine, “Oncodoc : a successful
experiment of computer-supported guideline development and
implementation in the treatement of breast cancer,” Artificial
Intelligence in Medicine, vol. 22, pp. 43–64, 2001.
A. Rector, and W. Nowlan, “The GALEN project,” Computer Methods
and Programs in Biomedicine, vol. 45, pp.75–78, 1993.
B. Gibaud, M. Dojat, H. Benali, O. Dameron, J. P. Matsumoto, M.
Pellegrini-Issac, R. Valabregue, and C. Barillot, “Towards an Ontology
for Sharing Neuroimaging Data and Processing Methods : Experience
Learned from the Development of a Demonstrator,” DiDaMIC., vol. 4,
pp. 15-2, 2004.
U. Hahn, and S. Schulz, Building a very large ontology from medical
thesauri, In Handbook on ontologies: Springer, Berlin, Heidelberg,
2004, pp. 133-150.

[12]
[13]
[14]

[15]
[16]

[17]

[18]

[19]

J. Golbeck, G. Fragoso, F. Hartel, J. Hendler, J. Oberthaler, and B.
Parsia, “The National Cancer Institute’s Thésaurus and Ontology,”
Journal of Web Semantics, vol.1, pp. 75–80, 2003.
K. Masters, “Preparing medical students for the e-patient,” Medical
teacher, vol. 39, no. 7, pp. 681-685, 2017.
R. Dieng-Kuntz, D. Minier, F. Corby, M. Ruzicka, O. Corby, L.
Alamarguy, and P.-H. Luong, “Medical Ontology and Virtual Staff for
a Health Network,” In Engineering Knowledge in the Age of the
Semantic Web, Proc. of the 14th International Conference, EKAW
2004 Lecture Notes in Computer Science: Springer, pp. 187–202, 2004.
L. Barbosa, and A.Pereira Neto, “Ludwik Fleck (1896-1961) and
knowledge translation: considerations about the genealogy of a
concept,” Saúde em Debate, vol. 41, pp. 317-329, 2017.
G. De Giacomo, D. Lembo, M. Lenzerini, A. Poggi, and R. Rosati,
Using ontologies for semantic data integration. In A Comprehensive
Guide Through the Italian Database Research Over the Last 25 Years:
Springer, pp. 187-202, 2017.
M. A. Casteleiro, D. Tsarkov, B. Parsia, and U. Sattler, Using Semantic
Web Technologies to Underpin the SNOMED CT Query Language. In
International Conference on Innovative Techniques and Applications
of Artificial Intelligence: Springer, pp. 217-231, 2017.
C.T. Bau, R.C. Chen, and C.Y. Huang, “Construction of a clinical
decision support system for undergoing surgery based on domain
ontology and rules reasoning,” Telemedicine and e-Health, vol. 20,
no.5, pp. 460-472, 2014.
G. Antonazzo, H. Attrill, N. Brown, S. J. Marygold, P. McQuilton, L.
Ponting, and G. H. Millburn, “Gene Ontology Consortium. Expansion

[20]

[21]

[22]

[23]
[24]
[25]
[26]
[27]

of the gene ontology knowledgebase and resources,” Nucleic Acid Res.,
vol. 45, doi:10.1093/nar/gkw1108, 2017.
S. Brandt, E. G. Kalaycı, V. Ryzhikov, G. Xiao, and M.
Zakharyaschev, A Framework for Temporal Ontology-Based Data
Access: A Proposal. In Advances in Databases and Information
Systems :Springer, pp. 161-173, 2017.
L. Wang, H. Liu, C. G. Chute, and Q. Zhu, “Cancer based
pharmacogenomics network supported with scientific evidences: from
the view of drug repurposing,” BioData mining, vol. 8, no. 1, p. 9,
2015.
R.A. Greenes, D.B. Tarabar, and M. Krauss, “Knowledge management
as a decision support method: a diagnostic workup strategy application,”
Computers and biomedical research journal, vol. 22, pp. 113-135,
1989.
D. Hassabis, D. Kumaran, C. Summerfield, and M. Botvinick,
“Neuroscience-inspired artificial intelligence,” Neuron., vol. 95, no. 2,
pp. 245-258, 2017.
H. G. Fill, “SeMFIS: a flexible engineering platform for semantic
annotations of conceptual models,” Semantic Web J., vol. 8, pp. 747763, 2017.
D. B. Lenat, and R. V.,”Building large knowledge based systems,”
Artificial Intelligence J., pp. 95-104, 1993.
S. C. Necula, “Implementing the main functionalities required by
semantic search in decision-support systems,” International Journal of
Computers, Communications & Control, vol. 7, pp. 907-915, 2012.
C. Golbreich, E.K. Wallace, and P.F. Patel-Schneider, “OWL 2 Web
Ontology Language new features and rationale,” W3C Journal, pp. 1517, 2012.

Comparative study between the Walsh Hadamard Transform and
Discrete Cosine Transform
A. A Saraiva1 , F.M.J. Castro2 , J.V.M Sousa.
Abstract— The present study aims to test the efficacy of two
transforms in the compression of electrocardiograms, being
them fast Walsh Hadamard Transform and Discrete Cosine
Transform. These transforms are submitted to tests to know
if the signal obtained after the compression has the best
quality,taking into consideration the size of the compression
thus, seeing which reconstructed signal has more quality in
relation to the signal of the original electrocardiogram.

I. INTRODUCTION
Technological advancement has made it possible for computing to become ubiquitous. In the hospital environment,
it was possible to create portable systems to carry out
the biophysic and biological monitoring. One of the most
important monitoring is related to the electrical activity of
the heart, electrocardiogram (ECG).
It is known from historical records that the first ECG in
humans was performed in 1872 by Alexander Muirhead, an
electrical engineer specializing in wireless telegraphy. However, the great breakthrough came from Willem Einthoven
(1860-1927), a physician and physiologist, who created
a more accurate, more sensitive and practical system for
recording cardiac electrical activity.
Currently, it has become a very widespread device, with
several models, including portable and associated with mobile devices. One of the main factors of ECG popularization
was that it was not invasive and easily interpreted.
Although the technology has made significant progress,
there are still problems to be solved such as the energy
consumption in data transmission in portable devices and the
battery life that feeds the equipment in direct proportion to
the amount of transmitted data. Data compression reduces
transmitted data and can significantly reduce the overall
power consumption of the system. In this way, a system that
records data over a high time interval, energy consumption
becomes a design problem.
Because signal analysis is an important tool for the performance of the analyst involved and a poorly prepared sample
can result in misinterpretation or processing. As a solution,
different compression algorithms were proposed.
Data compression is the process of detecting and eliminating redundancies of a data set. In terms of signal compression
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techniques, these were classified mainly in three categories:
time compression, transformed methods and parameter extraction techniques.
Time domain methods contain proprietary signal information, and the transformed methods contain transformed
signal information in which the original data is reconstructed
by an inverse process. The time domain compressors detect
the redundancies in the direct analysis of the signal samples
themselves.
The transformed compressors use a representation of the
signal in another domain to analyze the spectral and energetic
distributions, thus obtaining the detection of redundancies.
The method of parameter extraction is irreversible, in
which a characteristic of the signal is extracted. In most of
the literature that studies the compression of ECG signals,
we find direct or transformed compression techniques. Direct
methods do not need the transformed domain and can achieve
high levels of compression. However, they have no control
over the quality of the recovered signal, so they generally
have poor results.
In this paper, the efficiency of two compression and decompression methods will be studied: FWHT and DCT. The
data are analyzed in terms of signal quality and compression
level.
Section 2 deals with the morphology of the ECG. Section 3 will discuss existing compression and decompression
methods. In Sections 4 and 5 the mathematical part of the
algorithms compared. In section 6 the methodology is discussed. And in section 8 the following results of completion.
II. ECG SIGNAL MORPHOLOGY
The heart has as a functional characteristic the presence of an
expert excitatory system that develops an electrical activity
action, ending up in a transformation of electrical energy in
mechanical energy (heart beats) [1].
The generation of this signal is a responsibility of specialized muscles, being the sinus node the main responsible
of inducing impulses through the heart. This signal is transmitted to adjacent tissues, principle that is how electrical
signals captured in some points of the body can be seen as
ECG waves, in a pack of waves compound by five basics
waves denoted P, Q, R, S and T.
The generated electrical potential is a result of depolarization of the atria, denoted P wave, which has different
characteristics in shape and amplitude. QRS consists of
ventricular depolarization, and when they recover from a
depolarization state is called T wave, known as repolarization
wave, as shown in Fig.1

Fig. 1.

Registry of a normal electrocardiogram [2].

Based on this wave package, ECG is divided on three
phases, PQ, QRS and ST, which analysis is an important
and precise tool to assess and diagnose cardiac pathologies.
Computational techniques for detecting these events can
be impaired by many sources of artifacts, such as: muscle
contraction, induced or radiated interference from the power
grid and the patient’s breathing. Other problems are related to
the equipment: signal conditioning circuit, signal acquisition,
filter characteristics and representation of the signal in digital
form.
III. COMPRESSION OF CARDIAC SIGNALS
In the last 40 years, several methods have been proposed for
the compaction of ECG data [3].The methods have been of
extreme importance to reduce the data of the digital ECG
and to allow the storage and transmission of the same ones.
Among the compression algorithms used in the ECG can
be highlighted those of direct compression, such as the
Fan method [3] and [4] . They are characterized by being
algorithms with low loss rate, based on the approximation
and interpolation in several sample points. It draws the
longest possible line between the starting point and the end
point so that all intermediate samples are within the specified
error tolerance. The Fan method was applied on ECG data
by Gardenhire [5], [6]. More description in [7], [8] e [9].
The AZTEC technique, which is the amplitude zone
coding algorithm developed by [10] to analyze the ECG
in real time. It has a compression ratio of 10: 1. However,
the reconstructed signal shows significant discontinuities and
distortions.
The Turning Point Technique [11] was developed with
the purpose of reducing the sampling frequency of the ECG
without decreasing the QRS elevation.
The CORTES algorithm [12] is a hybrid of the AZTEC
and Turning Point algorithms. CORTES applies the Turning
Point algorithm to the high frequency regions (QRS complexes), while applying the AZTEC algorithm in the other
regions.
DPCM method that makes use of a predictor of the first
rates, became known as ”delta coding” was proposed in [13]

e implemented by [14].
Compression detection (CS) was proposed as an alternative for biosignal compression [15]. It involves a fairly simple
algorithm for compression. However, decompression requires
much more effort, since the recovery of the signal depends
on the resolution of optimization problems. It is therefore
not suitable for an application where the compressed signal
must be processed further into other parts of the restricted
energy system.
With the advancement of direct data compression came the
transformation compression techniques on multi-level ECG
or ECG signals.
In general, the pre-processing of the input signal occurs by
means of a linear orthogonal transformation and expansion
coding at the output. Of the discrete transformations [16]
[17] were used to Karhunen-Loeve transform (KLT), Discrete Wavelet Transform (DWT), Discrete Cosine Transform,
Walsh Hadamard Transform (WHT), etc.
The KLT results from the diagonal covariance matrix and
minimizes the total entropy in comparison with any other
transformation. However, the computational time required to
calculate the base vectors is very intensive.
The DWT is another tool for compression as it decomposes the signal into layers of information, so that less
significant layers can be rejected to achieve data reduction.
High CF can be obtained using this method. However, the
signals can not be processed in the time domain and therefore
a complex data transformation is required, resulting in a
relatively complex and high power algorithm.
IV. DCT - DISCRETE COSINE TRANSFORM
The DCT is very related to the Discrete Fourier Transform
(DFT), it can often reconstruct a precise sequence of only
a few DCT coefficients, this property is very useful for
applications that require data reduction, precisely the purpose
of this work, to explore the reduction of data use in electrocardiograms [18]. The DCT has four standard variants,
for an x-signal of size N and with the kronecker δ, the
transformations are defined by the equations1, 2, 3 and 4
respectively.
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The series are indexed with n = 1 and k = 1 instead of
the usual n = 0 and k = 0.
On the equations, x is meaning the input array, y are the
DCT itself and n is equal to the length of the transform, a

positive integer scalar, with x and y being vectors (they can
be matrices) [18].
All variants of DCT are unitary, equivalent or orthogonal.
To find their inverses, change K and N in each definition,
in particular variants 1 and 4 are their own inverse, while
variants 2 and 3 are inverse of each other.
In his work, Swarnkar using the standlet transform
achieved better results compared to DCT and Wavelet transform, being able to illustrate well its results using data like
SNR (also used in this work) Compression Ratio (CR) and
Price Related Differential (PRD) [19].
An example of using DCT in signal analysis is the work
of [20] that using DCT as a base, obtained good results in
the representation of the signals in time-frequency spaces,
in addition to achieving a good positive predictability, with
a percentage of 98.82 compared to the previous ones approaches.
A DCT expresses a series of finitely many data points in
terms of a sum of cosine functions. Oscillate at different
frequencies. DCT has the applications of solving partial
differential equations, Chebyshev approximation, audio compression [20].
V. FWHT- FAST WALSH HADAMARD
TRANSFORM
The WHT is a non-sinusoidal, orthogonal transformation
technique that decomposes the signal into a series of base
functions, these base functions are called Walsh functions,
which are rectangular and square waves with values of -1
and 1. They are also known as Hadamard, Walsh, or Walsh
Fourier transform.
Normally they are used in many applications such as
image processing, speech processing, filtering and digital
signal processing[21].
They are very useful in reducing the requirements of
storage, bandwidth and spectrum analysis. Like Fast Fourier
Transform (FFT) the WHT has a faster version to Fast
Walsh Hadamard Transform (FWHT), which compared to
FFT requires less storage space and is faster to calculate,
since it uses only real additions and subtractions, whereas
the FFT uses complex values.
Both the FWHT and the Inverse Fast Hadamard Transform
(IFWHT) are symmetric to each other and use identical
calculation processes[21].
For a signal x(t) of size N the FWHT and IFWHT are
defined as follows:
n−1
1 X
y=
xW AL(n, i)
N i=0

x=

n−1
X

(5)

VI. STATISTCS
For the achievement of the quality of compressed and
reconstructed signal classification, compared with the original signal was used the Mean Squared Error (MSE), Mean
Absolute Error (MAE), Signal to Noise Ratio (SNR), Peak
Signal to Noise Ratio (PSNR).
A. MSE
The MSE is a signal fidelity meter. The purpose of a
fidelity meter is to compare two signals and provide a
quantitative score that describes the degree of similarity or
fidelity and the level of error or distortion between them,
assuming that one of the signals is primitive and error-free
while the other is distorted and contaminated by errors. The
MSE can be calculated as the equation 7,shows
M SE =

m−1 n−1
1 XX
I − K2
mn x=0 y=0

(7)

Taking I, as a n predictions vector and K, as a vector of
observed values of the variable being predicted.
B. MAE
The MAE is a ”scaled” measure, in this, it expresses a
precise prediction model of errors in units of the variable
of interest, as well as the MSE, the smaller the value, the
greater the fidelity signal.
n

M AE =

1X
|ei |
n i=1

(8)

Reconstructed to the original signal, the MAE can be calculated assuming that there are n sample model errors e
calculated as (ei ,i=1,2,...,n) [22].
C. SNR
SNR is the rate between signal and noise, in engineering
and science the SNR is the measurement that compares the
level of the desired signal with the background noise level.
Mathematically the SNR is the intensity quotient of a signal
measured in a Region of Interest(ROI) and the standard
deviation of the signal intensity in an area outside the imaged
object’s anatomy.
PN
2
n=0 VR (n)
SN R = Log PN
(9)
2
n=0 SR (n)
The SNR can be calculated assumming VR (n) as the reconstructed signal, V(n) as the original ECG and the SR (n) as
the deformation of the reconstructed ECG [23].
D. PSNR and compression ratio

yW AL(n, i)

(6)

i=0

Where i=0,1...,N-1 and WAL(n,i) are the Walsh functions.
Similar to the Cooley-Tukey algorithm for the FFT, the N
elements are decomposed into two sets of N/2 elements,
which are then combined using a butterfly structure to form
the FWHT [21].

The compression rate is used to measure the capacity of
the data compression by comparing the size of the signal,
which is being compressed with the original signal.
The PSNR is a parameter used to quantify the signal
quality, it is also used as a benchmark, of the level of
similarity between the reconstructed signal and the original
signal.

The higher the PSNR value, the better the signal quality.
The PSNR can be calculated as the Equation 10, shows.


M AX 2
M AX
P SN R = 10 log
= 20 log
(10)
1
M SE
M SE 2
VII. METHODOLOGY

original and of a quality superior to the one obtained by the
IFWHT.

In the Fig.2, was exemplified the step by step of this work
in a simple block diagram, the example shows the process of
comparison between the two compression techniques, FWHT
and DCT.

In the Fig.3, are showed a 10 second reading of an ECG.

Now its exemplified with some images, the step by step of
the compression and reconstruction of the electrocardiogram
with each cited transform.

Fig. 3.

Fig. 2.

Methodology Block diagram

First,the signal input is added,then the data is taken from
it,before that,the compression technique is added to the
signal,if the FWHT is used, the signal are repeated 8 times,
and then a random noise is added, before the compression.
When the signal is compressed, the inverse transform of
the respective compression technique is added,getting with
that, a reconstructed signal.
Before that, the data of the reconstructed signal are taken
too,and with that, the comparison between the original and
the reconstructed signal.
To do so, the statistic used are the MSE, MAE, SNR and
PSNR with them, the signal quality and similarity can be
tested.
With the results of the comparisons between the signal
reconstructed and the original signal, the data taken from
this two, are compared between each other, by the statistics
of itself, knowing by that, what compression technique has
the best results.
VIII. RESULTS
After taking the results,is noted that in fact, the FWHT
can compress an ECG until 1/4 the size of the original
signal, however, with that quantity of compression, the signal
acquired through its reverse function has a lower quality.
In DCT it is already a bit different, the compression is not
as effective because the signal has little difference in size,
in compensation the reconstructed signal is very close to the

ECG used as test

In the Fig.4, the ECG signal was repeated 8 times and
random noise was added,with that its possible to obtains the
Walsh functions using the FWHT.

Fig. 4.

ECG repeated 8x and with random noise added

In the Fig.5, are showed the result obtained after the
signal passes through the FWHT, being converted into WHT
coefficients, or Walsh functions, with that its possible to use
the IFWHT to obtain a reconstructed signal.

On the table 1, are exemplified the results of the statistic
methods applied on the DCT reconstructed signal.
TABLE I
D ISCRETE COUSIN T RANSFORM
Transform
DCT
DCT
DCT
DCT

Test
PSNR
SNR
MAE
MSE

Value
25.188
8.660
0.755
0.008

On the table 2, are showed the results of the statistic
methods applied on IFWHT reconstructed signal.
Fig. 5.

WHT coefficients

In the Fig.6, are showed on upper part, the signal with
noise and repeated and below are showed the signal reconstructed by IFWHT, showed above the repeated signal to a
better view the similarity and proximity of the reconstructed
signal, to the base ECG.

TABLE II
FAST WALSH H ADAMARD T RANSFORM
Transform
FWHT
FWHT
FWHT
FWHT

Test
PSNR
SNR
MAE
MSE

Value
24.667
8.091
0.080
0.010

IX. CONCLUSION

Fig. 6.

ECG after IFWT.

In the Fig.7, are showed the result of the signal after
the IDCT reconstruction,compared above the original ECG
signal to a better view of the proximity and similarity.

In a direct comparison between the above-mentioned
transforms, the FWHT obtained advantage because the reconstructed signal approached the original signal and its
compression was much more efficient.
The data analyzed after the comparison had a low difference, to the point of being negligible, we take the PSNR as
an example, the FWHT resulted in 24.7, while the DCT had
25.2, a negligible difference.
Since, in this respect, the Hadamard transform approached
the cosine transform by a very low difference and its compression obtained good results, we can say that the FWHT
is the best form of compression between the analyzed ones.
Even though FHWT is more widely used in image processing, it has proven to be very effective,compressing and
reconstructing digital signals.
DCT has proven itself to be effective with a very precise
reconstruction of the compressed ECG in addition to the need
for signal repetition. as seen in the images above, the graph
of the DCT is relatively close to that of the original ECG.
keeping in mind the results obtained, we see that the
compression techniques discussed have their distinct particulars in certain aspects, therefore, we must always take into
account that in some cases the results may not be identical.
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Abstract— Functional MR technique is now widely used for
understanding the functions of the brain. The biggest problem in the
functional MR scanning is that subjects make head movements. The
aim of this study is to be able to identify and analyze the connectivity
in the brain have formed of the head movements using resting state
fmri. For this purpose, fmri data was acquired as two consecutive shots
from 5 healthy volunteers in the 9-16 age range. The FMRI
images(group 1) smaller than 0.3 mm of the head movement and the
images(group 2) of the head movement greater than 1 mm to max.2
mm of the same five persons were grouped and analyzed. Analyzes
were done using the Matlab software Conn toolbox. The connectivity
differences caused from motion in DMN regions were presented.
There was a lot of activation due to the movement especially in the
right IPL and MPFC regions(rsREL). This study gives important
conclusions about the detection of false interconnected regions that are
caused by head movement.
This project has been approved by Erciyes University ethics
committee (decision no: 2015/27) and supported by Tübitak (prject no:
215E356).
Keywords— functional MR, image processing, connectivity
analysis, resting state, head motion

I. INTRODUCTION
Functional MR imaging (fmri) is a special MR imaging
method used to map brain functions (speech, movement,
memory, etc.). When a mental activity begins to be performed,
the amount of blood going to the brain region that governs that
activity increases. This continued increase in blood flow during
mental activity causes changes in the MR signal from that area
of the brain. In fMRI, this signal change is detected by image
processing methods and it is mapped the region of the brain
which managed of relevant mental activity[1].
In resting-state FMRI, active networks in brain are examined
where there is no mental activity, in other words, not
specifically engaged in a specific task[2]. Brain networks and
activations obtained by resting state are almost like
backgrounds, and these networks may show measurable
differences in disease state. For this reason, it is very important
that the connectivity in the brain regions is correctly displayed
in resting.
Functional MR studies are very sensitive to head movements.
Even minor head movements during shooting can cause false

signals to emerge from brain regions[3]. The amount and shape
of the head movements is determined in the pre-processing
phase.
Especially in children and elderly patients and in some diseases
(Parkinson, Alzheimer) head movements become a serious
problem[4]. In recent years, studies aimed to investigate [4,5],
reduce [6], and calculate [7] a number of metrics to research
the effect of head motion in fMRI images are being developed.
The aim of this study is to be able to identify and analyze the
connectivity in the brain have formed of the head movements
using resting state fmri. For this purpose, the connectivity
differences caused from motion in DMN regions were
presented in this study.
II. METHODS

A. FMR image data recording and preprocessing
In the study, fMRI images were taken from five volunteers
with age range of 9-16 who had no neurological and psychiatric
disorders. Functional MR scans were performed with the
Simens 1,5 Tesla (Magnetom Area) MR device in the Pediatric
Radiology Department of Erciyes University Children's
Hospital. FMR imaging consists of three sequences, one for T1weighted Magnetization Preparation Gradient Echo (MPRAGE)
and one for T2-weighted Fluid-Attenuated Inversion Recovery
(FLAIR) sequences and one for GRE (Gradient Echo) based
BOLD (Blood Oxygenated Level Dependent) for functional
MR. This project has been approved by Erciyes University
Clinical Research Ethics Committee (decision no: 2015/27) and
is supported by Tübitak(Project no: 215E356).
Fmri data was acquired as two consecutive shots from five
healthy volunteers, these scans were recorded as images that
the MR device did moco (motion corrected) and did not moco.
So that the analyzes were made by grouping the images of the
same persons as with and without motion correction.
The recorded fmri data is done preprocessing using Matlab
software SPM toolbox[8]. Pre-processing generally consists of
4 steps; realignment, coregistration, normalization, and
smoothing. The head movement was determined at the
realigment step of the preprocessing to fmri images. The

translation and rotation graphics belong to a sample volunteer
in the study is given in Fig. 1.

the selected ROI region. Broadmann areas (BAs) are used as
seed and ROI regions.
Seed-to-voxel and ROI to ROI analyzes were performed on
head motion and motionless group and one sample t test was
used to evaluate the results (p value <0.001). In this study, the
connectivity differences caused from motion in DMN regions
were presented.
III. RESULTS AND DISCUSSION

Moco

In this study, the connectivity differences caused from motion
in DMN regions are presented. Activation differences resulting
from head motion in DMN regions are revealed by seed to
voxel and ROI to ROI analyzes. The seed-to-voxel analysis
results of the DMN regions with the greatest difference in Fig.
2 are given below. The voxel numbers in the regions are given
in Table 1.
The ROI to ROI analysis results are presented in Fig. 3. There
was no difference between the two groups for the PCC region.
Table 2 provides information on the number and intensity of
ROI regions associated with DMN regions.

Notmoco
Fig. 1. Head motion parameter graphics example

B. FMRI Data analysis
In the study, the fMRI images(group 1) smaller than 0.3 mm
of the head movement and the images(group 2) of the head
movement greater than 1 mm to max.2 mm of the same five
persons were grouped and analyzed. Analyzes were done using
the Matlab software Conn toolbox.
Functional connectivity analysis of the brain is analyzed in
three basic approaches: seed to voxel, ROI to ROI and voxel to
voxel. In this study, seed to voxel and ROI to ROI analyzes
were done. Seed analysis is investigating the correlation of all
voxels in the brain of any seed region. The ROI analysis
likewise calculates the correlation with all other ROI regions of

Fig. 2. Seed to voxel analysis results for MPFC(Medial prefrontal cortex) and
LIPL (Left inferior parietal lobe)

TABLE I
THE VOXEL SIZES OF SEED REGIONS

rsREL seed
Group 1
Group2
Difference
region
MPFC
1276 voxel 2000 voxel
724
RIPL
1456 voxel 1851 voxel
395
LIPL
2428 voxel 3096 voxel
668
PCC
988 voxel
1402 voxel
414
Note: Very small voxel clusters (<12) have been
neglected.

IV. CONCLUSIONS
The DMN is a large scale brain network of interacting brain
regions known to have activity highly correlated with each
other and distinct from other networks in the brain[9]. DMN
regions are the most dominant areas of brain regions in resting
state. The functions of these regions, the interrelationships with
each other and other regions, and the differences in these
regions are constantly being investigated in neuroimaging
studies. Therefore, it is also important to determine how much
the DMN regions are affected by the head movement.
This study gives important conclusions about the detection of
false interconnected regions that are caused by head movement.
Thus, it has been shown that the amount of head movement in
fMRI studies may affect the clinical findings that may be
present and prevent accurate diagnosis.
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Abstract— In this study, a novel perfect absorber (PA) array
based on Jerusalem cross nanoparticles for infrared sensing
applications is presented. Proposed PA array has a dual-band
spectral response, and the locations of resonances can be
adjusted by varying the geometrical dimensions of the structure.
Nearly unity absorbance is obtained from the PA array for both
resonances. Different dielectric spacers (MgF2, SiO2, and Al2O3)
are used to investigate the effects of dielectric spacer on the
absorbance characteristics of proposed PA array. Absorbance
characteristics of PA array are analyzed by using finite
difference time domain (FDTD) method. The near field
enhancements are more than 1200 times which is highly
desirable for the infrared sensing applications. In order to
control the refractive index sensitivity of proposed PA array, the
structures by loading cladding mediums with different refractive
indices are analyzed. The whole sensor is fully merged into the
cladding medium in a way that the thicknesses of the cladding
layer is 100 nm. Linear correlation between the resonance
frequencies and the refractive index of cladding mediums is
determined. Due to the high refractive index sensitivity and nearfield enhancement, and nearly unity absorbance, the proposed
dual-band PA array with adjustable spectral responses can be
used for infrared sensing applications.
Keywords— Perfect absorber, Nanoparticle, Plasmonics, Infrared
regime, Biosensing applications

I. INTRODUCTION
A new research area of plasmonic structures with perfect
absorption in a certain frequency range is getting attention,
known as plasmonic perfect absorbers (PAs) [1–8]. The
concept of metamaterial PA structures came from microwave
regime, due to the advancement in the nanotechnology; it can
be scaled down to the terahertz regime [5,7, 8]. The PAs are
composed of periodically arranged resonant metallic
nanoparticles and thin metal layer separated by a dielectric
spacer [2-5, 7-9]. There are many advantages of this kind of
metamaterial structures which include high absorptivity, small
thickness, and low density [8-9-10-16]. PAs operating in the
infrared and visible regions have been used for biomedical
sensing, surface-enhanced spectroscopy, and near-ﬁeld
scanning optical microscopy applications [1-21].

In this study, a Jerusalem cross nanoparticle shaped PA
array for sensing applications in infrared regime is presented.
Jerusalem cross shaped nanoantenna was presented by Cetin
at all [22-23] for optical applications. The optical properties of
plasmonic PA array are investigated by using the finite
difference time domain (FDTD) method [24]. In order to
understand the physical origin of the resonant behavior and
determine the field enhancement of the nanostructure, near
field distributions at the resonant frequencies are obtained.
Due to dual band spectral response and enhanced near field
distribution, the proposed PA array can be useful for
biosensing applications in mid-infrared regime.
II. NUMERICAL ANALYSIS
Schematic view of proposed PA is illustrated in the
Fig. 1(a). It consists of a dielectric spacer layer between
nanoparticle-based top layer and gold (Au) film on a dielectric
substrate (Si). Dielectric substrate thickness is 300 nm, gold
film thickness is 200 nm, dielectric spacer layer thickness is
100 nm and Jerusalem cross shaped gold nanoparticle
thickness is 50 nm. In Fig.1 (a), L indicates the length of the
unit cell and w indicates the widths of rectangular
nanoparticles that are in the middle of the structure
respectively. s indicates the lengths of top and bottom
rectangular nanoparticles and t1 indicates the widths of top and
bottom rectangular nanoparticles. g indicates the length of left
and right rectangular nanorods. Periodicities, Px and Py, of the
array are 1450 nm. During the simulations, the analyses are
performed under x-polarization illumination source and
geometrical dimensions are chosen as L = 1100 nm, w = 200
nm, s = 400 nm, t1 = 160 nm, and g = 450 nm. Periodic
boundary conditions are chosen as x- and y-axes, and perfectly
matched layers are used along the z-axis. The dielectric
constants of the materials are taken from Ref. [25].
Different dielectric spacers (MgF2, SiO2, and Al2O3) are
used to investigate the effects of dielectric spacer on the
absorbance characteristics of proposed PA array. The
absorbance (A) spectra of the structure for different dielectric
spacer (MgF2, SiO2, and Al2O3) are given in Fig. 1(b). It can be
seen from Fig. 1(b), all structures exhibit dual-resonant
behaviors in mid-IR regime. Also for all dielectric spacers, the
absorption rates are nearly unity.
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resonance (f1 = 64.5 THz) and %98.5 at the second resonance
(f2 = 165 THz). Electric field distributions are given in Figs.
3(b) and 3(c) at first (f1) and second (f2) resonances,
respectively. The near field enhancements are greater than
1200 times are concentrated on the rectangular nanorods.
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Figure 2(a) shows the absorbance (A), reflectance (R) and
transmittance (T) spectra of the PA array with MgF2 dielectric
spacer. The absorbance spectra are calculated by A = 1 - R – T
[19]. Proposed PA has dual resonances and both of them rate
as %99.9 at the first (f1 = 64 THz) and %98.9 at the second (f2
= 170 THz) resonances. Electric field distributions are given in
Figs. 2(b) and 2(c) at first (f1) and second (f2) resonances,
respectively. The near field enhancements are greater than
1200 times are concentrated on the rectangular nanorods.
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Fig. 3 (a) Spectral response of the PA with SiO2
(b, c) Electric field distributions |E|2/|Eint|2 at (b) f1 and (c) f2 resonances.

In Fig. 4(a), the A, R, and T spectra of the structure with
Al2O3 as dielectric spacer layer is given. Proposed PA has dual
resonances and both of them rate as %99.4 at the first
resonance (f1 = 57 THz) and %98.2 at the second resonance
(f2 = 146 THz). Electric field distributions are given in Figs.
4(b) and 4(c) at first (f1) and second (f2) resonances,
respectively. The near field enhancements are greater than 800
times at the first resonance and greater than 1000 times at the
second resonance.
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Fig. 2 (a)Spectral response of the PA with MgF2
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Figure 3(a) illustrates the A, R, and T spectra of the
structure with SiO2 dielectric spacer. Proposed PA has dual
resonances and both of them rate as %99.6 at the first
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Figure 5 demonstrates the changes in the spectral
response for different g, L, t1, s, w and P parameter values.
When the g (length of left and right rectangular nanorods)
increases, only first resonance frequency decreases (Fig. 5a).
Absorption spectra for L (length of the unit cell) variation is
given in Fig. 5b, which shows that both resonance frequencies
of the structure decrease with the increasing length of the unit
cell. As the t1 (widths of top and bottom rectangular
nanoparticles) increases, both of the resonance frequencies
decrease (Fig. 5c). When the s (lengths of top and bottom
rectangular nanoparticles) increases, only second resonance
frequency decreases (Fig. 5d). When the w (widths of
rectangular nanoparticles that are in the middle of the
structure) increases, only first resonance frequency increases
slightly (Fig. 5e). The dependence of absorption spectra on the
periodicity (P) is shown in Fig. 5f. The first resonance
frequency increases and the second resonance frequency
decreases when the periodicity (P) increases. The optical
characteristics of the proposed PA arrays are dependent on
geometrical parameters (Fig. 5). The resonance frequencies of
the proposed PA arrays can be tuned by changing the
geometrical dimensions of PA arrays.

In order to control the refractive index sensitivity of
proposed PA array, the top of the structure is covered with
cladding layers with different refractive indices (Fig. 6a). The
cladding layer thicknesses are 100 nm. Linear correlation
between the resonance frequencies and the refractive index of
cladding mediums are determined. As the refractive index of
the cladding medium increases, both of the resonance
frequencies decreases (Fig. 6b).
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Fig. 6 (a) Schematic view of the proposed PA with cladding medium
(b) Linear dependence between resonance frequencies and refractive indices

III. CONCLUSIONS
In conclusion, a novel plasmonic PA array based on
Jerusalem cross nanoparticles for infrared sensing applications
is presented. The spectral response and near field distributions
of the proposed PA array are obtained by using the FDTD
method. The effects of the dielectric spacer on the spectral
responses of the proposed PA array are determined. The
highest absorption rates and near field enhancements are
obtained PA array for MgF2 dielectric spacer. Due to the dualband spectral response and enhanced near-field distributions,
the proposed dual-band Jerusalem cross nanoparticles based
PA array with adjustable spectral responses can be used for
infrared sensing applications.
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Abstract— The effects of dielectric spacer on the absorption
characteristics of the dual-band perfect absorber (PAs) array
based on Magen David shaped nanoparticles are investigated by
using the finite-difference time-domain (FDTD) method. The PA
array has a dual-band spectral response. Nearly unity
absorbance is obtained from the PA array for both resonances.
The structure design is based on the near field plasmon coupling
between the gold film layer and the top nanoparticle array. In
this context, the dielectric spacer layer is used to support this
plasmon coupling and the gold film on the silicon substrate is
also utilized to eliminate the transmittance through the structure.
Different dielectric spacers (SiO2 and MgF2) are used to
investigate the effects of dielectric spacer on the absorbance
characteristics of proposed PA array and high field enhancement
is achieved by the interaction of the sharp corners of
nanoparticles. The near field enhancements are more than 2500
times at the first resonance frequency, more than 3000 times at
the second resonance frequency which is highly desirable for the
infrared bio-sensing applications. Due to the high near-field
enhancement and nearly unity absorbance, the proposed dualband PA array can be useful for bio-sensing applications in
infrared regime.
Keywords— Perfect absorber, Biosensing, Dielectric spacer,
Infrared regime, Nanoparticle

I. INTRODUCTION
Perfect absorbers (PAs) are a new research area of
plasmonic structures. They can support near unity absorbance
within a narrow frequency ranges. Plasmonic based perfect
absorbers are plasmonic nanoantennas which absorb almost
all radiation coming from the resonance frequencies. PAs are
operating in the infrared and visible regions to use for
biomedical sensing and surface-enhanced spectroscopy
applications [1–8]. The PAs are composed of periodically
arranged resonant metallic nanoparticles and thin metal layer
separated by a dielectric spacer mostly like MgF2, SiO2, or
Al2O3 [2-5, 8-10]. There are many advantages of this kind of
metamaterial structures which include high absorptivity, small
thickness, and low density [8-9, 10-19]. In a study, a
nanoparticle-based dual-band perfect absorber designed with a
unit cell of two asymmetric cross rectangular nanorods. The
asymmetric cross was used for simultaneously detection of CH and C=O bonds in PMMA [20]. In conclusion, perfect

absorbers can be used as a biosensor for detecting of target
analytes such as proteins, ligands, molecules, viruses.
In this study, a Magen David nanoparticle shaped PA array
for sensing applications in infrared regime is presented.
Magen David shaped nanoantenna was presented by Onur at
all [21] for optical applications. The optical properties of
plasmonic PA array are investigated by using the finite
difference time domain (FDTD) method [22]. In order to
understand the physical origin of the resonant behavior and
determine the field enhancement of the nanostructure, near
field distributions at the resonant frequencies are obtained.
II. NUMERICAL ANALYSIS
Schematic view of Magen David shaped perfect absorber
is illustrated in the Fig. 1(a). It consists of a dielectric spacer
layer between nanoparticle-based top layer and gold (Au) film
on a dielectric substrate (Si). Dielectric substrate thickness is
300 nm, gold film thickness is 250 nm, dielectric spacer layer
thickness is 50 nm and Magen David shaped gold nanoparticle
thickness is 75 nm. In Fig.1 (a), L indicates the length of the
unit cell and w indicates the base-widths of rectangular
nanoparticles. h indicates the distance between the top and
bottom rectangular nanoparticle’s bases. The isosceles
triangles heights are 800 nm. Periodicities, Px and Py, of the
array are 1450 nm. During the simulations, the analyses are
performed under x-polarization illumination source and
geometrical dimensions are chosen as L = 1100 nm, w = 1100
nm and h = 400 nm. Periodic boundary conditions are chosen
as x- and y-axes, and perfectly matched layers are used along
the z-axis. The dielectric constants of the materials are taken
from Ref. [23].
Different dielectric spacers (SiO2 and MgF2) are used to
investigate the effects of dielectric spacer on the absorbance
characteristics of proposed PA array. The absorbance (A)
spectra of the structure for different dielectric spacer (SiO2 and
MgF2) are given in Fig. 1(b). It can be seen from Fig. 1(b), all
structures exhibit dual-resonant behaviors in mid-IR regime.
Also for all dielectric spacers, the absorption rates are nearly
unity.

w

Figure 3(a) illustrates the absorbance (A), reflectance (R)
and transmittance (T) spectra of the structure with MgF2
(n = 1.37) dielectric spacer. Proposed PA has dual resonances
and both of them rate as %99.8 at the first resonance (f1 = 79.5
THz) and %99.8 at the second resonance (f2 = 191.5 THz).
Electric field distributions are given in Figs. 3(b) and 3(c) at
first (f1) and second (f2) resonances, respectively. The near
field enhancements are greater than 2500 times at the first
resonance and greater than 3000 times at the second resonance
are concentrated on the sharp corners of the structure.
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Fig. 1 (a) Schematic view of Magen David shaped PA
(b) Absorption spectra of Magen David shaped PA for different spacer layers.

Figure 2(a) shows the absorbance (A), reflectance (R) and
transmittance (T) spectra of the PA array with SiO2 (n = 1.5)
dielectric spacer. The absorbance spectra are calculated by
A = 1 - R – T [20]. Proposed PA has dual resonances and both
of them rate as %99.9 at the first (f1 = 78.5 THz) and %99.8 at
the second (f2 = 187.5 THz) resonances. Electric field
distributions are given in Figs. 2(b) and 2(c) at first (f1) and
second (f2) resonances, respectively. The near field
enhancements are greater than 2500 times at the first resonance
and greater than 3000 times at the second resonance frequency
and they are concentrated on the sharp corners of the triangular
nanoparticles.
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In order to control the refractive index sensitivity of
proposed PA array, the top of the structure is covered with
cladding layers with different refractive indices (Fig. 4a). The
cladding layer thicknesses are 100 nm. Linear correlation
between the resonance frequencies and the refractive index of
cladding mediums are determined. As the refractive index of
the cladding medium increases, both of the resonance
frequencies decreases (Fig. 4b). Linear dependence between
resonance frequencies and refractive indices can be seen in
Fig. 4c.

1

Absorbance

0.8

[6]

b)

n=1
n = 1.25
n = 1.5
n = 1.75
n=2

0.6
0.4

[7]
[8]

0.2

Resonance Frequency (THz)

0

[9]
50

100
150
Frequency (THz)

200

[10]

200

[11]

c)

150

1. mode
2. mode

100

[12]
[13]

50

1

1.2

1.4
1.6
Refrective Index

1.8

2

Fig. 4 (a) Schematic view of the proposed PA with cladding medium
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III. CONCLUSIONS
In conclusion, a novel plasmonic PA array based on
Magen David nanoparticles for infrared sensing applications
is presented. The spectral response and near field distributions
of the proposed PA array are obtained by using the FDTD
method. The effects of the dielectric spacer on the spectral
responses of the proposed PA array are determined. The
highest absorption rates and near field enhancements are
obtained PA array for SiO2 dielectric spacer. Due to the dualband spectral response and enhanced near-field distributions,
the proposed dual-band Magen David nanoparticles based PA
array can be used for infrared sensing applications.
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Abstract— Qualitative modelling of gene regulatory networks is a
growing discipline, with the main scope to highlight the insights
of these networks and to predict their behaviour under different
internal/external perturbations, from the molecular level to the
whole organism system. To study the dynamics of such networks
– which include tens to thousands of components (genes,
proteins, enzymes, etc.), and hence, the absence of quantitative
information – different qualitative models have been developed,
such as Boolean models, which requires the knowledge of only
the types of interactions (inhibition or activation) and provides
important results, comparative with the experimental data. Still,
these models fail to ensure quantitative information for the
system, which is highly important to understand specific
behaviours. In this work, we present a methodology to estimate
the kinetic parameters for a toy gene – regulatory network. We
use Boolean models to study the stability of the network and
apply the Genetic Algorithms on semi – random matrices, which
elements represent the coefficients of interaction. The system,
modelled by the Lotka-Volterra ecological model equations and
characterized by the estimated coefficients, shows to follow the
same dynamics as obtained by the Boolean model, while the
simulations give quantitative information even for the indirect
interactions between system components.
Keywords— genetic algorithm, Boolean models,
parameters, fixed points, gene regulatory network

kinetic

I. INTRODUCTION
In the living systems, the genome carries and inherits the
information about all the characteristics and functions of the
organism, through a huge number of coordinated interactions
between genes, RNAs and proteins, forming the so-called
gene regulatory network [1]. The necessity of understanding
the gene regulation mechanisms, in the system level, is
crucial: if we can understand how the systems components
interact with each – other, we can highlight the physiological
functions, diseases processes and responses to drugs and
therapy [2]. In the last decades, the intervention of advanced
technology enabled the processing of the tremendous amount
of quantitative information, derived from the experiments, in
order to analyze and understand the way these interactions
occur, thus, giving rise to the genomic signal processing,
through the implementation of the mathematical models [1]
[3].
A biological system, from the cellular level to the whole
organism, reacts to the inner/outer perturbations through
coordinated interactions, which include tens to thousands of

components. Consequently, constructing a biological network,
by implementing the theoretical and experimental knowledge,
would be the first challenge in network modelling of the
system. In network presentation, each component is
represented by a node, while the interactions and processes
among the nodes (inhibitory/stimulatory) are denoted by
directed edges, denoting the type and direction of mass or
information propagation [3]. Depending on the definition the
nodes and edges, different types of biological networks are
known, as the gene regulatory networks, metabolic networks,
signal transduction networks, protein – protein networks, etc.
The network presentation of a biological system can serve
as a backbone for the implementation of graph theory analysis
[4] (structure analysis – centrality measures, strongly
connected components, clustering analysis, etc.) – which
provide information about the organization and heterogeneity
of the network – and the mathematical models for the
dynamical analysis, which study the time evolution of the
concentration of each component. Dynamic models can be
divided in two major groups, depending on the way they
implement the time and the description of the state of the
system: continuous models and discrete models [3]. The
continuous models are usually represented by a system of
differential equations, each of which describing the time
evolution of the population of a specie. These models provide
the most relevant method to capture quantitative and
qualitative information about the system behavior; still this
method is hampered by the absence of knowledge of kinetic
details of the interactions and requires detailed initial
information about each node/interaction. To overcome this
limitation, discrete models have been widely developed and
improved in time. In these models, time is discrete and only
the inhibitory/stimulatory nature of the interactions in being
considered. Discrete models have been developed following
different methodologies, such as logical models, Boolean
models (and the subclass of Probabilistic Boolean Networks),
Petri nets, etc., and provide important qualitative information
about the system evolution. To bridge these two groups,
hybrid models (and Hill-type and Glass-type models) are
developed to give a more reliable information about the
systems dynamics, by combining the discrete interpretation
with the continuous concentration of each node [5] [6]. It is
clear that the choice which model to use depends on the level
of qualitative information or experimental data [7].

Discrete models have proved to successfully describe
numerous biological systems. Boolean models are used for
modelling segment polarity gene network [3], T cell receptor
signaling [8], etc., while in medicine these models are
implemented in the study of the brain cancer, gastrointestinal
cancer, hepatic cancer etc. Recently these models are used
even in Quantitative Systems Pharmacology – an emerging
discipline with the main focus on the study on the effects of
different drugs on biological systems [2]. Still, it is important
to note that these models provide only qualitative information
about the system evolution – predicting the system specific
state quantitatively requires the knowledge of the kinetic
parameters. Parameter estimation problem can be considered
as a challenging problem that can lead to the construction of a
fully continuous model. Improving a model by using the
observed system dynamics consists in solving two major
problems: (i) write the equations with the unknown
parameters – if all the chemical reactions are known, and (ii)
find the values of the unknown parameters that lead to
predictions that best match the dynamics [9]. In this attempt,
the linear system community, for example, considers
parameter estimation in connection with linear models – often
called as system identification. Some other methods include
ODE models, Recurrent Artificial Neural Networks (RANN)
[10], Sigma-Pi Neural Networks (SPNN), hierarchical models,
generalized mass action (GMA) [11] as well as simulated
annealing [12], Boolean Network Inference (REVEAL) [13]
and stochastic models. In [14], Wittman et al developed a
MATLAB/Octave
software
for
continuous
model
reconstruction.
In this work, we introduce a methodology for parameter
estimation by using the Genetic Algorithm (GA) on a toy
network, modelled by a system of linear differential equations.
Firstly developed by Holland in the 1960s, Genetic
Algorithms [15] have been considered as one of the most
important tools for the evolution strategies, evolutionary
programming and other evolutionary approaches. We divide
our approach in two parts: firstly we implement a Boolean
model into a toy biological network and study the system
stability, by applying different updating schemes (section I.A).
Secondly, we assume the system being described by a system
of nonlinear differential equations, as in the Lotka-Volterra
ecological model and use the GA on the system interaction
matrix, whose elements represent the values of the
coefficients of the interactions between system components
(see section Methods).

A. Boolean Models
In Boolean models – first developed by Kauffman in 1969
[16]– each node can have only two qualitative values,
indicating its state: 1 (ON) or 0 (OFF) (expressed/notexpressed gene, open/closed gate, a concentration
above/below the threshold, active/inactive transcriptional
factor). The state of each node is determined by the Boolean
function on the current states of its regulators, through the
Boolean operators AND, OR and NOT [1] [3]. The state
space of a Boolean model consists of all the possible states,

and its size will be
for a model with nodes [1] while the
graphical representation of the state space it’s often referred as
the state transition graph.
The dynamical analysis of the network through the Boolean
model is done by implementing the time and determining the
updating scheme. In principle, time is an implicit and discrete
variable and the definition of a timescale depends on the
nature of the network. The updating schemes of states’
generation can be divided in two major groups: (i) the
synchronous scheme – in which equal timescales are
considered for all the processes involved within the network –
and (ii) the asynchronous scheme – in which the nodes are
updated based on random selection or on their individual
timescales. In essence, if we denote the current state of a node
with
and the future state by
, the
synchronous and the asynchronous schemes follow the
algorithms:
 The synchronous update: The future state of node is
obtained by applying the Boolean function of its
regulators:



(
)
where is the Boolean function of the th node and
are the states of its regulators.
The asynchronous update – random order
asynchronous (ROA): At each time step, a random
permutation of the nodes is selected, from the state
space of possible permutations. In this case:
(





)
{
} . If the position of the
where
regulator is before the node ,
, otherwise
.
The asynchronous update – general order
asynchronous (GOA): in each time step, a randomly
selected node is updated and the network is updated in
that order.
The asynchronous update – deterministic order
asynchronous (DOA): each node is associated by a
characteristic time unit (which is determined based
on experimental knowledge, or, randomly chosen
from a uniform distribution) and its state is updated
only in multiplies of its time unit:
{

The equilibrium state – often defined as attractor – is
determined as the state (states) in which all the other states
settle, in the long term behaviour. Attractors can be divided in
two groups: (i) fixed points (single states) and (ii) complex
attractors (limit cycle – a set of oscillating states). The fixed
points of a system are time-independent, i.e.
, and can
be obtained by solving the system of Boolean equations, while
the limit cycles can be identified by using search-based
methods that utilize the properties of the state transition graph
or by using methods as scalar equations or reduced scalar
equations [3].

Obtaining the Boolean functions that best fit the real
biological network is based on the a priori knowledge; Saez –
Rodriguez et al [17] used CellOptR [18] to generate
Boolean functions to model the signalling pathways between
primary hepatocytes and four hepatocellular carcinoma cell
lines. The Boolean function that best describes the network is
selected by minimization of the objective function , as the
mean square error between the experimental data and the
numerical results obtained by the model.

B. Genetic Algorithms
Many computational problems require a program to be
adaptive (like in robot control or computer interfaces),
innovative and, also, to give solutions to complex problems
that are too difficult to be solved analytically. The variety of
the optimization problems have led to the development of
different optimization algorithms, each of which aiming to
ensure the robustness and heuristic properties and to avoid the
convergence to local optima. Some of these algorithms
include the statistical mechanics-based algorithms, as
simulated annealing (SA) [19], tabu search [20], artificial
neural networks, and evolutionary-based algorithms as genetic
algorithms (GA), memetic algorithms, particle swarm, antcolony systems and shuffled frog leaping [21] .
Genetic algorithms were first developed by Holland in the
1960s; his original idea was to study the phenomena of
adaptation, as it occurs in nature, and to develop ways in
which this mechanism might be incorporated into computer
systems [15]. As in the natural process of evolution, the
algorithm starts with a population of chromosomes (possible
solutions of the problem) and generate the new generations by
applying the crossover (or recombination), mutation and
natural selection on the individuals of the population, while
the selecting process is based on a certain performance of
criterion that the selected individuals must fulfil (see [22] and
[15] for detailed explanations of each step of the evolution
process). In principle, the evolutionary process will continue
till a convergence is reached (i.e. all the individuals give the
same performance).
Despite the variety of applications, the GAs have been
mostly used under a linear nature, while many computational
problems have a two (or higher) dimensional structure nature
[23]. In 2-dimension, GA have been successfully applied in
solving the linear transportation problem, multi-variable
adaptive control, the State assignment problem [23].

C. Lotka-Volterra ecological model
Firstly published in 1925, Lotka-Volterra ecological model
describes the interactions within a two-species predator-prey
system, represented by a system of nonlinear differential
equations [24] [25]. In the most general form, the growth of
populations
, with densities
are
determined by the effects of the -th specie on itself and from
the other species:

∑

̇

(
)
where, is the intrinsic growth (or decay) rate for -th species
and represent the effect of the -th species on the -th. The
matrix
( ) is called the interaction (or community)
matrix and the sign of its elements depend on the type of
interaction [26]. Since its publishment, different versions of
the model included the analysis of the system in the presence
of diffusion, delay, mutations, migration, etc. [26] [27] while
the stability of the system with
was studied by May in
the 1970s [28] [29]. Although originally describing an
ecological system, the model found numerous applications in
economy, chemistry, biology, etc.
The stability analysis of the system (1) is done by
linearizing the equations, in the form
̇

∑

- where are the unit-less populations of each specie and
the matrix
( ) is the Jacobian of the transformation –
and then solving the equation ̇
. The equilibrium point(s)
nature is determined by the eigenvalues of around the
equilibrium point(s). In the most general case, i.e. the
eigenvalues are complex (
), the stability of the
equilibrium is determined by the “dominant” (see [29])
eigenvalue:
the
equilibrium
is
stable
whenever
.
The determination of the community matrix – however –
requires the knowledge of the exact form of the interaction
functions and to calculate the precise equilibrium point
(or
), both of which define real challenges even for small
communities. To overpass this difficulty, May [30] proposed
to skip the determination of the Jacobian and to directly
consider the community matrix as a large random matrix: the
stability analysis of the system was then based on the random
matrix characteristics [31].
II. METHODS
In this study, we firstly introduce the Boolean model of a
toy biological network with the given interactions between the
nodes and study the system dynamics by applying different
updating schemes (subsection A). Secondly, we assume that
the system dynamics is described by the Lotka-Volterra model
equations, to describe the time evolution of the concentration
of each node and study the system behaviour around its
stability (subsection B). Lastly, we use the Genetic Algorithm
to predict the values of the interaction coefficients between
the nodes (subsection C).

A. Dynamical Analysis
Given the biological network, composed of three
interacting components, we write the corresponding Boolean
equations for each node (Fig. 1).

B. The model
Boolean functions:
A* = B;
B* = A or not (C);
C* = B and not (A);

Fig. 1 (Left) Graphical interaction representation of a network consisting of
three nodes. The red arrows (ending with ┤) denote inhibition while the green
arrows (ending with →) denote activation. (Right) The corresponding
Boolean functions, for each node.

It is important to clarify the use of the AND and OR
operator: if two or more components cooperate to regulate the
activity of another component, the operator AND must be
used, otherwise, i.e. if the components operate independently,
the operator OR must be used.
The simulations done by using the synchronous updating
scheme and ROA [32] show that the system has one fixed
point, given by the state vector
(Fig.
2). The state space consists of
states, while the basin
of attraction, i.e. the states that lead to the attractor, for both
schemes, is composed of 7 states.

Fig. 2 The state transition graph of the network in Fig. 1. (Up) The
synchronous updating scheme, (Down) The ROA updating scheme. From
both updating schemes, we obtain
.

In the linear representation, the dynamics of a gene
regulatory network of components, modelled as a LotkaVolterra ecological model, is given by the equation:
̇

∑

In the steady state, the left side of the equation is equal to 0;
from the Boolean model, we know the steady state is achieved
in
. Using the information from the system of
Fig.1, the elements
are set as follow:

;

if the component has an activation effect on ,
and
if has an inhibitory effect on .

.
For the system considered in Fig. 1, the interaction matrix
would be written as follow:
(

)

GA implementation, in this point, is straightforward,
following the steps below:
1. Set a family of initial matrices (parents);
2. Set the fitness function as the minimum of the
Euclidian norm between the solution vector of the
homogeneous system ̇
from each matrix and the
, calculate the fitness for each matrix and
sort the population due to their fitness;
3. Set a probability of selection, , for each individual,
based on its fitness;
4. Select two parents and apply the crossover with
probability
;
5. Apply a mutation on each offspring with probability
;
6. Calculate the fitness for each offspring: if
the offspring is not accepted in
the next generation; otherwise it is accepted;
7. Repeat from step 3 for a number of
or till
the fitness reaches a converging value;
8. The best individual is chosen after sorted upon the
fitness in the last generation (the individual with the
maximal fitness).
It is important to note that, the system stability condition
requires all the eigenvalues of the selected matrices to have
a negative real part (as mentioned in subsection I.C) and to
obey the singularity criterion (i.e. the system must have a
non-trivial solution).
III. RESULTS
For the simulations of the GA, we set an initial population
of
matrices (this is used as a limit population size)
and a number of
. We set a minimal
crossover probability of
and
. The
numerical results of the values of the
for each
generations is given in Fig. 3. The best individual (i.e. the
matrix that best describes the system stability) is

with

)

corresponding
solution
.
The
numerical
simulations give a very interesting result about the non-direct
interaction, e.g.
, for which we obtain a value
. This result can be explained due to the fact that (i) in
a biological network a change of the concentration or activity
of one component causes a cascade of reactions, which may

Fig.

a

(

3 The value of

affect indirectly all the other components and (ii) we used a
qualitative-nature fixed point, obtained from the Boolean
model, without exact specifications of the concentrations of
the system components in the equilibrium state.
It is important to note that, essentially, the generated
coefficients
can be used to evaluate the kinetic parameters
of the interactions within the system components, around the
fixed point. For this scope, however, the exact form of the
interaction functions is needed.

for 100 generations. The best individual gives a fitness of

IV. CONCLUSIONS
Parameter estimation of the biological networks consists a
challenging analytical and computational problem. Still, this is
crucial calculation that can highlight specific details and
behavior of the system under different internal/external
perturbations. Here we propose a methodology to bridge a
qualitative representation with the quantitative one for a toy
biological network. We analyze the system dynamics by using
Boolean models under two different updating schemes
(synchronous method and ROA method) and use the steady
state information to obtain the approximate values of the
interaction parameter values, of the linearized model. The
implementation of the Genetic Algorithm on a set of
interaction matrices, give a quantitative representation of the
network while highlights important features of the indirect
interactions between the biological components. The
methodology however, gives an approximate behavior of the
system, around its fixed point.

, which corresponds to the

ACKNOWLEDGMENT
This work is part of the project “Modelling and Numerical
Simulations of Biological Processes”, leaded by M.I. The
authors thank D.P for the help in GA implementation. M.M
thanks K.N and E.D for critical reading of the material.

REFERENCES
[1] Yufei Xiao, "A tutorial on analysis and simulation of
boolean gene regulatory network models," Current
Genomics, vol. 10(7), pp. 511-525, 2009.
[2] Peter Bloomingdale, Van Anh Nguyen, Jin Niu, and
Donald E. Mager, "Boolean network modeling in
systems pharmacology," Journal of Pharmacokinetics
and Pharmacodynamics, pp. 1-22, 2017.
[3] Assieh Saadatpour and Réka Albert, "Boolean modeling
of biological regulatory networks: A methodology
tutorial," Methods, vol. 62, pp. 3-12, 2013.
[4] Shlomo Halvin and Cohen Reuven, Complex networks.

Structure, robustness and function., 2010.
[5] Frédéric Grognard, Hidde de Jong, and Jean-Luc Gouzé,
"Piecewise-Linear Models of Genetic Regulatory
Networks: Theory and Example," Biology and Control
Theory: Current Challenges, pp. 137 - 159, 2007.
[6] Dominik M Wittmann et al., "Transforming Boolean
models to continuous models: methodology," BMC
Systems Biology, vol. 3, no. 1, p. 98, 2009.
[7] Assieh Saadatpour and Réka Albert, "A comparative
study of qualitative and quantitative dynamic models of
biological regulatory networks," EPJ Nonlinear
Biomedical Physics, vol. 4, no. 1, p. 5, 2016.
[8] Assieh Saadatpour, Istvan Albert, and Réka Albert,
"Attractor analysis of asynchronous Boolean models of
signal transduction networks," Jounal of Theoretical
Biology, vol. 266, pp. 641 - 656, 2010.
[9] James M. Bower and Hamid Bolouri, Computational
modeling of genetic and biochemical networks.
Massachusetts: MIT Press, 2001.
[10] Rui Xu, Donald Wunsch II, and Ronald Frank,
"Inference of Genetic Regulatory Networks with
Recurrent Neural Network Models Using Particle Swarm
Optimization,"
IEEE/ACM
Transactions
on
Computational Biology and Bioinformatics, vol. 4, no. 4,
pp. 681 - 692, 2007.
[11] Michael A Savageau, "Development of fractal kinetic
theory for enzyme-catalysed reactions and implications
for the design of biochemical pathways," Biosystems, vol.
47, no. 1-2, pp. 9-36, 1998.
[12] King-Wai Chu, Yuefan Deng, and John Reinitz, "Parallel
Simulated Annealing by Mixing of States," Journal of
Computational Physics, vol. 148, no. 2, pp. 646 - 662,
1999.
[13] Shoudan Liang, Stefanie Fuhrman, and Roland Somogyi,
"Reveal, A General Reverse Engineering Algorithm for
Inference of Genetic Network Architectures," 1998.
[14] Jan Krumsiek, Sebastian Pölsterl, Dominik M Wittmann,
and Fabian J Theis, "Odefy - From discrete to continuous
models," BMC Bioinformatics, vol. 11, p. 233, 2010.
[15] Melanie Mitchell, An Introduction to Genetic Algorithms.
Massachusetts: MIT Press, 1999.
[16] Stuart A. Kauffman, "Metabolic stability and epigenesis
in randomly constructed genetic nets," Journal of
Theoretical Biology, vol. 22, no. 3, pp. 437 - 467, 1969.
[17] Julio Saez-Rodriguez et al., "Comparing signaling
networks between normal and transformed hepatocytes
using discrete logical models," Cancer research 71(16).
doi:10.1158/0008-5472.CAN-10-, pp. 5400-5411, 2011.
[18] Camille Terfve et al., "CellNOptR: a flexible toolkit to
train protein signaling networks to data using multiple
logic formalisms.," BMC systems biology 6.1, p. 133,
2012.

[19] Yaghout Nourani and Bjarne Andresen, "A comparison
of simulated annealing cooling strategies," Journal of
Physics A: Mathematical and General, vol. 31, no. 41, p.
8373, 1998.
[20] Fred Glover, "Tabu Seach-Part I," ORSA Journal on
Computing, vol. 1, no. 3, pp. 190-206, 1989.
[21] Emad Elbeltagi, Tarek Hegazy, and Donald Grierson,
"Comparison
among
five
evolutionary-based
optimization algorithms," Advanced Engineering
Informatics, vol. 19, no. 1, pp. 43-53, 2005.
[22] Michael Affenzeller, Stefan Wagner, Stephan Winkler,
and Andreas Beham, Genetic algorithms and genetic
programming: modern concepts and practical
applications.: Crc Press, 2009.
[23] Bradley C. Wallet, David J. Marchette, and Jeffrey L.
Solka, "Matrix representation for genetic algorithms,"
Automatic Object Recognition VI, vol. 2756, pp. 206215, 1996.
[24] Sundarapandian Vaidyanathan, "Adaptive Biological
Control of Generalized Lotka-Volterra," vol. 8, no. 4,
2015.
[25] Narendra S. Goel, Samaresh C. Maitra, and Elliott W.
Montroll, "On the Volterra and Other Nonlinear Models
of Interacting Populations," vol. 43, no. 2, 1971.
[26] Yasuhiro Takeuchi, Global Dynamical Properties of
Lotka-Volterra Systems.: World Scientific, 1996.
[27] Margarita Ifti and Birger Bergersen, "Crossover
behaviour of 3-species systems with mutations or
migrations," The European Physical Journal B Condensed Matter and Complex Systems, vol. 37, no. 1,
pp. 101-107, 2004.
[28] Robert M. May, "Will a Large Complex System be
Stable?," Nature, vol. 238, pp. 413 - 414, 1972.
[29] Stefano Allesina and Si Tang, "The stability–complexity
relationship at age 40: a random matrix perspective,"
Population Ecology, vol. 57, no. 1, pp. 63-45, 2015.
[30] Robert M. May, "Qualitative Stability in Model
Ecosystems," Ecology, vol. 54, no. 3, 1973.
[31] Giacomo Livan, Marcel Novaes, and Pierpaolo Vivo,
Introduction to Random Matrices - Theory and Practice.:
arXiv preprint arXiv:1712.07903, 2017.
[32] István Albert, Juilee Thakar, Song Li, Ranran Zhang, and
Réka Albert, "Boolean network simulations for life
scientists," Source Code for Biology and Medicine, pp. 316, 2008.

Deformation Analysis of Above Knee Prosthesis
Produced Entirely with PLA Material
Mücahit Ege*, Serdar Küçük+
*

Biomedical Device Technologies, Istanbul Gedik University
Yunus Emre Street, 34913, Pendik, İstanbul, Turkey
mucahit.ege@gedik.edu.tr
+
Kocaeli University, Technology Faculty, Department of Biomedical Engineering, Turkey
Umuttepe Campus, 41380, Kocaeli, Turkey
skucuk@kocaeli.edu.tr

Abstract— In this paper, deformation analysis of newly proposed
above knee prosthesis is presented. The above knee prosthesis
proposed in this paper is considered to be manufactured by using
PLA via 3D printer. The above knee prosthesis composed of main
tibia, foot, knee and ankle joints. In order analyses performance
of the proposed above knee prosthesis, amputee weights changing
between 60kg and 150kg have been applied to tibia, knee and
ankle joints. Depending on the weight change, the amount of
deformation in the load-bearing parts has been obtained. The
usability of PLA material has been examined in this design.
Keywords— Deformation analysis, prosthesis, above knee
prosthesis, PLA material, usability

I. INTRODUCTION
Today, there are two types of prostheses; passive and active
prosthesis. While the joints of the passive prosthesis are fixed,
joints are active in the active prosthesis. Nowadays, amputees
generally use the passive type prostheses because of having low
cost. However, passive prostheses are not suitable for long-term
use since cause to irritation on the stump. Active prostheses are
more practical and comfortable than passive types in that they
have active joints. It is desirable that a good prosthesis has an
indistinguishable appearance like a healthy person's limb and
that it fulfills the desired function perfectly. Nowadays, recent
studies show that powered active prostheses are more efficient
and practical for users. Increasing the properties of prostheses
also brings some disadvantages like more weight. The items
that cause this weight are actuators, batteries, electronic circuits,
connectors, transmission parts and materials used in the main
body.
Materials which have different mechanical properties such
as titanium and aluminum are used in the main body and loadbearing parts in other studies [1-5]. However, these studies are
not enough both to lighten the system and make the production
process easier. Therefore, structural optimization provides
better performance [6-9] to the system and energy efficiency
[10]. In [11] report that structural optimization and comparative
analysis of semi-direct drive mechanisms.
Several previous studies [7,12,13] shows that the finite
element method (FEM) is used to optimize the structure of
robot arms and got the vibration frequencies. In [14], authors

applied 3D simulation and optimization design by using Pro/E
and ANSYS to gain detection accuracy.
In this study, we aimed to use PLA (Polylactic Acid) as main
body material to obtain lighter prosthesis and produce
prosthesis with the closest mobility to a healthy human walking
motion.
We chose PLA material because;
• It is a low-cost material and easily available,
• It has a low manufacturing cost easy to process
according to conventional manufacturing process by
using the 3D printer,
• It is lighter than conventional materials used for a
prosthesis,
• It is printed at lower temperatures than other 3D
materials, and brings energy efficiency,
• It is an organic material, and toxic gases are not release
during the manufacturing process.
• It is biocompatible. The surfaces which contact the
human body does not have any harmful effect.
The mechanical system is designed according to this
material. Stress, displacement and strain values of knee and
ankle joints were examined by applying force to the mechanical
structure during a gait cycle. The applied forces were carried
out for a total of 10 persons with a 10kg increase between 60kg
and 150kg.
II. METHOD AND MATERIAL

A. Motion in Sagittal Plane
In this study, we assume that users of the prosthesis are
walking on the flat ground and positions of joints were
examined for two phases which are stance and swing phase in
the sagittal plane. A gait cycle consists of these two phases. We
took the angular changes of hip, knee and ankle joints from the
literature and we used them to see mechanical behaviors of our
design for each angle.
Fig. 1 presents stance and swing phase in a gait cycle [15].
Stance phase starts with heel-to-ground contact and finishes
with cutting off toe from the ground. Swing phase is the time
of the foot on the air.

The above knee prosthesis has two joints which are knee
and ankle. Fig. 3 demonstrates design and geometric structure
of above knee prosthesis. Ankle joint has two axes movement;
they are plantar flexion- dorsal flexion and inversion-eversion.
But we ignored inversion and eversion motions for this study
because of walking on the flat ground. The above knee
prosthesis was designed by using Solidworks software. PLA
was used as a material for the structure. All axes at knee and
ankle joints will be controlled by DC motors.

(a)

C. Mechanical Simulations

(b)
Fig.1 (a) Stance phase and (b) swing phase in a gait cycle [10]

The lower limb movements in the sagittal plane, consisting
of ankle, knee and hip joints, were investigated in a gait cycle.
These three joints which are hip, knee, and ankle move on the
lower extremity during walking and each exhibits angular
movement.

D. Stress Analysis

80

For each angle of hip, knee and ankle joints in a gait cycle
between 30kg and 75kg forces were applied from the socket of
the prosthesis and maximum stress values showed in Table.1
were obtained.

Angle (degree

60
40

20
0
-20

In the simulation of the mechanism, stress, displacement and
strain analyses are performed by using Solidworks Simulation
software. Firstly, the mechanical design shown in Fig. 3 is
completed with PLA material. In order to simulate overall loadbearing parts, simulation parameters are entered and performed.
We applied forces with a 5kg increase for 10 persons between
30kg and 75kg to prosthesis leg. Load forces are applied both
from socket to all prosthesis body and applied to all loadbearing parts separately. During walking, the weight-based
forces applied are applied in different amounts due to changing
angles of joints according to the phase of the gait cycle.

1 2 3 4 5 6 7 8 9 10 11 12 13 14 15 16 17 18 19 20

TABLE I
STRESS (VON MISSES) VALUES FOR A GAIT CYCLE

-40
Hip

Knee

Ankle

Loads

Fig.2 Angles of hip, knee and ankle joints in a gait cycle

30kg
35kg

Fig. 2 shows angles of hip, knee and ankle joints in a gait
cycle [15]. This graph presents the angles formed in the joints
and the loads applied to the joints while walking.

40kg

B. Geometric Structure

50kg
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70kg

Knee
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(b)
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Fig.3 (a) Design of above knee prosthesis, (b) knee of the prosthesis and (c)
ankle of the prosthesis

1. Mid 2. Mid 3. Mid 4. Mid
Point Point Point Point
3,10E 2,93E 3,65E 9,39E
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+10
+10
+10
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+10
+10
+11
5,69E 5,37E 7,03E 1,83E
+10
+10
+10
+11
6,21E 5,86E 7,75E 2,03E
+10
+10
+10
+11
6,72E 6,35E 8,49E 2,22E
+10
+10
+10
+11
7,24E 8,03E 9,24E 2,43E
+10
+10
+10
+11
7,76E 8,72E 1,00E 2,64E
+10
+10
+11
+11

5.Mid
Point
5,80E
+10
6,86E
+10
7,95E
+10
9,08E
+10
1,02E
+11
1,14E
+11
1,26E
+11
1,39E
+11
1,52E
+11
1,66E
+11

6. Mid
Point
6,22E
+10
7,35E
+10
8,51E
+10
8,61E
+10
1,09E
+11
1,22E
+11
1,35E
+11
1,48E
+11
1,62E
+11
1,81E
+11

7. Mid
Point
1,21E
+11
1,43E
+11
1,65E
+11
1,88E
+11
2,12E
+11
2,35E
+11
2,60E
+11
2,85E
+11
3,10E
+11
3,37E
+11

Fig.4 shows the maximum values of stress in load-bearing
parts as graphical. Gait cycle is divided into 7 segments.

Fig.5 shows maximum displacement values occurred
because of stress according to forces applied. Maximum
deformation is 5,73E-04mm on all prosthesis parts.

4,00E+11
3,50E+11
3,00E+11
2,50E+11
2,00E+11
1,50E+11
1,00E+11
5,00E+10
0,00E+00

F. Strain Analysis

1. Mid
Point

2. Mid
Point

3. Mid
Point

4. Mid
Point

5. Mid
Point

6. Mid
Point

7. Mid
Point

30kg

35kg

40kg

45kg

50kg

55kg

60kg

65kg

70kg

75kg

Forces were applied from the socket of the prosthesis in a
gait cycle between 30kg and 75kg and maximum strain values
showed in Table.3 were obtained for each angle of hip, knee
and ankle joints.
TABLE III
STRAIN VALUES FOR A GAIT CYCLE

Fig.4 Maximum stress values of above knee prosthesis for a gait cycle

Loads
30kg

E. Displacement Analysis

35kg

In a gait cycle between 30kg and 75kg forces were applied
from the socket of prosthesis and maximum displacement
values showed in Table.2 were obtained for each angle of hip,
knee and ankle joints.

40kg

DISPLACEMENT VALUES FOR A GAIT CYCLE

30kg
35kg
40kg
45kg
50kg
55kg
60kg
65kg
70kg
75kg

50kg
55kg

TABLE II

Loads

45kg

1. Mid 2. Mid 3. Mid 4. Mid 5.Mid
Point Point Point Point Point
5,87E 1,23E 1,55E 1,57E 1,13E
-05
-04
-04
-04
-04
6,80E 1,44E 1,83E 1,86E 1,34E
-05
-04
-04
-04
-04
7,20E 1,65E 2,13E 2,17E 1,56E
-05
-04
-04
-04
-04
8,00E 1,85E 2,43E 2,48E 1,79E
-05
-04
-04
-04
-04
9,80E 2,06E 2,74E 2,80E 2,02E
-05
-04
-04
-04
-04
1,08E 2,26E 3,06E 3,14E 2,26E
-04
-04
-04
-04
-04
1,17E 2,47E 3,39E 3,49E 2,52E
-04
-04
-04
-04
-04
1,27E 2,67E 3,74E 3,85E 2,78E
-04
-04
-04
-04
-04
1,37E 3,56E 4,09E 4,22E 3,05E
-04
-04
-04
-04
-04
1,47E 3,87E 4,46E 4,61E 3,34E
-04
-04
-04
-04
-04

60kg
6.Mid
Point
1,19E
-04
1,41E
-04
1,64E
-04
1,82E
-04
2,12E
-04
2,38E
-04
2,64E
-04
2,92E
-04
3,21E
-04
3,33E
-04

7. Mid
Point
1,96E04
2,33E04
2,71E04
3,09E04
3,50E04
3,91E04
4,34E04
4,79E04
5,25E04
5,73E04

65kg
70kg
75kg

1. Mid 2. Mid 3. Mid 4. Mid 5.Mid 6. Mid
Point Point Point Point Point Point
5,65E 1,01E 1,21E 2,25E 1,45E 1,53E
+00
+01
+01
+01
+01
+01
6,59E 1,18E 1,43E 2,66E 1,72E 1,81E
+00
+01
+01
+01
+01
+01
7,53E 1,34E 1,65E 3,07E 1,99E 2,10E
+00
+01
+01
+01
+01
+01
8,47E 1,51E 1,87E 3,50E 2,27E 2,10E
+00
+01
+01
+01
+01
+01
9,41E 1,68E 2,10E 3,94E 2,56E 2,70E
+00
+01
+01
+01
+01
+01
1,04E 1,85E 2,33E 4,40E 2,86E 3,01E
+01
+01
+01
+01
+01
+01
1,13E 2,02E 2,57E 4,86E 3,17E 3,34E
+01
+01
+01
+01
+01
+01
1,22E 2,18E 2,82E 5,34E 3,49E 3,67E
+01
+01
+01
+01
+01
+01
1,32E 2,78E 3,07E 5,84E 3,81E 4,01E
+01
+01
+01
+01
+01
+01
1,41E 3,01E 3,32E 6,35E 4,16E 4,16E
+01
+01
+01
+01
+01
+01

Fig.6 shows the maximum values of strain in load-bearing
parts as graphical.

9,00E+01
8,00E+01
7,00E+01
6,00E+01
5,00E+01
4,00E+01
3,00E+01
2,00E+01
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1. Mid
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4,00E-04
3,00E-04

7. Mid
Point
2,93E+
01
3,46E+
01
4,00E+
01
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01
5,12E+
01
5,70E+
01
6,30E+
01
6,91E+
01
7,54E+
01
8,19E+
01

2. Mid
Point

3. Mid
Point

4. Mid
Point

5. Mid
Point

6. Mid
Point

7. Mid
Point

30kg

35kg

40kg

45kg

50kg

55kg

60kg

65kg

70kg

75kg

Fig.6 Maximum strain values of above knee prosthesis for a gait cycle

2,00E-04
1,00E-04
0,00E+00
1. Mid
Point

2. Mid
Point

3. Mid
Point

4. Mid
Point

5. Mid
Point

6. Mid
Point

7. Mid
Point
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60kg

65kg

70kg

75kg

Fig.5 Maximum displacement values of above knee prosthesis for a gait cycle

Stress, displacement and strain analyses obtained are shown
in Fig.7. These results are the highest values obtained in a gait
cycle. In prosthesis, some axle bars were used as load-bearing
parts and for providing joint movements. These bars were
chosen AISI 316 stainless steel because of not enough resistant
bars made from PLA material.

[3]

[4]

[5]
(a)

(b)

(c)

Fig.7 (a) Stress analysis, (b) displacement analysis, (c) strain analysis of knee
region of above knee prosthesis

[6]

[7]

[8]
[9]

[10]
(a)

(b)

(c)

Fig.8 (a) Stress analysis, (b) displacement analysis, (c) strain analysis of ankle
region of above knee prosthesis

[11]

[12]

As shown in Fig.7 (b) displacement of knee region especially
in the socket was obtained very high. Stress, displacement and
strain analyses obtained from ankle region are shown in Fig.8.
These results are the highest values obtained in a gait cycle.

[13]

[14]

III. CONCLUSIONS
In this study, the usability of PLA material has been
investigated for an above knee prosthesis designed. In order to [15]
make the construction as light and easy producible as possible,
the design was realized by using PLA material with a 3D printer.
Therefore, deformation analysis was performed and obtained
stress, displacement and strain values. Solidworks Simulation
software was used to simulate the design. The applied forces
were carried out with a 10kg increase for 10 persons to simulate
prosthesis between 60kg and 150kg. Forces between 30kg and
75kg were performed with a 5kg increase for each leg. The
results show that in our design, maximum stress 3,37E+11N/
m2 , maximum displacement 5,73E-04mm and maximum strain
8,19E+01 for the overall mechanical body. This value is
enough for usability of PLA material and they will use to
optimize the structure and system.
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Abstract— In the light of technological progress, the
communication of sensors and conclusion of results are applied in
many application fields. Today, the Internet of objects called IoT
technologies are among these studies. Analyzing and controlling
are carried out by using heat, light, pressure, gas sensors, etc.
which have many varieties. In the scope of the study, the control
process and result extraction process are performed with the used
sensors in the system. Acceleration sensor, vibration sensor and
buzzer has used in the system. The acceleration status of the
patient is examined with the help of the accelerometer sensor and
the drop of the person is determined according to the changes in
axis data. After the detection of the fall of the patient, the vibration
sensor is used to check the tremble situation. If both falling and
trembling, then a warning is given, assuming that a crisis has
taken place.
Keywords— Raspberry Pi, Epilepsy, IoT, Sensor

I. INTRODUCTION
Technological developments positively affect human life in
many ways. If we will examine scientific and technological
progress, every development has responded to different and
diverse needs. The fictions imagined in previous years are
realized today with the help of technology. Technological
studies such as unmanned aerial vehicles, electric vehicles,
interaction of objects, virtual reality applications, high-speed
train technologies, robotic applications, 3D printers, etc. are
among the technologies that are available to people today.
One of the innovations brought by the technology is
undoubtedly the internet (IOT) concept of objects. IoT is the
communication type that communication of sensors/objects in
a particular environment [1]. According to the measurement
results made by the sensor interactions, the outputs can be
obtained and the applications can be operated. Firstly, Kevin
Asthon used it in 1999 as a material supply chain [2]. Today,
IoT has used wide application areas such as health, public
services, transportation, smart home/city, etc.
Sensors used for different purposes in different sectors are of
great importance for human health in health sector. Progress of
sensor technology brings new work areas for human health and
benefit. With the use of biosensors that allow measurements
such as temperature, humidity, blood pressure, blood sugar,
weight, gas, enzyme, ECG, great convenience is provided in
diagnosis of the disease [3].When looking the working methods
of the sensors, there are examples of applications that are used
to draw conclusions from tests for diagnosis of diseases [4].

Epilepsy is a neurological disorder that usually occurs as
seizures and can result in abnormal activity of a group of
neurons in the brain. Epilepsy can cause unbalanced body
movements, loss of consciousness or muscle contractions.
Epilepsy crisis is a clinical condition that occurs when the
normal working structure of the brain is distorted as a result of
abnormal electrical activities that temporarily occur in the
nerve cells. When an epileptic seizure is passed, the patient may
come to a temporary loss of consciousness or symptoms of
different characteristics [5].
In the scope of study, acceleration and vibration sensors
were used to detect the epileptic seizure. The average
coordinate values in the x, y, and z axes according to the change
in the patient's acceleration state. If the axis coordinates of the
patient are in the predetermined falling coordinates, the system
controls the trembling condition of the patient with the help of
the vibration sensor. If the patient starts to tremble after falling,
a warning is given by the system.
II. EPILEPSY DISEASE
Epileptic seizure is a clinical state that is the result of
transient abnormal electrical conduction in brain cells. In the
patient, there is a disorder of consciousness, behavior, emotion,
movement or perception functions that will be clinically limited
for a certain period of time. Not every epileptic seizure means
that it has epilepsy. Seizures are diagnosed epilepsy if they are
repeated in certain characteristics for each patient over time,
sometimes spontaneously and sometimes based on triggering
factors [6].
The causes of epilepsy are very diverse and varied. In
general, the causes of epilepsy include the following factors:
 Hippocampal sclerosis
 Brain tumors
 Hypoxic-ischemic brain injuries
 Central nervous system infections
 Immune mediated inflammations
 Developmental disorders of brain tissue,
 Developmental disorders in brain vessels
 Hereditary diseases and genetic reasons [7]
Epilepsy is a disease diagnosed clinically. It is very
important to determine whether a past epilepsy crisis or if there
is what type of epilepsy crisis. Therefore, it is very important
for the patient or the relatives of the patient to observe and say
it the doctor. Once epilepsy is diagnosed, determining what
type of epilepsy seizure it is, it will help which epileptic drug
will be more effective [6].

Epilepsy is the most common neurological disease in
childhood and adolescence, and the second most common in
adults after the stroke. In developed countries, the rate is
20-50/100,000. This disease, which is seen equally in males and
females, is most common in the youngest and oldest group,
although it is seen in all age groups [6].
This disease, which requires long-term treatment and followup, significantly affects the quality of life. With proper
treatment, seizures are controlled in most patients and the
patient maintains normal life. For this reason, it is very
important to control the seizures. However, in 25% of patients,
seizures cannot be controlled despite appropriate drug use.
Patients who cannot tolerate epilepsy are candidates for
epilepsy surgery because of epilepsy resistant to drug therapy
and side effects of antiepileptic drug therapy [6].
III. SYSTEM EQUIPMENTS
The ADXL345 acceleration sensor is used to detect the fall
of the patient and the SW420 vibration sensor is used to
measure the vibration movements in the epilepsy crisis
detection system. A buzzer was used for warning. Raspberry Pi
3 controller card is used as the controller card in the system and
Raspbian operating system is used as the operating system.

A. Raspberry Pi 3 Controller Board

B. Accelerometer Sensor
Accelerometers are devices that measure acceleration, which
is the speed change of an object. These are measured in m2 or
G-forces (g) now. Accelerometers are electromechanical
devices that sense the static or dynamic forces of acceleration.
While static forces contain gravity, dynamic forces may include
vibrations and movement [9].
The ADXL345 (Figure 2.a) is also suitable for measuring
dynamic acceleration due to motion or shock, as well as gravity
static accelerations in tilt detection applications. Various
special detection functions are provided. It is using for
detection the activity and inactivity, the presence or absence of
motion and detects. Free fall detection detects the possibility of
a person falling [9].

C. Vibration Sensor
When performing vibration/tremble analysis, the sensor
measurement must be done correctly besides using the correct
sensor type. For this purpose, it is very important how the
sensors are placed in the system to be monitored. The vibration
sensor, which is used to measure the vibrating/trembling
condition of the patient, is a digital sensor. When it detects
tremble, it outputs 0 or 1 logically (Figure 2.b).

Raspberry Pi is a credit card sized single card computer
developed by the Raspberry Pi Foundation in the United
Kingdom to teach computer science in third world countries.
The product was first marketed in 2009. Despite their small size,
the Raspberry Pi controller cards can be used in a variety of
different environments and are uses as a computer.
Raspberry Pi 3 is a 3rd generation of Pi series controller card
and computer that also used in the projects of IoT. Thanks to its
built-in Wi-Fi and Bluetooth technology, it offers great
advantages over previous versions. The 1.2 GHz ARM-based
Cortex A-53 processor and 1 GB DDR2 RAM can perform very
fast operations compared to other controllers with alternatives.
Figure 2. Accelerometer (a) and Vibration (b) Sensors [9, 10]
Figure 1 shows the Raspberry Pi 3 controller card. Looking to
the hardware specifications, 4xUSB, 1xHDMI, 40xGPIO, DSI
The pin connections between the Raspberry Pi 3 controller
Display port and CSI Camera Port are shown [8].
card and the accelerometer and vibration sensors used in the
system are given in Table 1. The power pins has evaluated
common and the connection patterns are adjusted accordingly.
TABLE 1. PIN CONNECTIONS BETWEEN RASPBERRY PI AND SENSORS
Raspberry Pi 3
Pin 2
Pin 3
Pin 17
+5V
GND

Fig. 1 Raspberry Pi 3 Controller Board Specifications [8]

Sensor Pin’s Name
SDA (Accelerometer Sensor)
SCL (Accelerometer Sensor)
Vibration Sensor
+5V
GND

IV. SYSTEM DESIGN AND TESTS
The flowchart of the realized system is given in Fig 2. In the
system, the data from the acceleration sensor is evaluated on
the x, y and z coordinate information. A comparison is made
between the previously determined falling coordinate
information and the patient's coordinate. After the comparison,
it is assumed that the patient has fallen if patient's coordinate

between the falling coordinates. Then the patient's trembling
condition is checked with the vibration sensor. In this procedure,
it is assumed that when the patient runs 5 or more vibration
sensors within 10 seconds, the person experiences a epilepsy
crisis. Finally, determining falling and trembling then a
warning will give by the system.

manual vibration has made with the vibration sensor. Although
the response time of the vibration sensor and the changes in the
coordinate information of the acceleration sensor caused some
problems in the tests within the scope of the studies, the desired
thought was achieved and the related results were obtained.
Sample output of the system showed on Figure 5 and 6. The
x, y, and z coordinates are printed on the screen according to
the data from the acceleration sensor. According to the
comparison process, it is determined that the person has fallen
to the right, left, front and back. Then 10 seconds wait period is
activated and motion detection is performed. When 5 or more
movements are detected, "!!! Sorun var !!!" is printed on the
screen.

Fig. 3 Flowchart of the System

Looking at the coding structure of the designed system, the
programming language is the python programming language.
The algorithm of the system works as follows. The acceleration
sensor data is read 10 times and the average is taken. Situated
coordinate data’s are compared with the defined falling
coordinate, and then falling condition is controlled. If there is
falling then the trembling condition of the patient is checked at
a waiting time of 10 seconds. If there is five or more shakes in
the vibration sensor within this waiting period, the system will
alert the nearest of the patient by alarming directly with the
buzzer. The hardware view of the system is shown in Fig 4.

Figure 5. Epilepsy Crisis State 1

Figure 6. Epilepsy Crisis State 2

Fig. 4 Hardware View of the System

In the performed controls during the test operations, the
acceleration sensor is held at certain angles so that the fall
coordinates can be taken from the acceleration sensor and

V. CONCLUSIONS AND FUTURE WORKS
Sensor technologies used in many areas today, are also used
important works for the human life. The diagnosis of the
disease is also one of these areas. Diagnosis of diseases is
possible with sensors and control devices by taking various test
data and examining them through certain devices. Diagnosis of
possible diseases is possible with sensors and control devices
by taking various test data and examining them through certain
devices.

With the sensor technology used in the study, a system has
been designed to enable individuals with epilepsy to identify
crises. In the data used in the system, based on the acceleration
of the patient, it has been tried to determine the conditions such
as falling or inactivity for a long time. During the determination
studies, the coordinates of the falling and the coordinates of the
patient were compared and the inference is made related with
falling status of patient. After the detection of the enemy, the
person's trembling status was checked. If there is a falling and
trembling situation, it is concluded that the person has an
epileptic crisis.
In the following studies, in addition to this system,
information will be given about how to deal with the epilepsy
crisis with voice alarms near the patient. When this is done, the
backplane will send 112 emergency services via a web service
where the patient's gps coordinate information and the patient
will be provided with the possibility of emergency intervention.
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Abstract— In this paper, a comparative analysis of feature
extraction stage for a computer-aided breast cancer diagnosis
system, verified on a publicly available mammogram dataset
constructed during Image Retrieval in Medical Applications
(IRMA) project, is realized. In accordance with this purpose,
feature extraction is achieved by finding Discriminative Common
Vectors (DCVs) of the wavelet signals of the pre-processed
mammography images, implemented by histogram equalization
followed by Non-Local Means (NLM) filtering, for the feature
ensemble extracted in [1] instead of applying Local
Configuration Pattern (LCP) algorithm. The attained
comparative feature ensemble is classified according to the
health statuses (healthy, benignity, malignancy) by Fisher’s
Linear Discriminant Analysis (FLDA), Support Vector Machines
(SVM), Decision Tree, and k-Nearest Neighbors (k-NN) as in [1].
The dimensional and the computational cost obviously decrease
by using the DCV-based feature ensemble although a maximum
of 83.50% is achieved while 94.67% was found by using the LCPbased feature ensemble. By taking the difference in the
recognition rates into consideration, it is thought that better
results can be obtained by using alternative DCV-based feature
ensembles.
Keywords— Breast cancer, feature extraction, computer-aided
diagnosis, digital mammography, discriminative common vector
approach

I. INTRODUCTION
Computer Aided Diagnosis (CAD) systems have an
unquestionable effect on early diagnosis of breast cancer to
reduce the mortality rate [2]. A typical CAD system comprises
of four stages: pre-processing, suspicious region detection for
breast cancer, feature extraction, and classification.
The feature extraction stage is based obtaining the least
number of features that maximizes between-class differences
while minimizes the within-class differences. The efficiency
of a CAD system is directly related to this stage since the
higher the recognition rates depend on the data
representability of the extracted features. Statistical methods
[3,4], model-based methods [5,6], graph-theoretic methods [7],
signal processing methods that compute tissue features due to
pixel characteristics [8] are frequently used feature extraction
techniques for breast cancer diagnosis while frequency
spectrum [9] of an image, and mammographic features [10-13]
like shape, spicule index, contour, size, density and brightness
are also used for mammogram representation.

A comparison of the feature extraction stage of the CAD
system for breast cancer diagnosis proposed in [1] is
introduced in this paper. The databased used for the
verification of the system, and the feature extraction technique
performed for the comparison are described in Section 2. The
experimental study is explicitly explained in Section 3, and
the conclusions are presented in Section 4.
II. MATERIALS AND METHODS

A. Database
A publicly available database constructed during the Image
Retrieval in Medical Applications (IRMA) project is used for
the verification of the introduced system in this paper [14].
The IRMA database includes mammography patches that
contain any abnormality in case of benignity and malignancy,
and any random region of mammography for healthy cases. A
total of 2796 patches at a resolution of 42-50 μm/pixel take
part in this database with 233 patches for each 12 classes
(breast tissue classes of fatty, fibro-glandular, heterogeneously
dense, and extremely dense for each health status classes of
normal, benign cancer, and malignant cancer) defined by
Breast Imaging Reporting and Data System (BI-RADS).
Sample patches of size 128 128 of each class on the used part
of the IRMA database are shown in Fig. 1 where the rows
show five samples of the healthy, benignity, and malignancy
cases, respectively.

Fig. 1 Sample mammography patches

In this paper, the same dataset of the IRMA database used
in [1] is used for the comparison of the feature ensemble
introduced in this paper. This dataset consists of the first 200
patches of normal, benign cancer, and malignant cancer
classes of the fatty tissue type resulted in a total of 600
patches.

B. Discriminative Common Vectors
Discriminative Common Vectors (DCVs), introduced by
Cevikalp et al. [15], is inspired of Common Vector Approach
(CVA) which is proposed for isolated word recognition by
Gülmezoglu et al. [16]. DCV algorithm tries to find the unique
DCVs of all classes by first finding the common vectors, and
achieves a recognition rate of 100% for the training set [15].
Unlike CVA, the DCV algorithm uses the within-class scatter
matrix,
, of all classes to obtain the common vectors of
each class instead of using the individual scatter matrices of
the classes.
is formulized in (1):
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where , , , and refer to the class index, sample index,
number of classes, and number of samples of each class in the
training set, respectively, and
is the mean of the
class
computed as in (2):
(2)

The common vector of the
class is obtained by
projecting any sample in the
class onto the null space of
. By applying eigenvalue/eigenvector decomposition on ,
an orthonormal eigenvector set { , , ⋯ , } corresponding
to the non-zero eigenvalues of
, and an orthonormal
eigenvector set {
,
, ⋯ , } corresponding to the zero
eigenvalues of
are calculated where is the rank of
.
Thus, difference and indifference subspaces of
are found
as shown in (3) and (4), respectively:
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Then, common vector of the
class,
, is obtained by
projecting any sample vector of the
class onto the
difference subspace of
or by subtracting the projection
onto the indifference subspace of
from the sample itself.
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It is important to note that
should be for all sample
vectors in the
class.
The DCV of the
class is obtained by projecting any
sample of the
class onto the eigenvectors corresponding to
the non-zero eigenvalues of the scatter matrix of the common
vectors,
.
is computed as given in (6) where
in
the equation is the mean value of the common vectors.
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By applying eigenvalue/eigenvector decomposition on
, an orthonormal eigenvector set { , , ⋯ , }
corresponding to the non-zero eigenvalues of
where is
the rank of
. Thus, difference subspace of
is found
as given in (8):
=[

⋯

Ω =

∙

(8)

]

Then, the DCV of the
class, Ω , is obtained by
projecting any sample vector of the
class onto the
difference subspace of
.
(9)

It should be noted that Ω should be unique for all of the
sample vectors in the
class.
III. EXPERIMENTAL STUDY

A. Pre-Processing
In this paper, histogram equalization and Non-Local Means
(NLM) filtering are performed for low-contrast enhancement
and digitization noise removal, respectively which are the
main problems that radiologists have to face during
mammography analyses, and also the main factors that affect
the differentiability of the extracted features. Filter parameters
are used as
=5 ,
= 3 ve = 15 . The preprocessing stages are shown on a sample mammography
image in Fig. 2.
Histogram

NLM

Equalization

Filtering

Fig. 2 The stages of the pre-processing stage

B. Feature Vector Construction
1) DCV Features: The pre-processed mammography
images are initially 1-level 2-dimensional discrete wavelet
transformed using Daubechies 1 wavelet. Then, instead of the
LCP vectors in [1], the 2-dimensional DCVs of each obtained
four sub-band (Low/Low – LL, Low/High – LH, High/Low –
HL, High/High – HH) are computed. These DCVs are
weighted with the coefficients {1.8,1,1,0}, the most successful
feature coefficients in [1], respectively and summed up
creating a 2-dimensional feature vector for each patch.
2) Statistical Features: The statistical features (energy,
mean, variance, maximum, minimum, standard deviation,
skewness, kurtosis, area-descriptor, mean energy, energy
variance, and entropy) in [1] are also extracted from the DCVs.
The almost-zero features (skewness, kurtosis, area-descriptor,
and entropy) and the high-valued features (energy, variance,
and energy variance) are removed in order not to reduce the
vector space.

3) Frequency-Domain Features: The frequency-domain
features in [1] are also extracted from the 2-level 2dimensional discrete wavelet transform sub-bands of the preprocessed mammography images. The almost zero sub-band
energies are again removed from the feature vector.
The feature vector constructed for each patch is
summarized in Table I.

TABLE II
PERFORMANCE EVALUATION METRICS

Performance Evaluation
Mathematical Representations
Metrics
TP: True Positive TN: True Negative
FP: False Positive FN: False Negative
: Sınıf Sayısı
: . sınıfa ait veri sayısı
Sensitivity (SNS)

TABLE I

Specificity (SPC)

FEATURE VECTOR CONSTRUCTION

DCV
Feature
Vector
2 1

FrequencyDomain
Features
8 1

Statistical
Features
4 1

DCV

14Dimensional
Feature
Vector
14 1

LLLL: Energy

DCV: Mean

HLLL: Energy

DCV:
Maximum

HLLH: Energy

DCV: Minimum

HHLL: Energy

2 1
4 1
8 1

The feature vectors of the dataset used in this paper are
classified with four classifiers, Fisher’s Linear Discriminant
Analysis (FLDA), Support Vector Machines (SVM), Decision
Tree, and k-Nearest Neighbors (k-NN), using 10-fold crossvalidation technique as in [1].
The performance of the introduced CAD system is
evaluated using the metrics sensitivity (SNS), specificity
(SPC), positive predictive value (PPV), negative predictive
value (NPV), false-positive rate (FPR), false-negative rate
(FNR), false discovery rate (FDR), false omission rate (FOR),
and accuracy (ACC). The mathematical representations of
these metrics are given in Table II.
The average classification accuracies of all classifiers are
shown in Fig. 3. The term DTC in the below figures refer to
the decision tree classifier.
85

83,5

83,33

80
%

70,5

70

False Omission Rate (FOR)

=

%

=

%

%

=

∑

∙ 100

+

∙ 100

+

∙ 100

+

=

=

∙ 100

+

=

=

∙ 100

+

∙ 100

+

∑

+

∙

∙ 100

∙ 100

As being the most successful classifier in terms of accuracy,
the performance evaluation metrics and the total confusion
matrix achieved by the k-NN classifier are given in Fig. 4 and
Table III, respectively.
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Fig. 4 Average performance evaluation metrics of the k-NN classifier
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C. Performance Evaluation
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Positive Predictive Value
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%

k-NN
(k=5)

SVM

FLDA

DTC

Fig. 3 Average classification accuracies of all classifiers obtained by 10-fold
cross-validation

Actual
Classes

Normal

Benign

Malignant

Normal
Benign

165
5

2
192

33
3

Malignant

54

2

144

IV. CONCLUSIONS
A comparative feature ensemble to the feature extraction
stage of the CAD system proposed in [1] is introduced in this
paper. In accordance with this purpose, DCVs are used instead
of LCP vectors, resulted in a 14-dimensional feature vector for
a mammography patch rather than a 108-dimensional feature
vector. Then, the DCV-based feature ensemble is classified by
FLDA, SVM, decision tree, and k-NN classifiers according to
the health statuses using 10-fold cross-validation technique.
The most successful diagnosis scheme is achieved by the kNN classifier with an average accuracy of 83.50% as shown in
Fig. 3.
It is observed that the benignity of a mammography image
can effectively be classified using the feature ensemble
introduced in this paper by analyzing the Table III. But,
healthy mammography images and the mammography images
with malignant cancer are mixed together. This situation
decreases the SNS, PPV, and the ACC rates as shown in Fig.
4. However, the SPC and the NPV rates already show the
success of the introduced feature ensemble.
By comparing the achieved average accuracies with the
results in [1], a decrement is observed from a maximum of
94.67% to a maximum of 83.50%. But, by taking the
dimensional and the computational cost reduction into
consideration, the difference in the recognition rates may
show that better results can be obtained by using alternative
DCV-based feature ensembles in the future studies.

[4]

ACKNOWLEDGMENT
The database utilized in this study was used by the courtesy
of Thomas M. Deserno, Department of Medical Informatics,
Division of Image and Data Management, Aachen, Germany.

[13]

REFERENCES

[15]

[1]
[2]
[3]

I. Isikli Esener, S. Ergin, and T. Yuksel, “A new ensemble of features
for breast cancer diagnosis,” in Proc. MIPRO’15, 2015, pp. 1168-1173.
A. Jemal, F. Bray, M. M. Center, J. Ferlay, E. Ward, and D. Forman,
“Global cancer statistics,” CA: A Cancer Journal for Clinicians, vol.
61, no. 2, pp. 69-90, 2011.
J. B. Li, Y. H. Wang, S. C. Chu, and J. F. Roddick, “Kernel selfoptimization learning for kernel-based feature extraction and
recognition,” Information Sciences, vol. 257, pp. 70-80, 2014.

[5]

[6]

[7]

[8]

[9]

[10]
[11]

[12]

[14]

[16]

B. Shradhananda, M. Banshidhar, and D. Ratnakar, “Mammogram
classification using two dimensional discrete wavelet transform and
gray-level co-occurence matrix for Detection of breast cancer,”
Neurocomputing, vol. 154, pp. 1 4, 2015.
S. K. Biswas and D. P. Mukherjee, “Recognizing arhitectural distortion
in mammogram: a multiscale texture modeling approach with GMM,”
IEEE Transactions on Biomedical Engineering, vol. 58, pp. 2023-2030,
2011.
N. R. Pal, B. Bhowmick, S. K. Patel, S. Pal, and J. Das, “A multistage
neural network aided system for Detection of microcalcifications in
digitized mammograms,” Neurocomputing, vol. 71, pp. 2625-2634,
2008.
Z. Chen, H. Strange, A. Oliver, E. R. E. Denton, C. Boggis, and R.
Zwiggelaat, “Topological modeling and classification of
mammographic microcalcifications clusters,” IEEE Transactions on
BioMedical Engineering, vol. 62, pp. 1203-1214, 2015.
A. Papadopoulos, D. I. Fotiadis, and L. Costaridou, “Improvement of
microcalcifications cluster detection in mammography utilizing image
enhancement techniques,” Computers in Biology and Medicine, vol. 38,
pp. 1045-1055, 2008.
A. N. Karahaliou, I. S. Boniatis, S. G. Skiadopoulos, F. N.
Sakellaropoulos, N. S. Arikidis, E. A. Likaki, G. S. Panayiotakis, and L.
I. Costaridou, “Breast cancer diagnosis: analyzing texture of tissue
surrounding microcalcifications,” IEEE Transactions on Information
Technology in Biomedicine, vol. 12, pp. 731-738, 2008.
A. Keleş, A. Keleş, and U. Yavuz, “Expert system based on neurofuzzy rules for Diagnosis breast cancer,” Expert Systems with
Applications, vol. 38, pp. 5719-5726, 2011.
M. M. R. Krishnan, S. Banerjee, C. Chakraborty, C. Chakraborty, and
A. K. Ray, “Statistical analysis of mammographic features and its
classification using support vector machines,” Expert Systems with
Applications, vol. 37, pp. 470-478, 2010.
B. Verma, P. McLeod, and A. Klevansky, “A novel soft cluster neural
network for the classification of suspicious areas in digital
mammograms,” Pattern Recognition, vol. 42, pp. 1845-1852, 2009.
I. Isikli Esener, S. Ergin, and T. Yuksel, “A Coping with Breast Cancer
Diagnosis using a Normalized Texture Feature Set,” in Proc.
ICENTE’17, 2017, pp. 38-43.
T. M. Deserno, J. E. E. de Oliveira, and A. A. Araujo, “Towards
computer-aided diagnostics of screening mammography using contentbased image retrieval,” in Proc. SIBGRAPI’11, 2011, pp. 211-219.
H. Cevikalp, M. Neamtu, Mitch Wilkes, and A. Barkana,
“Discriminative common vectors for face recognition,” IEEE
Transactions on Patterm Analysis and Machine Intelligence, vol. 27,
no. 1, pp. 4-13, Jan. 2005.
M. B. Gulmezoglu, V. Dzhafarov, M. Keskin, and A. Barkana, “A
novel approach to ısolated word recognition,” IEEE Transactions on
Speech and Audio Processing, vol. 7, no. 6, pp. 620-628, Nov. 1999.

Mobile Medical Data Recording and Monitoring
System (MediReMoS): A Preliminary Study
Ali Osman Selvi*, Emre Dandıl+, Mesut Çelebi+
*

Department of Computer Technology, Vocational College, Bilecik Seyh Edebali University
Gulumbe Campus, Bilecik Seyh Edebali University, Bilecik, Turkey
*Department of Electrical and Electronics Engineering, Faculty of Technology, Sakarya University
Esentepe Campus, Sakarya University, Sakarya, Turkey
aliosman.selvi@bilecik.edu.tr
+
Department of Computer Engineering, Faculty of Engineering, Bilecik Seyh Edebali University
Gulumbe Campus, Bilecik Seyh Edebali University, Bilecik, Turkey
emre.dandil@bilecik.edu.tr, mesutcelebi44@hotmail.com
Abstract— Thanks to the development of technology, new
technologies and techniques are developed for the imaging,
storage and evaluation of bedside patient monitoring device data.
In existing systems, the patient is connected to these devices with
many cables. This situation keeps the patient dependent on the
bed during the disturbed discomfort period. Therefore, the
individual is affected from this situation psychologically in the
negative way and their own actions are restricted. The current
devices and the patient's instant follow-up values are also
monitored only from the bedside monitor. The physician or the
personnel dealing with the patient need to check the bedside
monitor devices at specific time intervals. In this study, a system
(MediReMoS) designed using microcontroller and wireless
technologies has provided to get rid of the cabling that allows the
patients to stay connected to the monitor. Moreover, staff
following the patient's status is also able to access patient
monitor data thanks to a mobile application and data storage
services. In this preliminary study, hardware and software
processes have been successfully implemented using temperature
and humidity sensors to detect body temperature and humidity.
Keywords—Medical data recording; patient monitoring;
microprocessor; wireless communication; mobile application.

I. INTRODUCTION
As a result of the chemical reactions in the human body, it
is known that the action potentials in the organs and tissues
occur at different frequencies and amplitudes [1]. These
signals are used for diagnosis, analysis and follow-up
procedures in medical technology. The development of
technology leads to the development of new applications in
many areas. One of these areas includes device technologies
used in medical science [2]. In recent years, development in
hardware and software has greatly facilitated the workload of
physicians in diagnostic and analysis processes. However, it is
difficult to say that this development is the same in current
practice for the storage and monitoring of patients' medical
data.
Bedside patient follow-up systems enable the transfer of
many biomedical signals to monitors, computers and printers.
These signals may be such as electrocardiography, blood

oxygen level, blood pressure, body temperature, heart rate, etc
[3]. Real-time monitoring or retrospective analysis of these
signals has paramount importance in some disease states. In
existing systems, the patient is kept connected to these devices
by several cables. This situation causes the patient to be
affected psychologically in the negative direction and to
restrict his movements by keeping the patient tied to the bed
in the disturbing period. Moreover, the current devices and the
patient's instant follow-up values are monitored only from the
bedside monitor. The physician or the personnel, responsible
for patient, need to check the bedside monitor devices at
specific time intervals. Clinical record and documentation is
one of the most basic professional responsibilities even if it is
often seen poorly practiced. Healthcare providers
communicate patient information through clinical recording
and communication systems [4].
With development of technology, people’s life is becoming
dependent on mobile phones. There are many studies that how
to use portable phones to aid mobile medical monitoring [5-7].
Mobile phone or devices can receive medical data from
sensors via its own Bluetooth module [8]. Then they transmit
local supervisory data to the remote server [9]. Thus, this
process is useful to enlarge the range of data acquisition.
Currently, many mobile monitoring systems have been
available [10-12]. Some current mobile monitoring systems
haven’t enabled full use of mobile smartphones.
In this study, a prototype of a large mobile system has been
designed using microcontroller and wireless technologies. The
primary purpose here is to remove the cable connections
between bed-head monitoring devices of the person. In this
respect, it is aimed to increase the comfort of life to a better
level in the disease process of the individuals who should be
kept in constant follow-up. The secondary purpose of the
prototype is to provide real time tracking of the individual's
medical data via a mobile application with the internet service
on the prepared server. Thus, personnel will have the
possibility to access the patient's real-time medical data if they
are in constant control of the patient's condition.

II. MATERIAL AND METHOD
A holistic prototype was developed in the study. In the
designed prototype system, the temperature data of and
humidity sensors are monitored to show the medical data of
the person. Data of the temperature and humidity sensors are
recorded in the database of the internet service installed on the
Raspberry Pi 2 using the Arduino microcontroller card. The
equipment used in the project is given in Table 1.
TABLE I
EQUIPMENT USED IN THIS STUDY

Hardware

Description

Task

Microcomputer
Microcontroller

Raspberry Pi 2
Arduino Uno
R3

Bluetooth Module
Temperature and
Humidity Sensor
Wi-Fi Adapter

HC-06
DHT - 22

Internet Server
Sending data from the
sensor to internet service
via Bluetooth
Wireless communication
Body Temperature and
Sweating Knowledge
Wireless communication
for Internet service
provider

OEM

integrated in the system for the purpose of carrying out
experiments in the local network and the internet service has
been provided to operate over wireless broadcasting. The last
stage of the work is mobile application software running on
the Android operating system. The software allows connecting
to the database running on the relevant internet service after
the necessary security inquiries have been passed. The data of
the current system can be viewed in real time on an Androidbased mobile device to provide follow-up for the individual. It
can also perform retrospective data analysis.

A. Raspberyy Pi Module
In this study, Raspberry Pi 2 is used as the main processing
unit [13]. This minicomputer has the ability to work as a fully
functioning computer, requiring a small number of peripherals
in order to process data from the sensor in real time [14]. A
Raspberry Pi 2 module is shown in Fig 2.

The block scheme of the implemented system is shown in
Fig 1. A unit has been realized that allows the individual to
operate independently of the monitor with the help of a sensor
and a Bluetooth module connected to the Arduino.

Fig. 2 Raspberry Pi module

B. Arduino Microcontroller Card
Arduino is an open source electronic platform [15].
Arduino processors are manufactured by the firm named
Atmel. Bootloader is a program coded to control the Atmega
chip and registered to the chip’s EPROM. Arduino is a
physical programming environment based on flexible, easy to
use hardware and software that includes an I/O card and a
processing/wiring language. In this study, Arduino UNO R3
model was used. It may be seen in Figure 3.

Fig. 1 Block diagram of the proposed system (MediReMoS)

Thanks to the code blocks written on the Arduino, the data
received from the DHT-22 sensor within the specified time
intervals are sent to the internet service with the help of the
Bluetooth module. The second part of the design consists of
the server section running the internet service provider. In this
section, a database design is set up to work over an internet
service on Raspberry Pi 2. One Wi-Fi module has been

Fig. 3 Arduino UNO microcontroller card

C. Wireless Communication Module
Wireless communication is the flow of information among
two or more agents without the need for a wired conductor

[16]. One HC06 module was used for wireless communication
in this study. This module connects to the Bluetooth hardware
on the computer and provides wireless communication. The
HC06 module can be seen in Fig 4.

assignments have been made through fixed IP addresses since
the system will provide server service. It is important that the
packages of the operating system are up-to-date for the
MySQL system to work properly. The flow diagram showing
the operation of the system installed on Raspberry Pi 2 is
given in Fig 6.

Fig. 4 HC06 Bluetooth module

D. Temperature and Humidity Sensor
The image of the DHT-22 sensor, which will sense the
temperature and humidity values to represent the medical data,
is given in Fig 5. As you can see, the two sensors are packed
in one package. The DHT-22 sensor has a humidity sensor
with a sensitivity ratio of 0.5 between 40 and 80 degrees and a
humidity sensor with a maximum 5% error rate between 0 and
100.

Fig .6 The flow diagram of server system installed on Raspberry Pi 2

An Arduino Uno R3 microcontroller-based system was
used to provide wireless communication between the sensors
and the server side. The Arduino sends the data from the
sensors as real-time to the Raspberry Pi 2 via the Bluetooth
module. The flow diagram of the task scenario for the
Arduino used in the system is shown in Fig 4. In addition,
Apache and PHP installations have been performed to
configure the internet service that is planned to run on the
server.
Fig. 5 DHT-22 sensor used to measure humidity and temperature

III. MEDIREMOS
The system records body temperature and humidity values
of multiple individuals as instantly in the MySQL database,
which is installed on Raspberry Pi2. The sensor values are
continuously acquired at intervals of 2 seconds. It can be
logged in to the system using the developed mobile
application. After the authentication, if there is any data that
the application owner has previously registered, the data can
be accessed from the application screen. If a sensor that the
user has defined when the program is opened is active, the
user can access the real time data through the application. The
system works on both sides as server and client architecture.
A. SERVER INSTALLATION
The system has been tested on two platforms to work on
Linux and Windows servers. MySQL database was installed
on the Debian system in the prototype. FTP and SSH port

Fig. 7 The flow diagram of the task scenario for the Arduino microcontroller

Once the server-side Bluetooth matching Arduino is done,
the received data is continuously recorded in the database.
The system takes the average of the number of data set on the
server side and saves it in the database instead of writing it to

database in 2 seconds interval. Thus, it is ensured that the data
at the extreme points which may cause the measurement to be
misplaced as much as possible. The saving process of data
from the temperature and humidity sensors is shown to the
database on the Raspberry Pi server in the HEX code in Fig 8.

In addition, user login form to authorize a user is present in
Fig 10. The user logins the system using telephone number
and password information as seen in this figure.

Fig. 10 Login form of client application for mobile devices

Fig. 8 The saving process of data from the temperature and humidity sensors
to database

B. CLIENT INSTALLATION
In the proposed system, an Android-based application
developed for use on mobile devices in client side of the
system. Thanks to the written application, database
authorization operations can be performed with the internet
service installed on the server. The flow diagram of the user
authorization and identification process is presented in Fig 9.

The registered data of the sensors associated with the user
profiles registered in the application can both be accessed and
monitored real time. The design of the system has been
improved to give notice to the viewer according to the type of
used sensor. The prototype of the system is designed to be an
example of realizing the notification and warning scenario.
For the upper and lower limit values for the temperature
sensor, the person is alerted by the notification and warning
on the client machine. Fig 11(a), Fig (b) and Fig 11(c) shows
screenshots for using the application developed for Androidbased mobile devices.

Fig. 11 Screenshots for using the application developed for Android-based
mobile devices to monitor sensor information, including humidity and
temperature

Fig 9 The flow diagram of the user authorization and identification process in
client

IV. DISCUSSIONS AND CONCLUSIONS
In this study, a system (MediReMoS) designed using
microcontroller and wireless technologies has provided to get
rid of the cabling that allows the patients to stay connected to
the monitor. Moreover, staff following the patient's status is
also able to access patient monitor data thanks to a mobile
application and data storage services. In this preliminary study,
hardware and software processes have been successfully
implemented using temperature and humidity sensors to detect
body temperature and humidity.

One of the goals of the system designed in this study is to
enable bedside patient tracking systems used today to be
operated wirelessly. Another goal is to allow patients' medical
data to be retrospectively examined, while the task following
the patient can be accessed from the far end of the patient's
real-time data. Thus, it is foreseen to obtain the data to be
monitored without being connected to the patients' beds. For
this reason, the prototype systems designed to record and
monitor the body temperature and humidity data that will be
an example of signals from the human body. Thanks to the
work-up device, body temperature and humidity data were
sent to an internet service provider via wireless connection
and the data received from the sensors are recorded in the
database.
The personnel associated with the database on the server
can be traced back to the records with the developed Androidbased software as well as in real time. Personnel performing
follow-up with the help of the application have been provided
with warning and alarm signals on the mobile device within
the predefined criteria of the user. Since the sensors are at a
simple level, they are sometimes found to be faulty. In order
to increase the accuracy of the transactions, the data have been
averaged and retrospective testing processes have been written.
Thus, the use of highly sensitive sensors or medical devices
will also allow the recording of data that is the same as the
actual values.
The basic stage of a comprehensive medical follow-up and
registration system has been established by this study. It is
aimed to add estimation and classification algorithms in
addition to the system for the real-time follow-up signals in
the following stages. Thus, it is intended that the trained staff
will have an advanced notification and warning system about
the current situation of the patient.
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Abstract— Among several ways of communications, the voice
remains the fastest natural tool for human-to-human and
human-to-machine communication. That is why the research in
automatic voice pathology detection and classification area has
gained much interest in the recent years. Indeed, these automatic
systems may be considered as assistive tools for the physicians
during the assessment stage. This latter may help them to make
decision, whether the input voice signal belongs to a healthy or
unhealthy subject and identifies the nature of pathology. In this
context, this paper provides a voice pathology detection and
classification system based on wavelet analysis and Teager
Energy Operator (TEO). First, we used the input voice signal
that we taken form Saarbrücken Voice Database (SVD) [1], to
extract a set of nonlinear features. These feature vectors are fed
into a Gaussian Mixture Model (GMM) [2] for the sake of
classification. The obtained results are 96.66% for the detection
task and 92.5 % for the identification task using TEO feature as
input data for the GMM classifier. These results show that our
proposal outperforms some state-of-art methods used in voice
pathology identification area.

one of these elements changes even moderately, our ability to
communicate can be compromised [6].
As an alternative, to avoid the available apparatus using to
assess patient’s voice, digital processing of speech signals has
provided a non-invasive analytical technique that is
considered to be an effective assisting tool to physicians when
identifying voice impairments, specifically in their early
stages. In [7], the author based on a robust method that
involves four methods to turn the speech signal into a set of
relevant features (e.g. noise content measures, spectralcepstral modelling, nonlinear features and measurements to
quantify the stability of the fundamental frequency). Using
these approaches they try to discriminate between laryngeal,
functional and neurological diseases. The obtained results
show that for a particular disorder there are appropriate
features to model it. Several studies that have been developed
in the literature; aiming to identify people with Parkinson
diseases (PD) from others neurological or other kinds of
diseases [8]–[13].

Keywords—Pathological Voices identification, SVD corpus,
Wavelet Analysis, Teager Energy Operator, GMM.

I. INTRODUCTION
Researches in the field of pathological voice identification
and classification are disregarded over the years. Unlike
pathological voice detection (VPD) systems which are widely
developed in the literature. That the numbers of people
affected by vocal pathologies increases yearly, approximately
7.5 million people in the United States have trouble using
their voices [3]. This large number may be due to the bad
habits and people’s jobs. Voice pathologies affect the vocal
folds during the phonation process; make vocal folds
producing irregular vibrations due to the malfunctioning of
different factors contributing to vocal vibrations [4]. Indeed,
to produce voice three main systems are involved: the
respiratory system, the laryngeal system and the supralaryngeal system (Fig.1). Further, the nervous system has a
prominent role in the control of the phonation process [5]. If
one of these systems does not work properly the voice will be
affected with several pathologies derived from different
origins: neurological, functional, laryngeal and psychogenic.
In addition to our expressive and receptive language, voice
and resonance, articulation, fluency, and prosodic features are
the major elements of human speech production. When any

Fig. 1 The laryngeal system and the supra-laryngeal system

Hugo Cordeiro et al. [14] based on short-term features (e.g.
MFCC and LSF) and a developed hierarchical classification
system that combine three classifiers: support vector machines
(SVM), Gaussian mixture models (GMM) and discriminant
analysis (DA) to identify three classes: healthy,
neuromuscular larynx pathologies (e.g. unilateral vocal fold
paralysis) and physiological larynx pathologies (e.g. vocal
fold edemas or nodules). The developed pattern reaches an
accuracy of 84.4%. In [15] more than 10% of patients

originally diagnosed as acute laryngitis subsequently being
found to have a psychogenic voice disorder. From here we
had the idea to develop a relevant system whose purpose is to
discriminate between the patients with laryngitis disease and
others with psychogenic dysphonia disease. In this way, we
try to invest in the field of pathological voice identification by
developing a new pattern based on wavelet analysis and a set
of nonlinear parameters. This work is organised as follows:
Section 2 devoted to describe the material: the database used
in this work and the developed methodologies: the features
extracted and the classifier. Section 3 presents the metrics
used to present the obtained results. Section 4 depicted the
obtained results and the discussion, and Section 5 contains a
conclusion of all the work featured in this paper.

subset selected from SVD corpus to conduct our experience.
From the whole database we choose a group of healthy subject
and two others groups of pathological subjects which belong
to a specific origin: psychological (psychogenic dysphonia)
and laryngeal (laryngitis). The age of the chosen subject’s
files recordings ranges between 25-70 years.
TABLE I
DISRIBUTION OF SVD SUBSET SELECTED

Normal

Laryngitis

Psychogenic
dysphonia

150
100

70
50

10
70

Male
Female

B. Wavelet transform

II. PROPOSED METHOD

The major advantage of the wavelet transform analysis is
that provides the so called time-frequency localization and
The block diagram below shows our proposal, which multi-scale resolution, by suitably focussing and zooming
contains two main stages: the first one is the feature extraction, around the neighborhood of one's choice.Unlike the Fourier
and the second one is the classification.
transform, wavelets analysis can have infinite varieties which
are fundamentally different from each other [16]. The wavelet
Voice signal
domain contains more complicated basis functions called: the
scaling function or father wavelet Ф(t) and the wavelet
function or mother wavelet Ѱ(t). A wavelet function is
defined as [17]:
Pre-emphasis

Ѱ𝑢,𝑠 (𝑡) =

Wavelet analysis
(DWT)

1

√𝑠

Ѱ(

𝑡−𝑢
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Where s is the scale and u is the spatial displacement.
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Fig. 2 The block diagram of the proposed system

A. SVD corpus
The Saarbrücken Voice Database (SVD) [1] is a free
database elaborated by the Institute of Phonetics of Saarland
University. This latter, contains recordings of sustained
vowels, /a/, /i/ and /u/ for normal, high and low pitch. The
recordings files were from healthy and pathological people
that suffer from several kinds of disorders (e.g. dysphonia,
cyst, laryngitis, etc). In addition, it contains a spoken sentence
in German “GutenMorgen, wiegehtesIhnen?” which means in
English “Good morning, how are you?”. Table I shows the

D1[n]

D2[n]

H

G

↓2

↓2

D3[n]

A3[n]

Fig. 3 Wavelet decomposition tree (Filter banks): three-level analysis

The wavelets which have strictly finite extent in the time
domain are called discrete wavelets [16]. This latter, is based
on sub-band coding using high-pass and low-pass filters.
Furthermore the discrete wavelet transform (DWT) is found to
yield a fast computation due to his easy implementation which
reduces the computation time and resources required.
Our proposal deals with feature extraction techniques based
on discrete wavelet transform (DWT). Using this analysis
method, the voice signal turns into a series of wavelet
coefficients, by applying successive low-pass filters which
gives the approximation coefficients A[n] (low frequency
information) and high-pass filters which gives the detail
coefficients D[n] (high frequency information). The discrete
time-domain
signal
decomposition
or
Mallat-tree
decomposition is shown in Fig.3. Indeed, the main selection
criteria to choose a suitable mother wavelet is to have a
wavelet function with enough number of vanishing moments
in order to represent the salient features of the disturbance, as
far as this wavelet should provide sharp cut-off frequencies
[18]. The mother wavelet involves in our experiment is the
Daubechies 40, which is an orthonormal wavelet. As
described in [18], the number of vanishing moments of db40
wavelet is large, and hence it gives a meaningful wavelet
spectrum of the analyzed signal (Fig.4).

frequency [22]. The Teager Energy Operator is defined in the
continuous case as [23]:
𝛹(𝑥(𝑡)) = 𝑥̇ 2 (𝑡) − 𝑥(𝑡) 𝑥̈ (𝑡)

(2)

Where x(t) is the signal, ẋ is the first derivative of x and ẍ is
the second derivative of x. In the discrete case TEO is
expressed as follows:
Ѱ[𝑥[𝑛]] = 𝑥 2 [𝑛] − 𝑥[𝑛 − 1] 𝑥[𝑛 + 1] (3)

The teager energy operator was used in several areas like
signal processing [24], [25] and image processing (e.g.
contrast enhancement).
2) Entropy (T):
The Entropy (T) criterion measure the uncertainty of a
random variable more precisely in the area of signal
processing, it describes information related properties for an
accurate representation of a given signal [18]. The most
common definition is the Shannon’s entropy, which is
expressed as:
𝑇(𝑥) = − ∑ 𝑥𝑖2 log 𝑥𝑖2
𝑖

(4)

Where xi stands to the wavelet coefficients at level i.
3) Theoretical Dimension (TD):
The theoretical dimension (TD) is a measure of the energy
concentration of the signal decomposition based on
orthogonal wavelet mother [26]. It can be a criterion that
reflects the degree of organization of information in the
speech signal. It is defined as [27]:

Fig. 4 Daubechies-40 wavelet: moment and spectrum

After the decomposition of voice signal using wavelet db40 at level-three, we extracted a set of robust features
allowing the identification of the three classes studies in this
work.

C. Features Extraction
Form the four obtained coefficients of wavelet
decomposition analysis; we extracted a set of three nonlinear
parameters to construct the features vector that describe the
voice signal which are: the Teager Energy Operator (TEO),
the Entropy (T), the Theoretical Dimension (TD).
1) Teager Energy Operator (TEO):
The teager energy operator (TEO) [19], [20] is defined as
the nonlinear energy. Based on this feature we can estimate
the envelope amplitude and the instantaneous frequency of a
speech signal [21]. Teager Energy Operator measures energy
changes of signals composed of a single time-varying

𝑇𝐷 =

1 𝐻
𝑒
𝑁

D. Gaussian Mixture Model (GMM)

(5)

The Gaussian Mixture Model (GMM) is one of the
prominent modelling methods used to resolve the problems of
classification in different areas like speaker recognition,
pathological voice detection and identification. GMM copes
more with the space of the features rather than the time
sequence of their appearance [28]. The main idea of the GMM
is to generate a mixture of Gaussian densities to model a set of
a given data. The model density is a weighted sum of M
component densities expressed as:
𝑀

𝑃(𝑋) = ∑ 𝛼𝑘 𝑔(𝑋|µ𝑘 , 𝐶𝐾 ), 𝑘 = 1,2, … , 𝑀
𝑘=1

(6)

Where αk, µk and Ck are the weight, the mean vector and
the covariance matrix of the ith Gaussian component,
respectively.

In our proposal the classification step is performed in two
stages: the first one is the detection (Fig.5), within this stage
we discriminate between pathological and normal subjects. In
the second stage, the GMM model was setting to differentiate
between two voice disease classes: psychogenic and laryngeal
diseases (Fig.6).

Training
Data

Test Data

Gaussian Mixture Model
(8, 16, 24 Gaussian component)

Laryngitis

Psychogenic
Dysphonia

8, 16, 24 Gaussian mixtures for the stage of pathological
identification (Fig.6). The database was divided equally into
five-fold, where each time one set is used as a test set whilst
the remaining sets performed training. Consequently, all the
data are used in the test step and the log-likelihood value is
calculated for it.

Training
Data

Test Data

Gaussian Mixture Model
(8, 32, 64 Gaussian component)
Normal

Pathological
Log Likelihood

Log Likelihood
Decision
Normal/Pathological

Decision
Fig. 5 Pathology voice detection stage

Fig. 6 Pathology voice identification stage

III. EXPERIMENTAL SETUP
For pathological voice detection and identification we
propose a system based on nonlinear features extracted from
wavelet coefficients and GMM classifier. From the SVD
database we select a subset of recordings of the sustained
vowel /a/ from three classes: healthy subjects, subjects suffer
from laryngitis (laryngeal class) and subjects suffer from
psychogenic dysphonia (psychogenic class). The voice signals
were decomposed using Daubechies wavelet db-40 at level
three. As a consequence we obtained three detail coefficients
and one approximation coefficients. From each coefficient we
extracted three features which are: the Teager Energy
Operator (TEO), the Entropy (T) and the Theoretical
Dimension (TD) as shownin Table II.

IV. METRICS
The results of our conducted work are expressed in terms of
sensitivity (Sn), specificity (Sp) and accuracy (Acc). These
letters are defined as follow:

TABLE II
INPUT VECTORS FOR GMM CLASSIFIER

vectors
V1
V2
V2

Feature vector

Teager Energy Operator (TEO)
Entropy (T)
Theoretical Dimension (TD)

The two stage of classification were performed based on
three GMM systems. For the pathological detection stage we
used GMM with 8, 32, and 64 Gaussian mixtures (Fig. 5), and

𝑆𝑛 =
𝑆𝑝 =
𝐴𝑐𝑐 =

𝑇𝑃
∗ 100
𝑇𝑃 + 𝐹𝑁

𝑇𝑁
∗ 100
𝑇𝑁 + 𝐹𝑃

𝑇𝑃 + 𝑇𝑁
∗ 100
𝑇𝑃 + 𝑇𝑁 + 𝐹𝑃 + 𝐹𝑁

(7)
(8)
(9)

Where (TP) is the true positive: when the system detects a
pathological subject as a pathological subject, (TN) is the true
negative: when the system detects a normal subject as a
normal subject, (FP) is the false positive: when the system
detects the normal subject as pathological subject and (FN) is
refer to false negative: when the system detects the
pathological subject as normal subject.
V. RESULTS AND DISCUSSION
In this work we conceive a new approach to discriminate
between several classes of voices: healthy and pathological.

Afterwards, pathological class will be divided into two classes:
laryngeal disease and psychogenic disease. Based on discrete
wavelet transform, that was considered as an effective tool for
extracting information from the voice signals; we decompose
the selected signals from SVD database via Daubechies 40
wavelet at level three. We obtained four coefficients; Fig. 7, 8
and 9 depicted the wavelet decomposition for three different
women (a healthy woman, a woman that suffer from laryngeal
diseaseand a woman that suffer from psychogenic disease).
From these coefficients a set of nonlinear parameters such as
teager energy operator (TEO), entropy (T) and theoretical
dimension (TD) are extracted. In order to classify the set of
the extracted data, several Gaussian Mixture models were
developed. During the detection stage, this experiment which
aims to classify the extracted data into two classes: healthy
and pathological, three GMM systems were setting with
different number of Gaussian mixtures (e.g. 8, 32 and 64). The
best accuracy achieved was 96.66% for using teager energy
operator (TEO) and a GMM with 32 mixtures. Nevertheless,
for a classifier with 8 or 64 mixtures the accuracy rate
decreases (87.77% for a GMM with 8 mixtures, and 95.55%
for a GMM with 64 mixtures).
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Fig. 9 Wavelet analysis of the sustained vowel /a/ signal of Healthy woman

1

-1

Waveform

0

0.01

Amplitude

Amplitude

Patient with laryngitis impairements

Healthy subject
1

2.5
4

0

1000

2000

3000

4000

5000

6000

7000

x 10

8000

Detail coefficient, level3
0.05
-0.050

Approximation coefficient, level3
2

0

2000

4000

6000

8000

10000

12000

10000

12000

0
-2

0

1000

2000

3000

4000

5000

6000

7000

8000

Approximation coefficient, level3
2
-20

0

2000

4000

6000

8000

Fig. 7 Wavelet analysis of the sustained vowel /a/ signal of woman that suffer
from Laryngitis disease
Fig. 8 Wavelet analysis of the sustained vowel /a/ signal of woman that suffer
from Psychogenic Dysphonia

TABLE III

The best performance of the
Identification system

PERFORMANCE MEASURES FOR PATHOLOGY DETECTION

Gaussians
8
32
64

T

8
32
64

TD

8
32
64

Sn (%)

Sp (%)

Acc (%)

90
98
98
88
88
86
82
86
80

85
95
92.5
80
85
80
80
82.5
77.5

87.77
96.66
95.55
84.44
86.66
83.33
81.11
84.44
78.88

100
Accuracy (%)

Features
TEO

80

92.5

87.5
67.5

60

TEO
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T

20

TD

0
24 Gaussian Mixtures

Fig. 11 The best performance of the GMM classifier in identification stage
with 24 Gaussian Mixtures
TABLE IV
PERFORMANCE MEASURES FOR PATHOLOGY IDENTIFICATION

Features

Gaussians

Sn (%)

Sp (%)

Acc(%)

TEO

8
16
24
8
16
24
8
16
24

62.5
62.5
93.75
56.25
68.75
87.5
56.25
56.25
81.25

62.5
62.5
91.66
54.16
58.33
87.5
50
50
58.33

62.5
62.5
92.5
55
62.5
87.5
52.5
52.5
67.5

T

TD

The best performance of the
Detection system

Accuracy (%)

100

96.66

95
90

TEO

86.66
84.44

85

T
TD

80

75
32 Gaussian Mixtures

Fig.10 The best performance of the GMM classifier in detection stage with 32
Gaussian Mixtures

In the identification stage, we used three GMM systems to
classify the extracted data into two classes: laryngeal disease
or psychogenic disease. The best accuracy reached is 92.5%
when we used the teager energy operator (TEO) and a GMM
system with 24 mixtures. However, using GMM systems with
8 and 16 mixtures do not give a good result. The entropy was
widely used in the field of pathological voice detection and it
gives a good result [18], [29] combining with other classifier
(e.g. support vector machine and neural network). However,
in our work using the entropy (T) as input data for the GMM
classifier gives the best accuracies rate 86.66% and 87.5% for
the detection and identification stages, respectively. In
addition, the theoretical dimension (TD) gives the lower
accuracies values for both the detection and the identification
stages. That, it reaches 84.44 % and 67.5 % for the detection
and identification stages respectively. The best results
obtained were shown in Fig.10 and Fig. 11.
VI. CONCLUSION
In this developed work we try to discriminate between three
voice classes in two stages. The first stage is devoted to
discriminate between pathological and healthy data. Whilst,
the second one is devoted to discriminate between the origin
of pathologic (laryngeal disease or psychogenic disease). To
do this work we extracted a set of nonlinear features after
decomposing the voice signal by wavelet analysis. A GMM
classifier combined with Teager Energy Operator (TEO) gives
prominent results, that the best obtained accuracies rates were
96.66% and 92.5 % for the detection and the identification
stages, respectively. In this way, in the future works we are
going to discriminate between several classes of voice
pathologies based on a new approach.
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Abstract— In this paper, deformation analysis of newly proposed
above knee prosthesis is presented. The above knee prosthesis
proposed in this paper is considered to be manufactured by using
PLA material via 3D printer. It composes of mainly tibia, foot,
knee and ankle joints. In order to analyse performance of the
proposed above knee prosthesis, amputee weights changing
between 60kg and 150kg have been applied on tibia, knee and
ankle joints. Depending on the weight change, the amount of
deformation in the load-bearing parts has been obtained and
demonstrated as tables. Finally performance of PLA material has
been criticized considering the new design of above knee
prosthesis.
Keywords— Deformation analysis, prosthesis, above knee
prosthesis, PLA material, usability

I. INTRODUCTION
Nowadays amputees are generally used passive type
prostheses. Active and passive prostheses are usually
manufactured in a mechanical structure. Recently, studies
about powered lower limb prostheses have illustrates an
increasing trend. As a result of this increasing demand,
prostheses are aimed to be produced with the closest mobility
to a healthy human walking motion. For this reason, the system
is required to be electronically and autonomously controlled.
However, electronical and autonomous systems increase
weight of prostheses due to the battery, electronic circuits,
motor and equipment used in the prostheses. Materials having
different mechanical properties are used in the main bearing
body and load bearing parts for having light weight production.
However, only the material types are not enough to lighten the
system. Therefore structural optimization can be required for
providing better system performance [1-4 and energy
efficiency [5]. Reference [6] presented a study about structural
optimization and comparative analysis of semi-direct drive
mechanisms.
Several previous studies [2,7,8] showed that the Finite
Element Analysis (FEA) method is an important candidate to
optimize the structure of robot arms and to obtain vibration
frequencies. In [9], authors performed 3D simulations and
optimization design by using Pro/E and ANSYS to obtain
detection accuracy.

In this study, the new above knee prosthesis design is
considered to be manufactured by using PLA material with 3D
printer in order to make the construction as light and easy
producible as possible. Stress, displacement and strain values
of knee and ankle joints were examined by applying force to
the mechanical structure during a gait cycle. The applied forces
were carried out for a total of 10 people with a 10kg increase
between 60kg and 150kg.
II. METHOD AND MATERIAL

A. Motion in Sagittal Plane
In this study, gait movements were examined in two phases
namely, stance and swing phase in sagittal plane as illustrated
on Figure 1. A gait cycle consists of these two phases.

(a)

(b)
Fig. 1 (a) Stance phase and (b) swing phase in a gait cycle [10]

Fig. 1 shows stance and swing phase in a gait cycle [10]. The
lower limb movements in the sagittal plane, consisting of ankle,
knee and hip joints, were investigated in a gait cycle. These
three joints which are hip, knee and ankle move on the lower
extremity during walking and each exhibits angular movement.

prosthesis and maximum stress values showed in Table.1 were
obtained.
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Fig. 2 Angles of hip, knee and ankle joints in a gait cycle

Fig. 2 shows angles of hip, knee and ankle joints in a gait
cycle [10]. This graph is used to simulate the angles of joints
and the loads applied to the joints while walking.

40kg
45kg
50kg
55kg

B. Geometric Structure

60kg

The above knee prosthesis has two joints which are knee and
ankle. Fig. 3 shows design and geometric structure of above
knee prosthesis (a. design of above knee prosthesis, b. knee of
prosthesis and c. ankle of prosthesis).
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Fig.4 shows the maximum values of stress in load-bearing
parts as graphical. Gait cycle is divided to 7 segments.
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Fig. 3 (a) Design of above knee prosthesis, (b) knee of prosthesis and (c)
ankle of prosthesis
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Fig. 4 Maximum stress values of above knee prosthesis for a gait cycle

C. Mechanical Simulations

E. Displacement Analysis

In simulation of the mechanism, stress, displacement and
strain analyses are performed by using Solidworks Simulation
tool. Firstly, mechanical design showed in Fig. 3 is considered
to be manufactured by using PLA material. In order to simulate
overall load-bearing parts, simulation parameters are
determined and performed. Since single prosthesis is
considered in this study, the body weights changing between
60kg and 150kg have been divided in to two. Therefore applied
forces have been obtained between 30kg and 75kg with 5kg
increase for each leg. During the walking period, weight-based
forces applied from the socket are applied in different amounts
according to the gait cycle.

In a gait cycle between 30kg and 75kg forces were applied
from socket of prosthesis and maximum stress values given in
Table.2 were obtained for each angle of hip, knee and ankle
joints.

D. Stress Analysis
For each angle of hip, knee and ankle joints in a gait cycle
between 30kg and 75kg forces were applied from socket of

TABLE II
DISPLACEMENT VALUES FOR A GAIT CYCLE
Loads
30kg
35kg
40kg
45kg
50kg

1. Mid 2. Mid 3. Mid 4. Mid 5.Mid
Point Point Point Point Point
5,87E 1,23E 1,55E 1,57E 1,13E
-05
-04
-04
-04
-04
6,80E 1,44E 1,83E 1,86E 1,34E
-05
-04
-04
-04
-04
7,20E 1,65E 2,13E 2,17E 1,56E
-05
-04
-04
-04
-04
8,00E 1,85E 2,43E 2,48E 1,79E
-05
-04
-04
-04
-04
9,80E 2,06E 2,74E 2,80E 2,02E
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-04
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-04
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Fig.4 shows the maximum values of stress in load-bearing
parts graphically.
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Fig. 4 Maximum strain values of above knee prosthesis for a gait cycle
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Stress, displacement and strain analyses are demonstrated in
Fig.5. These results are the highest values obtained in a gait
cycle. In prosthesis, some axle bars were used as load-bearing
parts and for providing joint movements. These bars were
chosen AISI 316 stainless steel because of not enough resistant
bars made from PLA material.
As shown in Fig.5 (b) displacement of knee region especially
in socket was obtained very high.

Fig. 4 Maximum displacement values of above knee prosthesis for a gait
cycle

F. Strain Analysis
Forces were applied from socket of prosthesis in a gait cycle
between 30kg and 75kg and maximum stress values showed in
Table.3 were obtained for each angle of hip, knee and ankle
joints.
(a)

TABLE III
STRAIN VALUES FOR A GAIT CYCLE
Loads
30kg
35kg
40kg
45kg
50kg
55kg
60kg
65kg
70kg
75kg

1. Mid 2. Mid 3. Mid 4. Mid 5.Mid
Point Point Point Point Point
5,65E 1,01E 1,21E 2,25E 1,45E
+00
+01
+01
+01
+01
6,59E 1,18E 1,43E 2,66E 1,72E
+00
+01
+01
+01
+01
7,53E 1,34E 1,65E 3,07E 1,99E
+00
+01
+01
+01
+01
8,47E 1,51E 1,87E 3,50E 2,27E
+00
+01
+01
+01
+01
9,41E 1,68E 2,10E 3,94E 2,56E
+00
+01
+01
+01
+01
1,04E 1,85E 2,33E 4,40E 2,86E
+01
+01
+01
+01
+01
1,13E 2,02E 2,57E 4,86E 3,17E
+01
+01
+01
+01
+01
1,22E 2,18E 2,82E 5,34E 3,49E
+01
+01
+01
+01
+01
1,32E 2,78E 3,07E 5,84E 3,81E
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+01
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+01
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Point
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4,00E+
01
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01
5,12E+
01
5,70E+
01
6,30E+
01
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01
7,54E+
01
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01

Fig.4 shows the maximum values of stress in load-bearing
parts as graphically.

(b)

(c)

Fig. 5 (a)Stress analysis, (b) displacement analysis, (c) strain analysis of knee
region of above knee prosthesis

Stress, displacement and strain analyses obtained from ankle
region are illustrated in Fig.6. These results are the highest
values obtained in a gait cycle.

(a)

(b)

(c)

Fig. 6 (a)Stress analysis, (b) displacement analysis, (c) strain analysis of
ankle region of above knee prosthesis

III. CONCLUSIONS
In this study, the usability of PLA material has been
investigated for an above knee prosthesis. A new above knee
prosthesis design with PLA is considered to be manufactured

by using 3D printer in order to obtain prosthesis as easy
producible as possible.
Deformation analysis of above knee prosthesis has been
performed. Eventually stress, displacement and strain values
are obtained by using Solidworks Simulation software. The
forces have been applied on the above knee prosthesis with
10kg increase. The simulations have been performed on the
people whose weights change between 60kg and 150kg. Since
single prosthesis is considered in this study, the body weight
have been divided in to two. Therefore applied forces have been
obtained between 30kg and 75kg with 5kg increase for each leg.
The results show that in our design, maximum stress
3,37E+11 N/m2 , maximum displacement 5,73E-04mm and
maximum strain 8,19E+01 for overall mechanical body. This
values demonstrates that PLA material can be used for
constructing the above knee prosthesis. Above knee prosthesis
produced by PLA material can also be considered as an
optimized structure.
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Abstract—The interaction of femtosecond laser pulses with
materials is a major issue for manufacturing of some innovative
technologies. Today, if the structural characteristics of any
materials are demonstrated scientifically, all technological
instruments can play a significant role in our daily life to make
life comfortable and easy.
The analyses and characterization of technologically more
important materials are the most prominent topic that is in a fast
and comprehensive development processes in recent years. The
chemical and physical dynamics of the material should be
determined for understanding of materials at the beginning of
studies. Femtosecond Laser Mass Spectrometry (FLMS) is a
very special technique to understand the properties of materials.
In this study, we have carried out an experimental work to
investigate hexane isomers by courtesy of FLMS which is a
powerful technique.
The obtained results in this study are intended to contribute to
the knowledge and also recorded data will contribute to the
development of new laser-based diagnostics and treatment
technologies.
Keywords—Femtosecond, Laser, Hexane, Mass Spectroscopy,
PCA

I. INTRODUCTION
The mass spectroscopy technique has some unique
advantages to reveal in molecular procedures. We have
carried out some experimental studies to discriminate,
interpret and identify hexane isomers. The multivariate
analysis technique consists of a collection of methods that can
be used when several measurements are carried out on one or
more samples. The multivariate analysis techniques have
been applied in the physiological, behaviour and biological
sciences initially. However, the multivariate methods have
been used for a number of other fields [1].
Hexane (C6H14) has been classified as a chemical in alkane
group with five isomers. These are used generally in the
industry, and the laboratory as a non-polar solvent, and also in
pharmaceutical applications. Therefore, when the physical
and chemical characteristics of molecules are well known, the
new application areas will be opened [2, 3].
Dimension reduction consists of some beneficial statistical
methods for discrimination and classification of isomers in
mass spectroscopy. Dimension reduction is one of the preprocessing steps used in an amount of application to reduce
the dimensions of high dimensional data to increase the
efficiency of the data analysis [4]. The dimension reduction
applications are used including isomer identification in laser

mass spectroscopy[5], customer relationship management,
text categorization, image retrieval, gene expression
microarray data analysis [6], intrusion detection, protein
classification, face recognition and handwritten digit
recognition[5-9]. These are important in many areas since it
decreases dimensions of data and other undesired properties of
high-dimensional spaces [10].
Laser mass spectroscopy is a very special technique to
understand some properties of materials[11, 12]. Isomer
identification has become a significant application of mass
spectroscopy studies [13]. These identification methods are
based on the determination and comparison of an
experimentally determined list of isomer masses. These
masses can be a list of parent ion mass and also a list of
fragment ion masses derived from a mass spectrum of the
molecule by using femtosecond (fs) laser ionisation. The
main objective of this study is to provide a systematic analysis
method in terms of to better distinguish for hexane isomers.
II. MATERIALS & METHODS
We have used fs laser system connected with time of flight
mass spectrometer (TOF-MS) system to analysis of liquid,
gaseous or solid materials for distinguishing isomers by using
statistical discrimination methods.

A. Femtosecond Laser Mass Spectrometry
The experimental apparatus used in this study is depicted in
Fig. 1 and consists of a fs laser system, a vacuum chamber and
data acquisition systems.
The time of flight mass
spectrometer was used to detect ions and produce mass
spectra as a function of the time of flight or mass to charge
(m/z) ratio for each ion. A TOF-MS consists of a sample
introduction system, an ion source and a 120 cm length fieldfree flight tube, was used to obtain mass spectra and the fs
laser systems were used as energy sources to produce ions.
The fs laser system consists of an oscillator laser system
(Ti:Light, Quantronix, NY, USA) producing 90 fs laser pulses
at 800 nm wavelength with 85.5 MHz repetition rate and used
to pump an amplifier (Integra-C-3.5, Quantronix, NY, USA)
producing 90 fs laser pulses at 800 nm wavelength with 1-3
kHz repetition rates. After the amplifier system, 3.5 W pulse
power is available and controlled using a circular neutral
density filter and measured by a power meter[14].

III. RESULTS AND DISCUSSION

A. Femtosecond Laser Ionization of Hexane Isomers

Fig. 1 Experimental systems consist of a fs laser system, vacuum chamber
and data acquisition systems.

Laser wavelength and repetition rate were not changed in
this work.
Subsequent to obtain one isomers mass spectrum, inlet
system cleaned until background spectrum shown the minimal
contamination. The background pressure was about 10-8 mbar
before the all experiments but during the experiments, due to
the sample pressure, the background pressure was about 10-6
mbar.

We have investigated the dissociative ionization
mechanism for hexane having five isomers which are called to
be;
n-hexane,
iso-hexane,
3-methylpentane,
2,3dimethylbutane and 2,2-dimethylbutane. Experiments have
been carried out using different laser intensities from
6.84×1014 W/cm2 to 7.60×1015 W/cm2 to figure out intensity
dependent ionization and fragmentation processes of hexane
isomers.
Fs laser ionization process for hexane isomers was obtained
as fragmentation pattern in mass spectra. The first fragment
ion recorded is H+ ion peak at m/z 1 amu for all hexane
isomers as seen in Figure 4. This situation shows that parent
ion (C6H14+) was fragmented to smaller mass ion peaks. We
have reported that all hexane isomers, firstly, were dissociated
and then ionized using fs laser system. The parent ion for all
hexane isomers in the mass spectra is one of the smallest
intensity of all laser power.

B. Principal Component Analysis (PCA)
PCA can be applied to identify differences between isomers
of hexane. At first step, all isomers are exposed laser
ionization/dissociation process using fs laser system as
defined in the experimental section. Here, important point is
to select the right laser parameters like pulse power, focal
point, laser angle e.g. and the vacuum conditions must be kept
constant as much as possible because of the statistical practice
is applied depending on laser pulse power, hence, the other
parameters including pressure are kept quite a stable state.
The second step, the each of saved mass spectra analysed
carefully to determine the ion yields. Ultimately, we have
identified hexane isomers following these steps and the results
presented in the following section.

Fig. 2. The schematic representation of PCA application for isomers

Fig.3. Mass spectra of the hexane isomers have been obtained using 90 fs
laser pulses at 800 nm wavelengths with the TOF-MS under high vacuum
pressure about 10-6 mbar.

In our study, we have observed the characteristic ions
for hexane isomers in mass spectra obtained using fs laser
fragmentation/ionization procedure with 5.7×1014 W/cm2
laser intensities are CH3+ (15), C2H2+ (26), C2H3+ (27),
C3H3+ (39), C3H5+ (41), C4H8+ (56), C4H9+ (57) and C6H14+
(86). According to literature, the ionization potentials for
the isomers of n-hexan; i-hexane; 3-methylpentane; 2,3dimethylbutane; 2,2-dimethylbutane are 10.18 eV, 10.12
eV, 10.8 eV, 10.6 eV, 10.2 eV, respectively. 800 nm
wavelength carries the laser photon with 1.55 eV energy
and 7 photons absorption is necessary for ionization of
each hexane isomer. Therefore, it is possible to conclude
that the ionization process is multiphoton ionization (MPI)
process.

B. Statistical Approaches to Interpret of Hexane Isomers
In this section, PCA statistical results were presented
for MS data obtained at the 5.7×1014 W/cm2 laser intensity.
We use two axes to evaluate each group of data. Each
group of data have been obtained from eight different
experimental results. Each point for all isomers shown in
figures 4 including 1×27 components obtained from mass
spectra. 1.5 W laser pulse power was used during the
experimental work to collect experimental data to evaluate
the statistical approaches.
PCA Results
Two dimensions of the PCA results are shown in fig. 4 for
hexane molecule, it has been recorded at 1.5 W laser power at
90 fs, 1 kHz repetition rate, 800 nm wavelength.
The obtained statistical results pointing out PC2 axis
can distinguish all isomers however when we look at PC1
axes, it doesn’t distinguish 3-methylpentane and 2,3dimethylbutane. It can be applied that t-test statistical
method to understand and interpret the PCA results.

is a parametric test that compares the location parameters
of two independent data samples [15].
We have aimed to explain the reason why 3-methylpentane
and 2,3-dimethylbutane cannot be distinguished, hence it has
been used t-test in MATLAB for PCA. There are some
important parameters in t-test used in MATLAB programme.
Alpha is significance level for t-test and it is range from 0 to 1.
It means that the hypotheses test result, it can be only 1 or 0
and it means that if the result is “0” hypotheses is not true and
if the results is “1” hypotheses is true. Table I-II and III have
been pointed out the t-test results for PCA results in figure 4.
Table II shows the t-test results for 2,3-dimethylbutane and
3-methylpentane isomers that are not distinguishable in PC1
axis in no way when t-test is applied cannot be distinguished
even if the sensitivity of the alpha value changed between 101
-10-8.
TABLE I. t-test result for 2,3-dimetilbutane and 3-metilpentane isomers In
PC1 axes

Table II. T-test results for 2,3-dimetilbutane and 3-metilpentane isomers In
PC2 axes

Fig 4. It is shown the PCA results of the hexane isomers. All isomers can be
distinguished according to PC2 axes. However, in PC1 axis 3methylpentane/2,3-dimethylbutane and n-hexane/i-hexane pairs cannot
separate.

We have assumed that isomers can be classified due to
the multivariate statistical methods used for identification
of molecule isomers by courtesy of FLMS method.
However, we sometimes observe intertwined structure
among the groups as seen in 3-methylpentane and 2,3dimethylbutane. When this situation occurs in results, we
have use two-sample t-test application. T-test is an
analysis of two population’s means through the use of
statistical examination; a t-test with two samples is
commonly used with small sample sizes, testing the
difference between the samples when the variances of two
normal distributions are not known. The two-sample t-test

Table II presents the t-test results for 2,3-dimethylbutane
and 3-methylpentane isomers.
These isomers may be
distinguishable in PC2 axis. When t-test is applied, these can
be distinguished even if the sensitivity of the alpha value
within 10-1-10-10. But, it is not distinguishable in PC1, when
the alpha value is 10-1-10-11.

TABLE III. T-Test results for n-hexane and iso-hexane isomers in PC1 Axes

[6]
[7]
[8]

[9]
[10]
[11]

n-hexane and i-hexane isomers are distinguishable in PC2
axis when t-test is applied. These can be distinguished even if
[12]
the sensitivity of the alpha value falls in the range of 10-1-10-10.
But, it is distinguishable in PC1, even when the alpha value is
10-1-10-11.
[13]

CONCLUSIONS
In the present work, fs laser fragmentation/ionisation of
hexane isomers has been investigated using a FLMS system
operated in high vacuum conditions (1.6×10-6 mbar). Mass
spectra were recorded as a function of laser pulse power. We
have aimed to reduce the data dimension using PCA method
because of mass spectra include most of the data to interpret
and analyse obtained from linear time of flight mass
spectrometer.
We have interpreted t-test results obtained from mass
spectra using PCA statistical process that makes some
contributions to our understanding and helps us to analyse the
obtained results.
These results are important for future studies. As a result
of this study, mass spectra data obtained by using FLMS and
PCA method will give a possibility to work on the chemicals
with a higher molecular mass that builds the basis of the work
to be done to distinguish healthy and cancerous tissues.
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Abstract—Rehabilitation plays very important role for recovery of
impaired activity of daily living (ADL). There have been
developed several rehabilitation devices for different parts of
human body. Hand-wrist rehabilitation device is one of the most
important rehabilitation device mentioned above since wrist and
hand are commonly used in activity of daily living. This study first
presents structures and then compares the abilities of these
rehabilitation devices. In order to effectively present the features
of rehabilitation devices for wrist and hand section, a detailed
table has also been designed.
Keywords—Physical
therapy,
stroke
recovery,
robotic
rehabilitation, wrist rehabilitation, training modalities, robot
control.

I. INTRODUCTION
Medical rehabilitation is the process of maximizing the
physical, social, vocational, psychological and educational
potential of individuals who are physiologically or
anatomically inadequate and incompatible with the
environment. Functional impairment and disability can be
congenital or acquired from any event. The aim of
rehabilitation process is to reduce the negative effects of
individual disability and to integrate into society.
Physical therapy and rehabilitation have great importance to
recover activity of daily livings of patients who have
insufficient physical activity. Physical therapy and
rehabilitation are divided into two main sections: upper
extremity rehabilitation and lower extremity rehabilitation.
These also have subdivisions such as gait rehabilitation, foot &
ankle rehabilitation, knee rehabilitation, arm rehabilitation,
wrist rehabilitation and hand rehabilitation.

Upper extremity and hand impairment are mostly seen as
neurological diseases depend on cerebral palsy (spasticity) in
childhood, stroke (paralysis in part of body) in adulthood.
Stroke patients constitute more than half of hospitalized
patients with neurological disease. Stroke, in countries with
increasingly aging populations, is an important health issue.
Stroke mortality has reduced due to take controlling risk factors
causing stroke. The development of medical care facilities in
last years has provided increasing life expectancy. However,
permanent physical and social disability is seen in at least half
of the patients who survive after the stroke [1]–[4]. For this
reason, medical rehabilitation practices constitute the basis of
treatment in the experience of stroke patients. While most of
the patients recover walking function, %30-66 of the stroke
patients do not use upper extremity ability [1], [2], [5]. This
situation causes that the patients need the assistance in activities
of daily living and move away from the social environment. It
also lead significant material and moral losses in individual,
familial and social aspects. The hand function loses is increased
patient care works.
Anatomically, the parts of the shoulder, elbow, wrist, and
hand are defined as the upper limb of the body. The most
important function of your shoulder, elbow and hand wrist is to
gives a position to hand. Forearm-wrist movements play a role
many functions of the hand. The wrist joint, which consists of
three joints, controls the distance between the body and the
hand.

A. Importance of Hand
Hand is the most important part which provides relationship
with environment. It plays major role in the independently
performing activities of daily living like nutrition, personal
hygiene and wearing. Hand that is anatomically complex have
a place in considerable area in the brain due to perform fine
motor activities. Due to the complexity of hand mechanisms,
the upper extremity and hand injuries/diseases are the most
difficult group of patients in clinics both surgical and nonsurgical treatment.

Fig. 1 Forearm-wrist movements [6]

Flexion-extension, abduction-adduction and pronationsupination movement as shown Fig. 1 is needed to perform
activities of daily living. Flexion-extension movements allow
the length of the extremity to change during hand-to-head
related activities. Pronation-supination movements start at the
elbow joint, end up at the wrist joint. Pronation movement plays

as a role in the activities in which body weight is supported.
Supination movement is involved activities such as feeding,
moving objects in the palm and washing the face [7]-[9]. Radial
deviation (abduction) and ulnar deviation (adduction)
movements are seen when writing, sliding and touching on any
surface.
The wrist joint provides the position of hand and fingers for
fine movement. It also provides a stable support in the hand for
grasping forces transmission. The main task of wrist joint is to
perform a proper grasp action by controlling length-strength
relation in hand muscles.
Fingers execute the function of grasping objects. For this,
there are two joints on the thumb and three joints on the other
fingers. Kinematically, only in sagittal plane flexion-extension
movement occurs in these joints. Finger flexion-extension
movement provide to grasp and release objects [7]-[9]. The
treatments of these anatomically related structures cannot be
considered independently of each other.

technologies closes up an important gap in rehabilitation. This
mechanisms allow to perform exercises in desired sequence and
repetition. With new technologies such as EMG and force
measuring, they provide convenience to specialists. In addition,
while patients are perform their exercises by the game on a
screen, they increase recovery motivation.
II. ROBOTIC REHABILITATION TECHNOLOGIES

A. Basic Approaches in Robotic Rehabilitation

The studies on the upper extremity in the literature are
divided into various classes. There are also studies that provide
exercise for the whole arm from the shoulders to the fingers as
well as studies that perform a single joint movement. Whole
arm rehabilitation studies are more difficulty in design and
control. They are more costly studies. For this, there are few in
the physical therapy units. With a few joint movement
supported rehabilitation structure, the treatment process spends
more time.
B. Obstacles in Treatment
In this situation, studies that reaches more patients and have
optimal
joint movement supported, are more suitable. Also,
In the upper limb/hand rehabilitation, occupational therapy
portable
designed and remote controlled capability via wireless
and traditional methods such as exercises of joint range of
devices
is
more favourable. This type of devices can be used at
motion and muscle strengthening is frequently used. In addition,
home
and
they
increase the recovery rate of physical treatment.
therapeutic applications such as functional electrical
Initial studies on rehabilitation robots is based on early 1990s
stimulation and biofeedback offer important contributions. In
rehabilitation clinics, treatment time and workload are major [12]. These studies are basically divided on the basis of upper
problems. It is recommended that treatment exercises be extremity and lower extremity. In the upper extremity
continued in the home environment to support functional rehabilitation studies, shoulder, elbow, wrist, hand and finger
recovery [1], [10]. For this purpose, relatives or caretakers of rehabilitation can be seen, as well as some combination of these
patients are trained. But, this cannot be maintained for a long [13]-[21]. Photos of recent studies on upper extremity
rehabilitation devices are given in Fig2.
time as they increase their workload.
In recent years, technological developments in rehabilitation
engineering have contributed to the therapy process. Physical
therapy exercises can be performed with desired sequence and
difficulty level by robotic rehabilitation. In this way, it can be
provided full recovery, daily life quality of patient increased. In
addition, hand function losses resulting from upper
extremity/hand injuries grouped as traumatic (work accidents,
sharp tool injuries, etc.) constitute another patient group
requiring long-term treatment in rehabilitation units. Especially
in industrial cities, hand injuries due to work accident are seen
many times. Hand function losses according to aspects of injury
causes both manpower and economic losses [11].
When physical therapy units and physiotherapy specialist are
not enough, there are big obstacles in the success of treatment.
In large population cities, physiotherapists will need more time
in treatment of patients. The effects of daily living such as
fatigue, illness, mental state, loss of motivation of
physiotherapists are also negatively affect in the treatment.
With the robotic rehabilitation device, the problems that can
arise from the individual differences of the physiotherapists can
be avoided.
In addition, patients with non-heavy disability can neglect
their treatment. The necessity of transportation to physical
therapy units is also another problem caused by the patients.
Fig. 2 Rehabilitation robots respectively from left to right then from top to
In this situation cannot provide complete recover the health. bottom: MIT-MANUS, REHAROB, MIME, ARMIn, CADEN-7, MEDARM,
In the following years the disability becomes chronic. Robotic The ESA Exoskeleton, L-EXOS, ARMOR, BONES, Sarcos Master Arm, UTS
Exoskeleton [13]-[21]

B. Main Criteria of Design
As mechanical structure, rehabilitation robots are divided
into end-effector type and exoskeleton type. The first robots in
upper extremity rehabilitation are type of end effector. Endeffector typed rehabilitation robots move the upper extremity
by holding the patient’s hand or forearm from a point. It is
simpler because it is developed by using serial robot designs in
robotic technology. The range of motion of the joints is not
actively measured. The main purpose is the realisation of
movement as a whole. Rehabilitation process is carried out on
the basis of the position of the end-effector. It is also not
measured force and torque. Therefore, there is an
uncontrollable load transition among joints on physical therapy.
Exoskeleton systems consist of axes placed at the joints of
the upper extremity. These axes structure produce a movement
that associated with joints. Therefore, each joint can be
measured and tracked. The exercises for the desired muscle
group can be performed independently. The biggest deficiency
of this structure is the bone dimension diversity between joints
according to patients. The development of rehabilitation studies
in recent years is seen the evolution from end-effector typed
systems to exoskeleton typed systems [12], [21]. Mechanical
system can be built by parallel structure or serial link
mechanism. For design and control, serial link mechanism is
easier then parallel structure. But parallel mechanism ensures
higher force and torque.
In most of robotic rehabilitation studies; active, passive, and
active-assistive exercise types are seen. The other types of
exercises are passive-mirrored, corrective, path guidance and
resistive [14]. Disability level after stroke determines the type
of exercise to be applied. In active mode, performance arises
from patient contribution only, whereas in passive mode the
movement is performed by the robot regardless of patient’s
response. In active mode, the robot is used for measuring
positions and providing guided movements. In assistive
modality both patient and robot contribution affect movement
performance [14].
The position of the joint is determined by measuring the
angles of movements of the axes. When operating with
electrical motors as actuators, the joint angles are usually
determined from the encoder mounted behind the motor. In
assistance mode, force/torque sensor or similar measuring
system is used for sensing motion contribution of patient. High
precision multi axes force/torque sensor is very expensive.
Instead of that, measuring systems consisted of Force Sensitive
Resistor (FSR) or load cell can be used. In addition, EMG
measures play a role for determining muscle activity and
muscle recovery.
In rehabilitation exercises, patient must move the joint at
specific angles. With trajectory planning, position and velocity
values at the joint are defined during exercises. Position
controller is used for following desired positions. In impedance
based control, when patient motion goes outside of trajectory,
the controller exposes the impedance effect. In some studies,
force/torque controller is used as well as position controller.
Force/torque controller is based on force/torque measures of
movement as feedback. There are also some studies which is

used computed torque control method by calculating dynamic
equation of robotic structure. Force/torque sensor is not needed.
Feedback of this method is angular position and velocity. But
the mechanical system must be fully modelled as dynamic.
III. HAND-WRIST REHABILITATION DEVICES
In the literature, there are many studies in the field of handwrist rehabilitation device. Twenty two important studies are
listed in Table 1 comparatively. In this table, it was discussed
titles of design model, Degree-Of-Freedom (DOF), training
modalities, control methods and which movement can be
performed. The DOF of rehabilitation robot is defined the
number of axes as which joint movements are implemented.
Some brief information about all of these studies are given as
follows.
Atlıhan et al. [22] designed a 3-DOF rehabilitation robot
which is called Physiotherabot/WF, for wrist and forearm
rehabilitation. It can perform passive, active assistive, isotonic,
isokinetic and isometric exercises. It has 3-dof mechanical
structure. It uses hybrid impedance control scheme. It is
suitable for using at home and hospitals.
Krebs et al. [23] developed 3-DOF rehabilitation robot for
abduction-adduction, flexion-extension, and pronationsupination. The unique robot can be operated standalone or
mounted at the tip of their companion planar robot, MITMANUS. It has passive linear guide and rotational axes. In the
following studies over this robot, Tagliamonte et al. [24]
presented mechatronic solution to increase the back-drivability
of a state-of-the art robot for wrist rehabilitation. The handle of
the robot has been provided with a load cell and a direct force
control scheme has been implemented to minimize the
interaction forces/torques between the user and the robot.
Gupta and O’Malley [12] designed 5-DOF haptic arm
exoskeleton which is called MAHI. The basic kinematic
structure is comprised of a revolute joint at the elbow, a
revolute joint for forearm rotation, and a 3-revolute-prismaticspherical (RPS) serial-in-parallel wrist.
RiceWrist [25] is an electrically actuated forearm and wrist
haptic exoskeleton device. RiceWrist design extends from prior
work by Gupta and O’Malley[12]. This work presents jointspace as well as task-space position controller and an
impedance based force controller for the device.
MAHI Exo II [26] offers several significant design
improvements compared to its predecessor MAHI [12].
Pehlivan et al. added a passive degree of freedom to allow
shoulder abduction thereby improving alignment especially for
users who are wheelchair-bound. The device enables simplified
and fast swapping of treatment side.
Pehlivan et al. [27] developed RiceWrist-S-that is a serial
robot mechanism for wrist-forearm rehabilitation. The device
has a grip force sensing handle. The RiceWrist-S is designed to
provide high torque output and cover the complete workspace
of the human wrist. In order to ensure zero backlash and low
friction at the joints, it uses cable drive transmissions.
Hesse et al. [28] developed end-effector typed 2-DOF
bilateral arm training system that can perform pronationsupination and flexion-extension movement. In active-passive

mode, the device moves the healthy wrist-forearm movements
to the impaired wrist-forearm. In passive-passive mode, the
device controls both impaired arms. In active-active mode,
patient perform both wrist-forearm movements actively.

Wrist Gimbal [29] is 3-DOF an exoskeleton system for the
forearm and wrist rehabilitation. Martinez et al. mainly focused
on a robust, safe and practical device design to facilitate clinical
implementation.

TABLE I
STUDIES ON HAND-WRIST REHABILITATION ROBOT
Project Name

Design Model DOF

Forearm
Sup./
Pron.

Wrist
Flex./
Ext.

Wrist
Abd./
Add.

Physiotherabot/WF [22] Exoskeleton

3

+

+

+

InMotion Wrist Robot
[23]-[24]

3

+

+

+

5

+

+

+

5

+

+

+

5

+

+

+

MAHI [12]
RiceWrist [25]
MAHI-EXO II [26]

Exoskeleton
Exoskeleton
3-RPS platform
Exoskeleton
3-RPS platform
Exoskeleton
3-RPS platform

Other Specs.

Training Modalities

Active, Passive, ActiveHybrid Impedance Control
assistive, Isotonic,
Force/Torque Control
Isometric, Isokinetic
PD Position Control
Modular
Active-assistance
Force/Torque Control
Force control, Impedance
Elbow Flex./Ext.- Active-assistance
Control, Admittance Control
Passive, Active-assistive, Impedance Based Force
Elbow Flex./Ext.Constrained
Control, PD Position Control
Portable

Elbow Flex./Ext.- Active-assistance

RiceWrist-S [27]

Exoskeleton

3

+

+

+

Bi-Manu-Track [28]

End-effector

2

+

+

-

Wrist Gimbal 3DOF [29] Exoskeleton

3

+

+

+

Wrist Gimbal 2DOF [30] Exoskeleton

2

+

+

-

ULERD [31]

Exoskeleton

3

+

+

-

Wrist Robot [32]

Exoskeleton

3

+

+

+

Hand Rehabilitation
System [33]

Exoskeleton

10

+

+

+

Hand Motion Assist
Robot [34]

Exoskeleton

18

+

+

-

HWARD [35]

Exoskeleton

3

-

+

-

AssistOn-Wrist [36]

Exoskeleton
3RPS-R
platform

3

+

+

+

3

+

+

+

Self-alignment

Modular
Active assistance
EMG biofeedback

Self-aligning Exoskeleton
Exoskeleton
[37]

Control Methods

-

Force Control

Active-assistance

PD Position Control

Passive-Passive,
Active-Passive,
Active-Active

Position Control

-

Passive, Resistive

PD Position Control

-

Active, Passive, Resistive PD Torque Control

Bilateral

Elbow Flex./Ext.- Active, Passive
-

Active assistance

Impedance Control,
Admittance Control
PID Position Control
Adaptive Torque Control

Wrist Adv./Ret.
Thumb Mov.
Active, Passive
PID Position Control
Finger Mov.*
Finger Mov.
Self-Motion Control
Active-assistance
Thumb Mov.
Force and Position Control
Fingers Flex./Ext.
Position Control, Air Pressure
Passive, Active assistance
Control.
Thumb Flex./Ext.
-

Active assistance
Active assistance

Passive Velocity Field Control
Position and Torque Control.
EMG-based Fuzzy-Neuro
Control

W-EXOS [38]

Exoskeleton

3

+

+

+

HEXORR [39]

Exoskeleton

3

+

+

-

-

Active assistance

Position and Torque Control

OpenWrist [40]

Exoskeleton

3

+

+

+

-

Active assistance

PD Position Control

NU-Wrist [41]

Exoskeleton

3

+

+

+

Self-alignment

Passive

Position Control

+

+

EMG biofeedback Active assistance

EMG Based Force Control

+

-

Modular

Sliding Mode Position Control
Sliding Mode Force Control

EMG based Wrist
End-effector
2
Rehabilitation [42]
Supinator Extender (SUE)
Exoskeleton
2
+
[43]
DOF: Degrees-of-Freedom
Sup./Pron.: Supination / Pronation
Flex./Ext.: Flexion / Extension
Abd./Add.: Abduction / Adduction
Adv./Ret.: Advance / Retract
Finger Mov. : Movements on each joint of Finger
Thumb Mov. : Movements on each joint of Thumb

Active assistance

Saadatzi et al. [30] studied implementation of a nonlinear
disturbance observer algorithm to estimate disturbance torques
on a wrist rehabilitation robot. In Wrist Gimbal 2, one DOF was
eliminated in favour of increased robustness/rigidity, lower cost,
and more intuitive mapping of limb movements to a visual for
therapy games.
Song and Guo [31] developed 3-DOF upper limb
rehabilitation robot named as ULERD. They proposed a light
and wearable exoskeleton device that provide to perform elbow
flexion-extension, forearm supination-pronation, wrist flexionextension. An inertia sensor is placed to detect the movement
of the patient’s forearm.
Masia et al. [32] developed the Wrist Robot with three main
requirements: 1) back-drivability of the 3-DOFs, in order to
assure a smooth haptic interaction between the robot and the
patient; 2) mechanical and electronic modularity, in order to
facilitate the future integration into a haptic bimanual armwrist-hand system with up to 12-DOFs; 3) scalable software
architecture. The Wrist Robot is intended to provide kinesthetic
feedback during the training of motor skills or rehabilitation of
reaching movements.
Koon [33] designed robotic hand rehabilitation system to
actuate and drive the patient’s hand in natural motion, while
preventing the patient from developing wrong muscle tone. In
order to better prepare the patient to regain his self-care abilities,
the rehabilitation training with the robot is based on activities
of daily living exercise, which revolves around manipulation of
daily objects. The device has 10 DOFs structure that contained
finger module, thumb module and wrist module. Finger and
thumb module perform grasping by controlling each joint
independently.
Ueki et al. [34] developed a hand rehabilitation support
system that has 18 DOFs of motion: 4 DOFs for the thumb
motion assistance mechanism, 3 DOFs for each finger motion
assistance mechanism, and 2 DOFs for the wrist joint. This
system realizes three goals: 1) bilateral motion assistance in the
flexion/extension of each finger and thumb, 2) bilateral motion
assistance in the abduction/adduction of each finger and thumb,
3) assistance in the opposing motion in the thumb.
Takahashi et al. [35] designed a robotic device called HandWrist Assisting Robotic Device or HWARD. The device can
assist functional grasping a releasing movement of the strokeimpaired hand. The 3 DOF device is pneumatically-actuated
and back-driveable. Rotary potentiometers measure the finger,
wrist and thumb joint angles. Microstructure pressure sensors
are mounted on both sides of each air cylinder to measure the
pressure levels. The device controls air pressure of pneumatic
actuator. Air pressure is regulated to maintain safe force levels.
Erdogan et al. [36] developed 3RPS-R exoskeleton. The
device provides enhanced ergonomy, enlarged workspace and
optimized device performance when compared previous
version of the device. It uses passive velocity field control to
provide robotic assistance to the patients. It is specifically
designed built to impose targeted therapeutic exercises to
forearm and wrist.
Beekhuis et al. [37] designed a self-aligning 3-DOF actuated
exoskeleton for diagnosis and training of wrist and forearm

after stroke. This design performs dynamical self-alignment to
compensate for misalignment of the human limb. It provides
assistance to perform exercises within almost the full natural
range of motion
Gopura [38] developed 3-DOF wrist and forearm motion
assist exoskeleton robot named W-EXOS. This robot is assisted
the motions of forearm supination/pronation, wrist
flexion/extension and wrist radial/ulnar deviation of physically
weak individuals. The wrist joint of the W-EXOS is designed
including the offset of wrist axes. Thereby the W-EXOS can
generate biomechanically similar motion as human wrist.
Schabowsky et al. [39] developed Hand Exoskeleton
Rehabilitation Robot (HEXORR). This device designed to
provide full range of motion (ROM) for all of the hand’s digits.
The thumb actuator allows for variable thumb plane of motion
to incorporate different degrees of extension/flexion and
abduction/adduction. Compensation algorithms are developed
to improve the exoskeleton’s backdrivability by counteracting
gravity, striction and kinetic friction.
The OpenWrist developed by Pezent et al. [40] is the
evolution of the RiceWrist-S. Major refinements to each degree
of freedom (DOF) to increase performance, functionality, and
most importantly compatibility with the Maestro hand
exoskeleton. A fourth passive linear degree of freedom between
the third joint and the point of human interface allows for small
misalignments between the user’s and robot’s joints.
Allington et al. [41] developed to add forearm/wrist
rehabilitation functionality for arm rehabilitation robots such as
Bones, Armeospring. They used pneumatic actuators at the
joints to achieve the forces needed for therapy.
Takaiwa et al. [42] used pneumatic parallel manipulator in
design. Pneumatic cylinders are employed as driving actuator
to form the structure called Stewart platform. They propose
detecting muscle fatigue based on EMG frequency analysis.
Omarkulov et al. [43] designed a novel 3-DOF exoskeleton
robot, called NU-Wrist, for wrist and forearm rehabilitation. A
novel compliant robot handle link ensures dynamic passive
self-alignment of human-robot axes during therapy exercising.
This robot manufactured using 3D printing technology.
IV. CONCLUSIONS
When studies on robotic rehabilitation in the literature are
examined, variety aims/goals, variety designs, variety training
modalities, variety components of structure can be seen. While
developing rehabilitation robot, the main perspective is
recovery impairment for which part or section of human body.
Recovery exercises which performed at the multiple joint
increase the scope of work. Larger structure is generally cost
highly, so they may not reach more patients. These provides
determine design concept as the end-effector typed or the
exoskeleton typed.
Robot mechanisms are driven electrically or pneumatically.
Because of generating compressed air difficulty and costly, in
rehabilitation robotics, electrical actuator mostly uses.
Electrical actuators can be positioned precisely. The motion
produced from the actuator is conducted by power transmission
tools. Backlash caused by the gears prevents precise

positioning. For this reason, in some studies, cable transmission
tools are used.
Training modality is another issue considered rehabilitation
robot development. Active, passive, active-assistance are
usually used techniques. Assistive modality is more preferred
for the recovery of the impairment of the patient.
Position control, force/torque control, admittance control,
impedance control and hybrid control techniques are
commonly seen in robotic rehabilitation systems. For these
techniques, control input is a position or torque value
generating by a trajectory plan. The trajectory is also a basically
task such as flexion, pronation movements. But some studies
on robotic rehabilitation systems are provided game support for
this movements. When the exercises are performed with game
support, motivation of the patient increases. This is naturally
accelerate the recovery in treatment.
This research contains compilation information obtained
from the leading hand-wrist rehabilitation devices.
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Abstract— This paper demonstrates an ultra-wide band (UWB)
microwave antenna system utilized for breast cancer detection. In
case of a breast contains one tumor and many tumors. The
antenna consists of a rectangular radiating patch fed by
rectangular feed line. To support wearable property purist 100%
cotton has been utilized as the substrate with dielectric constant
1.6, while the transmitting component patch and ground planes
were comprised of copper as conductive material. The operating
frequency of antenna is between 1.6 GHz and 11.2 GHz. The
analysis of the antenna and breast models was carried out using
CST Microwave Studio. Simulated results in terms of return loss,
bandwidth, radiation pattern, as well as gain and efficiency are
presented to validate the usefulness of the proposed design and
different bending conditions are presented.

II. ANTENNA DESIGN
The substrate of the proposed antenna has dimensions
70mm x 60mm, it has a permittivity of 1.6 F/m and thickness
of 1.6 mm for the substrate. 100% cotton material is utilized as
the dielectric substrate. Copper metal in the patch is going as
the radiating surface with a thickness of 0.1 mm and Table I
shows the dimensions of patch and ground planes. The antenna
is fed through a 50Ω miniature adapter (SMA) connector. As
stated previously the dimensions of this antenna have been
obtained using CST Microwave studio [6-8]. Fig. 1 shows the
geometry of the antenna structure used for simulation in next
section.
TABLE I

Keywords— UWB Antenna; Wearable antenna; Antenna
Bending; Breast cancer detection; CST.

I. INTRODUCTION
Breast cancer, which is used to call the prime killer of the
urban women, is becoming a big problem worldwide nowadays.
Lot of investigation is been done to get rid of this prime killer
of the women. Experts suggested that to detect it as early as
possible and to treat it. Breast cancer tumor detection is a
biomedical approach and an application belongs to the
microwave tomography. A lot of traditional techniques used for
breast cancer discovery are X-ray mammogram, magnetic
resonance imaging (MRI) and ultrasound. Nevertheless, they
have a few restrictions. For instance; it isn’t 100% precise in
appearing if a women suffering from breast cancer, also a falsenegative mammogram looks typical despite the fact that disease
is available and a false-positive mammogram looks anomalous
despite the fact that there's no malignancy in the breast [1-3].
The microwave detection of the breast cancer tumors is a nonionising and indeed potentially low-cost alternative. In the
ultra-wide band (UWB) imaging system a bunch of wide pulse
is being transmitted from a transmitter antenna and then
scattered with the different layer of the phantom. The scattered
signal of different layer of breast tissue is collected by a
receiver antenna surrounding by the breast [4, 5]. In this paper,
the proposed design aims to detect breast cancer early by using
microstrip patch antenna and support wear ability that can be
integrated as part of garment and to be worn on the body, with
the ability to extend wireless range that use UWB in addition to
the low frequency.

DIMENSION OF THE DESIGNED ANTENNAS

Parameter

Dimension
(mm)

Parameter

Dimension
(mm)

L

34

S4

6

W

36

LG

25.7

LF

26

WG

25.25

S1,S2

4

SG

10

S3

5

S5

4

a
Fig. 1. Geometry of the proposed antenna

b

III. SIMULATIONS RESULTS
A. Return loss
The operating frequency of the proposed antenna design
expands from 1.6 GHz to more than 11.2 GHz and has a
magnitude less than -10 dB return loss (S11) with bandwidth 9.6
GHz as shown in Fig. 2. The band width of designed antenna
covering the required bandwidth to detect most types of breast
cancers [9, 10]. The measured and simulated results are similar
validating the antenna specifications.

Fig. 4. Return loss of different bending modes

IV. CANCER DETECTION

Fig. 2. Simulated return loss of the various structures.

B. Radiation Pattern
The designed antenna exhibits broadside radiation pattern
with a peak gain of 6.17 dBi at 9.8 GHz as shown in Fig. 3 and
the total efficiency is (ηt=93%).

The breast model is approximate replica of human breast, the
designed model consists of three layers, the first one a skin
layer whıch is a half space of sphere with thickness 3 mm and
outer radius of 25 mm, the second layer is fibro glandular
breast fatty tissue which is a half sphere inside the skin layer
with outer radius of 22 mm and a defected tumor model is
situated inside the fibro glandular breast fatty tissue layer as a
sphere with diameter 15 mm as shown in Fig. 5 and Fig. 6
shows a breast model contains many tumors. The dielectric
constants and conductivity of each layer of the breast model are
shown in Table II [17-20].
TABLE II
BREAST MODEL PARAMETERS FOR THE NORMAL BREAST TISSUE, THE
DEFECTED AND THE SKIN

Dielectric medium

Dielectric constant
(F/m)

Conductivity
(S/m)

Skin

46.7

1.1

Normal tissue

9

0.15

Defected tissue

50

0.7

V. SIMULATION RESULTS OF CANCER DETECTION
Fig. 3. Polar radiation pattern of designed antenna.

In the proposed antenna system transmitter antenna sent
signals and then illuminates the breast phantom model, and the
C. Bending of Antenna
receiver antenna collects the backscattered waves from breast
The proposed design antenna has been tested under several phantom model. In order to achieve higher level amplitude of
bending conditions to examine its ability to keep its operating signal for enhancement the tumor signal, the end fire direction
bandwidth as desirable, the antenna has been bent with different for antenna position is introduced as shown in Fig. 7. In our
breast cancer imaging system vertical end fire antennas are
modes (vertical and horizontal) with 45 degree.
placed with 180 degree between transmitted and received
Fig. 4 shows that the measured results of the return loss when antenna at 5 mm apart from skin fat interface [11, 12]. Fig. 6
different bending situations are applied to the proposed antenna, shows a comparison between two received signals one of them
return loss parameter almost still UWB, no major differences when breast contains one tumor and another one when a breast
occur. Therefore, the antenna will be able to operate within the model contains many tumors.
desired frequency range.

VI. CONCLUSION
This paper studied wearable ultra-wide band microstrip
antenna used to detect breast cancer early, in case of breast
contains one tumor and many tumors. The designed antenna
structure radiates frequency band starts from 1.6 GHz to 11.2
GHz is simulated with basic three dimension breast structure.
Likewise the material substrate utilized as a part of this
proposed antenna is 100% cotton which retains water as needs
be the execution additionally persuade changed and to be
approved for future improvement. The designed antenna has
benefits of UWB, conservative size, minimal cost, good
directional radiation patterns with acceptable gain of 6.17 dBi
with a total efficiency above 93% and ability to wear.
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Abstract—This paper study and evaluates some of non-wearable
antennas such as Bow-Tie antenna, Vivaldi antenna, circular
patch and rectangular patch microstrip antenna with a wearable
ultra-wide band microstrip antenna with improved bandwidth
design to be used in microwave imaging. The operating frequency
of wearable antenna is between 1.6 GHz and 11.2 GHz. The
wearable antenna consists of a rectangular radiating patch fed by
rectangular feed line. To support wearable property purist 100%
cotton has been utilized as the substrate with dielectric constant
1.6, while the transmitting component patch and ground planes
were comprised of copper as conductive material.
Keywords— UWB Antenna; Wearable antenna; Antenna
Bending; Microwave imaging; CST.

acts as the radiating surface with a thickness of 0.1mm. Table I
shows the dimensions of patch and ground planes [5, 6].
TABLE I
DIMENSION OF THE DESIGNED ANTENNAS

Parameter

Dimension/mm

Parameter

Dimension/mm

L

34

S4

6

W

36

LG

25.7

LF

26

WG

25.25

S1,S2

4

SG

10

S3

5

S5

4

I. INTRODUCTION
Microwave imaging of the human body includes
transmitting low-power, non-ionizing wideband or narrowband
microwave signals into the territory of enthusiasm utilizing an
antenna system, which thus measures the scattered microwave
signals [1]. In medical imaging, ultra-wide band (UWB)
antennas were utilized and these antenna types should be planar,
compact, with high radiation efficiency and strength stability
over the whole activity band. The greater part of ultra-wide
band antennas were discussed in previous designs show Omnidirectional radiation designs with low pick up [2, 3]. A few
sorts of receiving wires can be utilized, for instance, Circular,
Vivaldi and Bowtie. One of the prevailing examination subjects
in antenna for body-driven correspondences is wearable. A
wearable antenna is intended to be a piece of the apparel
utilized for correspondence purposes, which incorporates
b
a
following and route, mobility and safety. Wearable antenna
apparatus necessities for all new application require light
weight, minimal cost, nearly repair free and no establishment Fig. 1. Geometry of the proposed antenna a) Patch plane b) Ground plane.
[4]. In this paper the pervious UWB antenna designs such as
Circular, Vivaldi and Bowtie will study, compare and evaluate
III. SIMULATIONS RESULTS
with UWB wearable antenna to show limitations of each type.
A. Return loss
II. WEARABLE ANTENNA DESIGN
The return loss of proposed antenna is less than -10 dB in
As shown in Fig. 1 the geometry of designed wearable frequency range of 1.6 GHz to more than 11.2 GHz with
antenna, the length, width, and height of a cotton substrate are bandwidth 9.6 GHz as shown in Fig. 2. The bandwidth of the
70 mm, 60 mm and 1.6 mm, respectively and the dielectric designed antenna covers the required bandwidth to detect most
constant of the substrate is 1.6 F/m. Copper metal in the patch types of breast cancers [7, 8].

Fig. 5 shows that the measured results of the return loss
when different bending situations are applied to the
proposed antenna, return loss parameter almost still UWB,
no major differences occur. Therefore, the antenna will be
able to operate within the desired frequency range.

Fig. 2. Simulated return loss of the various structures.

B. Radiation Pattern
As shown in Fig. 3, at 6.8 GHz the polar form radiation
pattern of proposed antenna is directional pattern with gain 6
dBi in far field region, also the antenna exhibits broadside
directional radiation pattern with a peak gain of 6.17 dBi and the
total efficiency is (ηt=93%) at 9.8GHz

a

b

Fig. 3. Polar radiation pattern, c) 6.8 GHz d) 9.8 GHz.

IV. BENDING OF ANTENNA
Based on the analysis, the proposed design has been tested
under two bending conditions to examine its ability to keep a
desirable operating bandwidth [9]. The antenna has been bent at
45 degree angles vertically and horizontally as shown in Fig. 4.

Fig. 4. Simulation bending of antenna with two different modes
a) vertical bending, b) horizontal bending.

Fig. 5. Simulation bending of antenna with two different modes
a) vertical, b) horizontal.

V. EVALUATION OF ANTENNAS
Designing UWB antenna has different difficulties such as
the performance of the impedance matching under ultrawideband; For example, good impedance matching “S11< -10
dB” in the band of 3.1 GHz to 10.6 GHz), compact size, low
level of distortion, stable radiation pattern, and stable gain.
Actually, a lot of antenna designs were achieved a broad
bandwidth to be used in UWB systems.
Various microwave antennas are used across the world by
different microwave medical imaging groups [10- 12]. This
section details four main types of antennas were used in
microwave medical imaging (Bowtie, Circular, Vivaldi, and
Wearable design) the Bowtie and Circular designs are not
wearable but Vivaldi and Rectangular designs are wearable as
shown in Fig. 6, as shown in Fig. 7 a circular antenna operates
in the UWB of (2.634 GHz - 10.31 GHz) but it has a sub-band
(3.641 GHz - 5.465GHz) operates above -10dB, a Vivaldi
antenna operates in the UWB of (1 GHz - 10 GHz) but it has
two different sub bands (4.321 GHz - 5.18 GHz), (8.38 GHz 8.99 GHz) are operate above -10dB, a Bowite antenna operates
in the UWB of (3 GHz - 10.39 GHz) under -10dB and the
wearable design operates in the UWB of (1.6 GHz - 11.2 GHz)
under -10dB, as shown in Table II comparison between
substrate properties of each antenna.
Circular antenna design has gain 9 dBi at 8.4GHz, vivaldi
antenna has gain 8.5 dBi at 5.8 GHz, vowite antenna has gain 5
dBi at 10 GHz and wearable design has gain 6.17 dBi at 9.8 GHz,
also Table III shows the total radiation efficiencies and
bandwidths of each antenna.

VI. CONCLUSION
This study analyzed, evaluated and discussed
characteristics, performance and limitations of non-wearable
antennas and wearable antenna. A wearable microstrip UWB
antenna is researched to give microwave imaging to detect
breast cancer early. The wearable antenna structure working at
1.6 GHz - 11.2 GHz is simulated. The material substrate
utilized as a part of this proposed antenna is 100% cotton which
retains water as needs be the execution additionally persuade
changed and to be approved for future improvement. The
designed antenna has benefits of UWB, conservative size,
minimal cost, good directional radiation patterns with
acceptable gain of 6.17 dBi with a total efficiency above 93%
and ability to wear. One might say that this work acquires better
outcomes when contrasted with other works in literature.

Fig. 6. Different types of microstrip patch antenna, (a) circular patch
antenna, (b) Vivaldi patch antenna, (c) Bowtie patch, (d) Wearable
antenna.

Fig. 6. Simulated return loss of each antenna type.
TABLE II
COMPARISON BETWEEN SUBSTRATE PROPERTIES OF ANTENNAS.
Antenna
Bowtie
Circular
Vivaldi
Wearable

Substrate
material
FR-4
FR-4
Cotton
Cotton

Substrate
thickness
1.6 mm
1.6 mm
1.6 mm
1.6 mm

Permittivity
F/m
4.7
4.7
4.7
1.6

Size
mm
30 x 36
38 x 46
364 x 209
70 x 60

TABLE III
COMPARISON RADIATION EFFICIENCIES AND BANDWIDTHS OF EACH
ANTENNA.
Antenna
Bowtie
Circular
Vivaldi
Wearable

Bandwidth (GHz)
7.39
7.676
9
9.6

Efficiency
90%
86%
92%
93%
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Abstract— In this study, a FIR (Finite Impulse Response) filter
which is one of numerical filters was dealt with in 8th grade and
realized on Field Programmable Gate Array (FPGA) platform.
FIR filter design was done with MATLAB platform. Vivado
software has been used as the development environment and the
filter was implemented on the Nexys 4 FPGA platform using the
VHDL programming language. With the help of the designed
filter, different noise signals are applied to the FPGA input and
the desired noiseless signal is obtained on the output.
Keywords— FIR Filter, FPGA, Filter design, FPGA based FIR
filter

I. INTRODUCTION
Filters are components of analogue or digital form, which are
frequently used in electronics and, as the name implies, perform
filtering on specific criteria on signals. They are used to obtain
the desired signal by removing unwanted signals from noisy
signals. In short, they can be defined as signal selection system.
Digital filters provide more flexibility compared to analogue
filters, allowing the design to be easily modified using software.
They are also less sensitive to changes in external parameters
such as temperature, magnetic declination. Digital processing
of a signal also reduces processing costs. With that, digital data
storage is easy.
Filtering is very important in many designs. Filters can be
used to extract the desired signal to be accessed, which is buried
under too much noise. Furthermore, whether a system is linear
or not, the output can be determined by filtering at certain
frequencies. These features serve to identify systems.
Many different calculation techniques are used in the
filtering process. One of them is the convolution process is
performed by multiplying each coefficient in the equation by
multiplying the values of the signal. The quick realization of
these calculations is very important for real-time applications.
For example, it is necessary to use fast and high precision
filters to separate the ECG signals used in the diagnosis of heart
diseases from other external ambient noise.
Many DSP applications require a high degree of FIR filter.
However, the computational complexity increases with the
increase in the filter level due to the necessity of larger
calculations. This is a serious challenge in real-time
implementation of the filter [1].
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The FPGA is able to perform the calculations on the signals
quickly and simultaneously with the parallel processing
capability. Thus, almost real time filtering can be carried out on
FPGA.
II. FILTERS
Filtering is very important in many designs. Filters can be
used to extract the desired signal to be accessed, which is buried
under too much noise. Furthermore, whether a system is linear
or not, the output can be determined by filtering at specific
frequencies. These features serve to identify systems.

A. Filter Types
Filters can be in different ways. For example, there may be
fluctuations in the transition bands or they may have a flat
transition band. Filters are typically categorized by shape in the
formats specified in the list:
1. Low-pass filter: It is the filter type that passes the signals
below a certain frequency.
2. Band-pass filter: It is the type of filter that stops the
signals outside the upper and lower frequency limits and
passes the signals between these limits.
3. Band-stop filter: It is the type of filter that passes the
signals outside the lower and upper frequency limits and
stops the signals between these limits.
4. High-pass filter: It is the type of filter that passes the
signals above a certain frequency.
5. All-pass filter: It is the type of filter that passes all the
frequencies evenly but changes the phase relationship
between the various frequencies.

B. Filter Shapes
Filters can be in different shapes. For example, there may be
fluctuations in the transition bands or they may have a flat
transition band. Filters are typically categorized by shape in the
formats specified in the list:
1. Bessel: It has the smoothest group delay compared to
other filter shapes.
2. Butterworth: It is a form of filter designed to have a
frequency response as straight as possible in the transition
band. Also called maximum flat amplitude.
3. Chebyshev: It is designed to have a minimum error
between the ideal filter and the actual filter. They are
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categorized into two types: the transition band and the
fluctuation band in the stop band.
4. Elliptic: It is a form of filter with fluctuation in the
transition band and stop band. But it has the fastest
transition between the pass and stop band.
Choosing the filter shape to be used depends on the desired
properties in the application. For example, in the output band,
the output signal amplitude is needed to be able to track the
input signal amplitude at the possible level. In this case, a
Butterworth filter can be used to provide more passband in the
system. When the output signal frequency is desired to follow
the input signal exactly with a linear phase response, Bessel
filter shape should be used due to its structure.

C. Analogue and Digital Filters
In another aspect, the filters can be formed in two ways as
analogue and digital filters. Passive filters in an analogue
circuitry are the steps of inductors, capacitors or resistors.
Active analogue filters can be in a structure that uses amplifiers
or resonators. The value can be determined using already
created tables or applications to design analogue filters.

D. FIR Filter
Another filter application of digital filters is the FIR (finite
pulse response) filter. FIR filters do not use feedback and their
outputs are only connected with existing and previous inputs.
The output signal does not supply its own input. FIR filters are
always stable because they are only dependent on inputs.
Another digital filter type, IIR, takes input from its output and
is therefore a filter that uses feedback. FIR filters need a higher
order to meet the same specifications as IIR (endless pulse
response) filters.
FIR filters consist of three main components: unit delay
element, multiplication and summation elements. The number
of the unit delay element means the end of the pulse response
time. In addition, the number of unit delay elements, expressed
as n-1, determines the degree of the filter. The multiplication
elements serve to multiply the input signal with the
corresponding filter coefficient. Summation elements collect
the data obtained from the multiplication output and produce
the filter output. This process is called convolution. The filter
coefficient used determines the degree of the filter. The quality
of the filter increases as the filter grade increases [2]. From this
information, the equation of an FIR filter is;
𝑁−1

y(n) = ∑ ℎ𝑘 𝑥(𝑛 − 𝑘)
𝑘=0

expressed as. According to the formula, y(n) refers to the output
signal, hk frequency response coefficients and x(n) input signal
[3].
III. FPGA
FPGAs are semiconductor devices based on an optional
adaptive logic blocks matrix connected by programmable
connections. FPGAs can be reprogrammed according to the
desired application or functionality requirements. Unlike other
types of processors, they are capable of parallel processing and
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can execute multiple operations at the same time. Generally,
they are high performance devices due to their structure and are
often used in high speed applications. Aviation and defense
industry, data centers, video applications, medical, image
processing, wireless communication are available.
Unlike other processors, connections to FPGAs are not fixed,
they can be customized. The main advantage of the FPGA
solution is that when a specific hardware is open to design and
an error is detected in the system or when the schedule is
obsolete, it is possible to change its structure, to improve and
improve its functioning functions. The FPGA configuration is
usually specified using a hardware description language (HDL).
The most common languages are VHDL and Verilog.
The FPGA development boards are ready-to-use
development environments with an FPGA processor and the
required hardware. They include all the components required to
program and operate an FPGA. Users are presented as a method
for prototyping the systems they will develop. Unlike generalpurpose systems such as a computer, the development cards
usually contain no hardware or very few hardware connected to
the user interface. In order to be able to install a user-developed
program, they can include various ports such as serial port,
flash memory port, USB port.
IV. FIR FILTER DESIGN
The FIR filter design consists of two parts: the approach to
the problem and the realization of the problem. It gives the
transfer function through four steps by taking the approach
stage features [4]. These stages:
1. In the frequency domain, the desired or ideal response is
selected.
2. Select a permitted class of filters (N for FIR filters).
3. Select a measure of approach quality.
4. Choose a method or algorithm to find the best filter
transfer function.
The realization step is to select the structure to implement
the transfer function, which may be in the form of a circuit
diagram or in the form of a program. There are basically three
ideal methods for FIR filter design:
1. Windowing method,
2. Impact response cutting method,
3. Optimal filter design method.
The method of cutting the pulse response is the simplest
design method. It has undesirable frequency field
characteristics and is not very useful. The window method is
simple and useful but not optimal [5].
The FIR filter is designed using the window method. Filter
coefficients were found by this method. The main idea of the
window method is to have the narrowest main lobe and as little
side lobes as possible. The Hamming window filter design
method is the method that provides the specified properties [6].
The window method calculates hd(n) with the inverse Fourier
transform based on the ideal desired filter frequency response.
Since hd(n) is long, the window function must be used to reach
the unit impulse response h(n) that meets the requirement. The
calculation equation is shown below.
ℎ(𝑛) = 𝑤(𝑛) ∗ ℎ𝑑 (𝑛)
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Where w(n) is the window function [7]. The coefficients of
the FIR filter are obtained using the Discrete Fourier Transform
(DFT) of the required frequency transfer function by a known
windowing method. The window method performs the
mathematical function whose values are zero outside the
selected range. Compared to other design methods, the window
method is very easy to design and implement [8].
For design and simulation, the filter design application of the
Matlab software, FDATool (Filter Design and Analysis Tool)
was used. In the design, the filter was set at 8th degree, the
sampling rate was determined as fs=96000 and the cut
frequency fc=10800. The Matlab application interface used in
the design is given in Fig.1.

Direct Form II scheme was used in the structure of the filter
applied.
V. APPLICATION AND RESULTS
FPGA is a powerful medium that supports hardware and
parallel operation for testing, analyzing and designing a
hardware or software. VHDL (very fast hardware definition
language) also provides the support and the ability to describe
the best design and design.
An exemplary signal is generated in the Matlab environment
for the simulation of the FIR filter. This signal was randomly
generated by adding a noise signal to the signal. The results are
given in Fig.2.

Fig.1 FIR Filter Design with FDATool

The coefficients of the filter designed via FDATool are
exported to a txt file and prepared for VHDL implementation.
The coefficients calculated with FDATool are given in Table 1.

Fig.2 Noisy Signal / Filtered Signal

As seen in Figure 2, the noise on the filter which is designed
is eliminated. The higher the degree of the filter, the closer the
output signal is to the desired value.
The VHDL language was used to define the FIR filter to the
0.002473596173554889
hardware. The application was carried out on Xilinx's Vivado
0.024426175761756149
FPGA software and performed on the Nexys 4 FPGA card. The
0.10673334784122872
prepared coefficients with the Matlab software using FDATool
0.22491170669296029
were converted to integer values for ease of calculation and
0.28291034706099982
defined as constant value variables in VHDL language. As a
0.22491170669296029
result of the calculations, the output was obtained by re0.10673334784122872
arranging at the ratio converted to an integer. Port entry for
0.024426175761756149
filter input and filter output has been made for implementation
0.002473596173554889
on FPGA. In the VHDL language of the FIR filter, memory
These coefficients are defined as variables in the VHDL variables for a clock frequency, filter grade and convolution
software and are used to calculate the output signal by using the process are defined.
For the convolution process of the filter, the input signal
input signal applied. Design architecture is in parallel structure.
The filter should be developed by developing a signal flow must be kept in memory and the memory must be same with
diagram describing the sample sequences in terms of operations. the filter length. The input values for convolution are saved by
Direct Form I uses a 2N delay unit to implement the transfer shifting to memory array.
Fig. 3 shows an input signal applied to the VHDL simulation
function with N according to the order of the filter. This layout
is suitable for low-level filters, but not practical for higher-level and the stored data.
filters. Direct Form II potentially needs only N delay elements
that are half of the Direct Form I scheme [8]. In this study,
TABLE I
FIR Filter Coefficient
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Fig.3 VHDL Simulation / Filtered Signal

As a result of the application, an 8th degree FIR filter was
obtained. The application of the FIR filter on the FPGA
provides a speed advantage in the process due to the ability of
the FPGA performing parallel operation. This allows the use of
a higher degree of filters.
Increasing the degree of filter requires many mathematical
operations to achieve the desired result due to the convolution
process used in the calculation. FPGA performs each
mathematical operation in separate blocks at the same time and
enables us to obtain the result. Therefore, it increases the filter
coefficient and enables us to reach the desired signal faster and
more noise-free.
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Abstract— Thyroid disease is one of the common diseases in
society. The diagnosis of thyroid disease is difficult because it can
be easily confused with the symptoms of other diseases. Until
nowadays, different artificial intelligence methods have been
developed in the literature for the diagnosis of thyroid disease. In
this study, thyroid disease was diagnosed with artificial neural
network using firefly algorithm (ANN-FA) on thyroid data set.
Performance analysis of the developed ANN-FA model was
performed using 10-fold cross-validation. With this model, the
95.77% classification success has been achieved. This accuracy
rate is higher than the ANN models performed on the thyroid data
set. In addition, this study has shown that ANN optimized with FA
can provide successful results in the diagnosis of thyroid and other
diseases.
Keywords— Artificial Neural Network, Firefly Algorithm,
Thyroid Disease, Training Algorithm

I. INTRODUCTION
Thyroid is a small gland whose basic function is to control
the body's metabolism. It is located in the middle of the lower
neck, similar to the shape of the butterfly. To control
metabolism, the thyroid gland produces hormones called T3
(triiodothyronine) and T4 (levothyroxine). These hormones are
important in the production of proteins, body temperature
regulation and energy production [1-3].
The disorder in the amount of hormones produced in the
thyroid gland leads to clinical conditions. Many diseases can be
seen in the thyroid gland. Most of these diseases are goiters,
thyroid cancer, solitary thyroid nodules, hyperthyroidism,
hypothyroidism, thyroiditis etc [4]. Thyroid diseases are
common in the general population. Most thyroid problems can
be successfully treated [1, 5].
The abnormalities of thyroid function usually occur with
very little or too much thyroid hormone production. When the
thyroid gland produces too much hormones, the body uses
energy faster than it should. This situation is called
hyperthyroidism. When the thyroid does not produce enough
hormones, the body uses energy slower than it should. This
situation is called hypothyroidism. There are many different
reasons for the development of one of these conditions.
However, thyroid problems are five to eight times more than
men in women [1, 6, 7].
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Thyroid disease can be difficult to diagnose because its
symptoms can easily be confused with other diseases.
Diagnosis of thyroid function is an important classification
problem. The proper interpretation of thyroid data, clinical
examination and complementary research is important in
diagnoses of disease [8, 9]. Various new methods have been
used for diagnosis of thyroid diseases like pattern recognition
techniques, fuzzy classifiers, artificial immune recognition
system, neural networks, etc [2, 4, 8-15].
Successful results were obtained in the diagnosis of thyroid
disease using artificial neural network and hybrid algorithms.
For example, Prasad et al., the machine learning algorithm and
decision support systems were used to diagnose thyroid disease
and 93% success was achieved [16]. In another study, where
decision support systems were used to diagnose thyroid disease,
a 95.33% classification success was achieved [1]. In another
study conducted using artificial neural networks, 10-fold crossvalidation and 93.19% classification success was achieved [2].
It is known that artificial neural networks are optimized with
many algorithms and successful results are obtained. In this
study, training ANN is optimized with firefly algorithm (FA).
According to the different studies using this method, hybrid
ANN-FA method were used in the diagnosis of breast cancer
disease and successful results were achieved [17]. Furthermore,
FA was able to diagnose breast cancer more accurately than
other swarm intelligence methods [17]. Senthilnath el al.
provided an extensive performance study by compared FA with
11 different algorithms and concluded that firefly algorithm can
be efficiently used for clustering[18]. As a result, the FA
algorithm is an appropriate algorithm to use in the training of
the ANN.
In this study, thyroid disease diagnosis were realized by
using ANN with FA training. The thyroid data set in the UCI
machine learning database was used to perform this study.
Performance analysis of the obtained ANN-FA model with 10fold cross validation was performed.
II. MATERIALS AND METHODS

A. Thyroid Dataset
In order to perform the research reported in this manuscript,
we used the thyroid dataset from the UCI machine learning
repository [19]. The dataset consists of measurements of the

1097

_________________________________________________________________________________________________________________
7th International Conference on Advanced Technologies (ICAT'18)
April 28-May 1,2018,Antalya/TURKEY

thyroid gland. This data set contains three classes and 215
samples. The class distribution is as shown in Table 1.
TABLE 1. CLASS DISTRIBUTION OF THE THYROID DATABASE

Class Name
Normal
Hyper
Hypo

Class Size
150
35
30

Class distribution (%)
69.77
16.28
13.95

Thyroid dataset have five features. These features are:
Feature 1: T3-resin uptake test (A percentage).
Feature 2: Total serum thyroxin as measured by the isotopic
displacement method.
Feature 3: Total serum triiodothyronine as measured by
radioimmuno assay.
Feature 4: Basal thyroid-stimulating hormone (TSH) as
measured by radioimmuno assay.
Feature 5: Maximal absolute difference of TSH value after
injection of 200 mg of thyrotropin-releasing hormone as
compared to the basal value.

B. Artificial Neural Network (ANN)
Artificial Neural Networks (ANN) are non-linear models
based on the working principles of the human brain. ANN
consists of artificial neurons and layered connections that occur
between these neurons [20]. An ANN basically has three layers:
an input layer, an output layer and a hidden layer [21]. The
input layer is ANN's first layer. It allows the transfer of data
from outside to ANN. The output layer is the final layer of the
network and provides the transmission of information out of the
network. All layers remaining between the input and output
layer are called hidden layers. The hidden layer has no
connection to the outside of the network. Takes the signals from
the input layer and sends it to the output layer by doing the
necessary calculations [21]. An ANN architecture is given in
Figure 1.

In Equation 1, x is the input values to the neuron, w is the
weight values of each input, b is the bias value, and y is the
output value.

C. Firefly Algorithm (FA)
The FA algorithm is a meta-heuristic algorithm that is
inspired by fireflies flashing light to each other. Fireflies send
a flashing light to attract their prey or to protect them from their
enemies. In the FA algorithm, the objective function depends
on changes in light intensity [23]. At this point, the fireflies
move towards the brighter and more attractive zones. If a firefly
is brighter than other fireflies, the other fireflies will come to
the bright firefly. In the firefly algorithm, there are two
important issues: the variation of light intensity and formulation
of the attractiveness[24]. Attractiveness is the brightness of
light emitted by fireflies. The attractiveness of the firefly is
proportional to the light intensity seen by the other fireflies [25].
The attractiveness of the firefly is determined by
2
𝛽(𝑟) = 𝛽0 𝑒 −𝛾𝑟
(2)
in which 𝛽(𝑟) firefly’s attractiveness at distance(r) from the
firefly, 𝛽0 the attractiveness at a distance r=0, γ = light
absorption coefficient, r is distance between the ith and jth
fireflies that are located at xi and xj positions, respectively, is
computed as follows
𝑟 = 𝑟𝑖𝑗 = ‖𝑥𝑖 − 𝑥𝑗 ‖ = √∑𝑑𝑘=1(𝑥𝑖,𝑘 − 𝑥𝑗,𝑘 )2

(3)

The movement of a firefly i attracted to another, brighter
firefly j is determined by
2
𝑥 𝑖+1 = 𝑥 𝑖 + 𝛽0 𝑒 −𝛾𝑟 (𝑥 𝑗 − 𝑥 𝑖 ) + 𝛼(𝑟𝑎𝑛𝑑 − 0.5) (4)
where the first term is current position of firefly. The second
term provides the relationship between the intensity of light
seen by neighbouring fireflies and the attractiveness of the
current firefly. The third term is randomization.
III. ANN TRAINING WITH FA
In this study, the FA is used to optimise the weights of the
ANN model. When utilizing evolutionary algorithms to train
neural network, the neural network is trained by minimizing an
error function. The error function used in our study is the Mean
Squared Error (MSE), which can be calculated according to Eq.
5:
1
2
𝑀𝑆𝐸 = ∑𝑚
(5)
𝑖=1(𝑓(𝑥𝑖 ) − 𝑦𝑖 )
𝑚

The pseudo code of the ANN training with firefly algorithm
is given Table 1. Firstly, it generates the initial population of
candidate solutions for the given problem. In this problem, the
population is composed of the ANN weights. Then, calculate
Fig. 1. An ANN architecture
the attractiveness and distance for each firefly to move all
The data received is connected to the neuron through weights, fireflies towards the attractive firefly in the search space.
and these weights determine the effect of the corresponding Finally, the attractive firefly moves randomly in the search
inputs. The sum function calculates the net input. Net input is a space. This process is repeated until a termination criterion,
result of the multiplication of weights related to the inputs of such as the maximum number of iterations. [26].
the network [21, 22]. The activation function (f) calculates the
net output during the process:
𝑦 = 𝐹(𝑛𝑒𝑡) = 𝐹(∑𝑛𝑖=1 𝑤𝑖𝑗 𝑥𝑗 + b)

E-ISBN: 978-605-68537-1-5
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TABLE 1. PSEUDO CODE FOR FIREFLY ALGORITHM
Begin
Objective function, F(x)=MSE;
Fireflies initial population generation, xi= wi (i=1, 2, ….r);
Formulate intensity of light I and its association
(i.e., for issues of maximization, I∝F (x) ;)
Defining absorption coefficient;
While (t<maxGen)
for i=1:r (all r fireflies)
for j=1:r (r fireflies)
if (f(xj)<f(xi))
Calculate attractive fireflies by Eq. 2;
Calculate distance between each fireflies I and j by
Eq. 3;
Move all firefly (xi) to best solution (xj) by Eq. 4;
end if
end for j
end for i
t=t+1;
Find current best;
end while
End

IV. RESULTS AND CONCLUSIONS
The MATLAB neural network toolbox was used to create
the ANN structures. Also, the FA based ANN training
algorithm was implemented using MATLAB software.
The parameters that are determined after some preliminary
trials for the proposed algorithm are shown in Table 2.

Fig. 3. The change of Cost Function Values

Accuracy is used to measure the correctness of classifier.
The accuracy of the classification determined by the formula
given in Equation 6.
𝑡
𝐴𝑖 = 𝑥100
(6)
𝑛
where t is the number of sample cases correctly classified,
and n is the total number of sample cases. The accuracy values
obtained at each run of ANN training with FA are given in Fig
4.

TABLE 2. PARAMETER SETTINGS

Parameter
Population Size (# of fireflies)
Number of iterations
Light Absorption Coefficient()
Attraction Coefficient ()
Mutation Rate

Value
20
1500
100
2
0.2

The 10-fold cross validation was used in the evaluation of
this study. 10-fold cross-validation is used to ensure that all
records are used for testing and class determination. In this
method, the data set is divided into 10 equal parts, one of which
is used for testing, and the other parts are for training. This
process is repeated ten times with different test data parts.
Overall performance success is achieved by the arithmetic
mean of test performance values. The ANN structure which is
obtained using the trial and error method is given in Figure 1.
There are 5 neurons in the hidden layer of ANN, which has the
best performance.

Fig. 4. K-Fold Cross Validation of Proposed Model

The accuracy, sensitivity, and specificity values were
obtained as 95.77%, 92.66% and 97.96%, respectively, using
FA in the training of the ANN. Obtained results clearly show
that thyroid disease can be diagnosed with high success with
the proposed algorithm in this study.
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Abstract: A mathematical model has been designed to
explore the flow of Eyring powell nano-liquid in
attendance of convective heat and mass boundary
conditions. Additional impacts of free stream velocity
with continuously moving surface are also considered.
The whole system is analyzed analytically using
Homotopy analysis method (HAM). Graphical
illustrations are depicted to show the effects of salient
parameters on all involved profiles. Apart from these,
numerically erected tables of Sherwood and Nusselt
numbers versus varied parameters with requisite
deliberations are also given. A counter check to the
existing model by comparing it with a previously
reported result in limiting case is an added feature of
this study; hence reliable results are being reported. It
is noticed that both temperature and concentrations
distributions
are
escalating
functions
of
Thermophoretic parameter.
Keywords: Convective heat and mass conditions;

Analytic solution; Eyring Powell nanofluid; Free
stream velocity.
I.
INTRODUCTION
Efficient working of small gadgets in electronic
devices is need of today's modern engineering world.
But poor cooling performance of these systems
forced scientists and researchers to look for new
fronts. Introduction of Nano liquids, a juncture of
ultrafine nanomaterials having size less than 100nm
and some renowned base fluids, has addressed this
issue quite effectively. These nanoparticles are made
up of oxides, carbides, nitrides, carbon nanotubes,
graphite and metals. These Nano liquids possess such
characteristics that make them exceptionally reliable
in fabricating varied engineering applications
including drugs delivery devices, ceramics, paints,
cooling of engines/electronic gadgets and heat
exchangers. Choi and Eastman [1] examined
experimentally that Nano liquids are quite effective
in enhancing heat transfer capabilities of the base
fluid. This was followed by an effort by Buongiorno
[ 2] who discovered that Brownian motion and
thermophoresis are vital in Nano fluid motion. In
recent attempts, numerous dimensions have been
explored Nano-fluids [3  7] .

E-ISBN: 978-605-68537-1-5

Materials that do not observe the Newton's law of
viscosity including lubricants, ketchup, paints and
shampoo fall in the category of non-Newtonian
fluids. These fluids have vital role in many
manufacturing processes like fermentation, boiling,
bubbles absorption and composite processes etc. No
single constitutive relation can solely exhibit the
complex relation of sheer rate and stress. That is why
a number of non-Newtonian models have been
proposed. Amongst these Eyring-powell is relatively
more complex and possesses advantages over other
contemporary fluid models. It is from the class of
sheer thinning fluids that include toothpaste and
human blood. It demonstrates the characteristics of
Newtonian fluids at high and low sheer rates.
Researchers and scientists are attracted to dig out
more physical aspects of this interesting model

[8  15].

Heading in the same direction, we are intended here
to explore the impacts of convective heat and mass
transfer on Eyring-Powell nanofluid past a constantly
moving surface. Analytical solutions are found by
engaging renowned Homotopy Analysis method.
Graphical illustrations of pertinent parameters versus
all involved fields with necessary arguments are
added to this study. Tables of numerically calculated
values of local Nusselt and Sherwood numbers for
varied parameters are also given to reflect clearer
picture of the present analysis. A counter check for
the reliability of the present study, by comparing it
with an established work, is an added feature of our
work.
II.
MATHEMATICAL FORMULATION
We consider here the flow of Eyring-Powell
nanofluid past a constantly moving surface with
velocity u w in attendance of convective heat and
mass boundary conditions. Both uniform free stream

u  , u w are heading in the
same direction. Under the condition T w  T  ,
and constant velocities

both free stream and constant temperatures are
constant (Fig. 1).
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,

Tf ,

T , C f and C  are the
kinematic viscosity, density, ratio of effective heat
capacity of nanoparticles to the heat capacity of the
fluid, Brownian motion coefficient, concentration of
species, fluid temperature, the convective fluid
temperature below the moving sheet, ambient
temperature, concentration below the moving
sheet and concentration far away from the sheet,
respectively. k , c p , DT , h f and hc are the thermal
DB ,C,

T,

conductivity, specific heat at constant pressure,
thermoporetic diffusion coefficient, convective heat
transfer coefficient and convective concentration
transfer coefficient respectively. Using the
transformations of the form
Fig. 1 Schematic flow diagram

The Cauchy stress tensor in case of Eyring--Powell
model [16] is given by the following equation:

 1 ui
u
1
 ij   i  sinh 1 
x j 
 c x j
where


,



(1)

 , c and  are the material fluid

constants and the dynamic viscosity of Eyring Powell
fluid model. Following
3

 1 u i  1 u i 1  1 u i  1 u i

 ,
sinh 1 
 
 1, (2)
 c x  c x
6  c x j  c x j
j 
j

the equations for continuity, momentum, energy and
concentration profiles are given by

u v

 0,
x y

(3)
2

u

u
u 
1   2u
1  u   2 u (4)
 
 2 
v
  
,
x
y 
c  y
2 c 3   y  y 2

u

 C T D  T  
T
T
k T
 ,
v

   DB
 T
x
y c p y 2
y y T  y  



u

C
C
 2C D  2T
v
 DB 2  T
,
x
y
T y 2
y

2

2

(5)
(6)

T
 hi T f T  ,
y

(7)

C
 hi C f  C  , at y  0
y
u
u  u ,
 0, T  T , C  C as y  , (8)
y
where u and v denote the velocity components in
the x and y directions, respectively,    ,  ,
DB
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(9)
Eq. (3) is identically satisfied while Eqs. (4) to (8)
are reduced to
(10)
1    f   1 ff     f 2 f   0,
2
1
2
(11)
(1 / Pr)   N b    N t    f   0,
2

 Nt
 Nb


Pr Le
   
f   0,
2

f '  0    ,  '  0    1 1    0   ,

   

 '  0    2 1    0   , f  0   0,
f '     1   , f ''     0,

(12)

(13)

     0,      0,
in which  , Pr, Le,  1 and  2 are constant
parameter, Prandtl number, Lewis number, heat
transfer Biot number and mass transfer Biot number.
Also,  and  are the fluid parameters, N b and

Nt

are the Brownian motion and thermophoresis

parameters respectively, given by

with allied conditions
u  0,v  0, k

U
1 U
 f    f  ,
y,
u  Uf  , v  
x
2 x
T  T
C  C
   
,    
where U  u w  u  .
T f  T
C f  C



c
uw
U3
, Pr  p ,  
,
U
k
2x  c 2
 D B C f  C 
h
x
2  c
,N b 
,
DB U



Nt 

1 

(14)

 DT T f T 
k
, Le 
,
T 
c p D B

hf
k

x
1
, 
U
c
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The case   0 relates to the flow over a immobile
surface because of free stream velocity. However,
  1 points out the moving plate in the fluid. The
flow of fluid and plate moving in the same direction
is represented by the case 0    1 . Here, we are
considering the case   1.
The skin friction coefficient C f , local Nusselt
number Nu x and Sherwood number Shx can be
written as
3
1  u 1 u 1  1 u  

  ,
Cf 

 
U 2  y c y 6  c y  
(15)
y 0

x

Nu x  

 

T
y y 0

, Shx  

x

 1   f  0.25,  1.5     0.5 and
 1.5     0.5 when

  0.8,   0.7,  1   2  0.1,   0.4,
Pr  1.0, N t  0.1, N b  0.2, Le  0.9,
are given in Fig. 2. To validate our graphical results
obtained in Fig. 2, a numerical table is also erected
(Table 1). After a careful analysis, it is found that
both are in an excellent alignment; this endorse our
numerical and graphical results.

 

C
y y 0

.
(T f  T )
(C f  C )
The Skin friction, Nusselt number and Sherwood
number in dimensionless forms are as under:

C f Re x1 / 2  1    f (0) 



f  (0),
.
(16)
3
1 / 2
1 / 2
N u x Re x   0, Sh Re x   0,
here local Reynold number is represented by
Rex=Ux/ν.
III

3

Fig. 2

HOMOTOPIC SOLUTIONS

Initial suppositions

L

operators

f

 f 0 , 0 , 0 

with respective

, L , L  for Homotopy analysis

method is given by
f 0    1     1  2 1  exp  ,



 0    1 exp  , 0    2 exp  ,
1 1
1  2
(17)
d 2
d 2
L   
  , L   
 ,
2
d
d 2
(18)
with ensuing physiognomies
(19)
L f Q1  Q2 exp( )  Q3 exp( )  0,
d 3 f df
L f   

,
d 3 d

L Q4 exp( )  Q5 exp( )  0,

L Q6 exp( )  Q7 exp( )  0,
where Q i
IV

i  1 7

 curves for f, θ and ϕ

Table 1. Hierarchical varied order of approximations
depicting series solutions' convergence
when   0.8 ,   0.7 ,   0.4, N b  0.2,

   1   2  0.1, N t  0.1 , Pr  1 ,
and   0.8.
 0.5,
  0.8

Le  0.9,
f

Order of approximations f  0
1

0.1164

  0

  0

0.08739 0.08630

5

0.06788 0.08229 0.07883

10

0.06021 0.07996 0.07591

15

0.05849 0.07917 0.07493

20

0.05801 0.07889 0.07458

25

0.05787 0.07878 0.07444

(20)

29

0.05783 0.07874 0.07440

(21)

30

0.05783 0.07874 0.07440

are the arbitrary constants.

CONVERGENCE ANALYSIS

Homotopy Analysis method facilitate us to select and
regulate the series solutions' convergence via
  and   . The
auxiliary parameters  f ,
acceptable ranges of convergent solutions are

E-ISBN: 978-605-68537-1-5

V.
RESULTS AND DISCUSSION
This section is devoted to highlight the impacts of
varied physical parameters graphically on velocity,
temperature and concentration profiles. The effect of
fluid parameter  on velocity distribution for λ=1
(Sakiadis flow) and λ=0.4 are depicted in figures 3
and 4 respectively. It is found that velocity profile is
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escalating function of fluid parameter for λ = 1 and
an opposite trend is seen for λ=0.4. In Figs. 5 and
6 , the influence of fluid parameter δ has been
discussed against the velocity profile for different
values of λ. One can see from Fig. 4 that velocity
filed decreases with an increase in value of δ keeping
λ=1 (Sakiadis flow). But it increases for λ=0.1 . In
figures 7 and 8, impact of the Prandtl number Pr on
temperature and concentration fields is shown. As Pr
is the quotient of momentum to thermal diffusivity.
So, higher values of Pr means the smaller thermal
diffusivity and eventually decrease in temperature
distribution which is displayed in Fig. 7. Identical
effect is seen in Fig. 8 for concentration distribution.
Figs. 9 and 10 are illustrated graphically for
temperature and concentration distributions versus
thermophoresis parameter Nt . It is perceived that
both distributions are increasing functions of Nt.
Boosted temperature and concentration profiles are
seen against gradually improving values of Brownian
motion parameter Nb. As more collision of particles
is expected due improved values of Nb . Rhis impact
is shown in figures 11 and 12 Figs. 13 and 14 are
plotted to comprehend the impacts of Biot numbers
 1 ,  2  0 on temperature and concentration
fields. It is perceived that both distributions are
growing functions of γ1, γ2 An opposite trend is
experimented in figures 15 and 16 for negative Biot
numbers γ1, γ2<0 versus temperature and concentration
distributions. In figure 17, we comprehend that for
increasing Lewis number Le values, concentration
field declines.
The variation Pr, Nb, Nt, γ1, γ2 and λ on Nusselt and
sherwood numbers have been shown in Table 2. It is
observed that for fixed values of ε, δ and Le , Nusselt
number depict an increasing behavior for Pr, γ1= γ2
and λ whereas a decreasing attitude is observed in
case of Nb and Nt Similarly, for fixed values of
 ,  and Le the sherwood number is decreasing
function of Pr and Nt while it is an increasing
function in case of Nb γ1= γ2
and λ. Table 3
depicts the numerical values of skin friction for
different parameters. It is noticed that for increasing
values of  and  . skin friction parameter show
an increasing behavior. However, for increasing
values of  , a decreasing tendency is observed in
skin friction parameter keeping Pr, Nb, Nt γ1= γ2
and Le fixed. Table 4 depicts the comparison of
present series solutions with the series solutions
obtained by Hayat et al. [17] and numerical results
obtained by Aziz [18]. An excellent agreement is
found between the three solutions.
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Table 2. Numerical values of Nusselt number and
Sherwood number for different parameters.
  0. 8,   0. 7, Le  0. 9.
Pr N b N t
1

1  2



0.1

0.4

0.2 0.1

1/2

Sh x Re x

1/2

Nu x Re x

0.07440

0.07874

1.1

0.07430

0.07948

1.2

0.07417

0.08012

0.07586

0.07864

0.3
0.4

0.07660

0.07852

0.2

0.07062

0.07871

0.3

0.06670

0.07850

0.2

0.11840

0.12910

0.3

0.14740

0.16340

0.6

0.07540

0.08010

0.7

0.07596

0.08073

Table 3. Numerical values of skin friction for
different parameters.
1/2

The value of  f Re x when Pr  1, N b  0.2, N t  0.1, 1  2  0.1, Le  0.9.
   0.4,   0.7    0.8,   0.7 

  0.4,   0.8

0.3

0.0884

0.4

0.1040

0.01

0.1044

0.8

0.1040

0.6

0.1099

0.1

0.1042

0.9

0.1072

0.7

0.2247

0.7

0.1040

Table 4. Comparison of values for   (0) with
those of Hayat [17] and Aziz [18] for different
values  1   2 in absence of nanofluid and   0.
Pr

1  2 Present Hayat et al. 17 Aziz 18

0.1

0.05

0.0594 0.0594

0.0373

0.10

0.0594 0.0594

0.0594

0.20

0.848

0.848

0.40

0.1076 0.1076

0.1076

0.60

0.1182 0.1182

0.1182

0.80

0.1243 0.1243

0.1243

1.00

0.1283 0.1283

0.1283

0.72 0.05

0.0428 0.0428

0.0428

0.10

0.0747 0.0747

0.0747

0.20

0.1193 0.1193

0.1193

0.40

0.1700 0.1700

0.1700

0.60

0.1981 0.1981

0.1981

0.80

0.2159 0.2159

0.2159

1.00

0.2282 0.2282

0.2282

0.848
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Fig. 3 Effect of ϵ on f' when λ=1

Fig. 4 Effect of ϵ on f' when λ=0.4

Fig. 5 Effect of δ on f' when λ=1

Fig. 6 Effect of δ on f' when λ=0.1

Fig. 7 Effect of Pr on θ

Fig. 8 Effect of Pr on ϕ
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Fig. 9 Effect of Nt on θ

Fig. 10 Effect of Nt on ϕ

Fig. 11 Effect of Nb on θ

Fig. 12 Effect of Nb on ϕ

Fig. 13 Effect of 0<γ1=γ2<1 on θ

Fig. 14 Effect of 0<γ1=γ2<1 on ϕ
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Fig. 15 Effect of γ1=γ2>1 on θ

Fig. 16 Effect of γ1=γ2>1 on ϕ

Fig. 17 Effect of γ1=γ2<0 on θ

Fig. 18 Effect of γ1=γ2<0 on ϕ

Fig. 19 Effect of Le on ϕ

Fig. 20 Effect of λ on f'
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VI.
FINAL REMARKS
Effects of convective boundary condition on time
independent boundary layer flow of an Eyring Powell
nanofluid over a continuously moving surface in the
presence of free stream velocity have been discussed.
Series solution for the said problem is obtained using
HAM. The salient features of this problem are:
 1   2 show increasing
 Biot numbers






1.

2.

3.

4.

5.

6.

behaviors on temperature and concentration
profiles.
Temperature and concentration profiles are
decreasing functions of Pr.
Thermophoretic parameter
Nt show an
increasing behavior on both temperature and
concentration profiles.
Temperature and concentration profiles are
increasing and decreasing functions of Brownian
motion parameter Nb respectively.
Lewis number Le is a decreasing function of
concentration profile.
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